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This book is the outgrowth of several years of experience as the 
director of a science survey course required of all students except those 
majoring in a scientific field. Consequently the book is concerned 
primarily with the instruction of those students for whom it will con- 
stitute the principal, and in many cases, the only formal college con- 
tact with existing knowledge in the fields of astronomy, chemistry, 
geology and physics. 

With a group of this sort, there can be no assumption of any 
extensive mathematical or scientific background on the part of the 
individual student. The textbook must, therefore, discuss each sub- 
ject from the beginning and deliver a continued story in which each 
division of the subject will flow logically and naturally from the pre- 
ceding one. This textbook attempts such a systematic approach in 
an effort to avoid creating in the mind of the student a feeling that 
he is being overwhelmed by an avalanche of seemingly unrelated 
scientific facts. The book also endeavors to maintain a close liaison 
between its subject matter and everyday experience and knowledge. 
The approach is that of the scientific method which points the way 
to objective observation and experiment in the solution of problems 
relating to natural phenomena; fundamental principles have been 
given precedence over new developments whenever space limitation 
prevents both from being treated in detail. 

The text is supplemented with three types of questions: discussion 

questions, multiple choice questions, and true-false exercises. The 

discussion questions are intended to be useful in promoting classroom 

discussion, while the multiple choice and true-false exercises are based 

entirely on the textbook and may be used for grade-determining 
quizzes. 


The specialist in any one of the physical sciences may object to 

the omission of various topics which he regards as essential for an 

understanding of the field. Nevertheless, such a lack of completeness 

must be an inherent characteristic of any survey book and the author 

must assume responsibility for the selection of topics. This has been 

done in the case of the present text but with no pretense of infallibility 

and the author wi 1 welcome any criticisms and suggestions from those 
who may use the book in classes. 


or the present edition, various portions of the earlier text have 
modified to take account of war-born technical developments 

>■'“‘<““<1 i" the fields of radar, reaction en- 
gines and atomic energy. 
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Chapter 1 


SCIENCE AND THE SCIENTIFIC METHOD 



Definition of Science 

Words need not be unfamiliar in order to be difficult to define. Many 
rather common ones which are constantly used in everyday conversa- 
tion seem almost to defy exact definition. The word Science is such a 
term. In its broadest sense it might be thought of as embracing all 
knowledge, a natural interpretation in view of its derivation from the 
Latin verb scire, meaning " to know.” It is a familiar fact, however, 
that common usage over a long period of time frequently causes a word 
to acquire a meaning different from that implied by its derivation. 
Such has been the fate of " science,” which in our present day thinking 
has a meaning much more specialized than its origin would indicate. 

As man s knowledge of natural phenomena increased, there came 
a time when he recognized that his growing knowledge of nature was 
the result of his application of a particular method of investigation. 
This rather well defined procedure has come to be known as the Scien- 
tific Method. Consequently the emphasis passed from the knowledge 
Itself to the method by which that knowledge was obtained. From 
this viewpoint Loeb and Adams have defined Science ^ as " that body 
of knowledge which has been obtained by controlled quantitative in- 
vestigation.” With this definition in mind, let us explore a little fur- 
ther the possibilities and implications of the scientific method. 

The Scientific Method 

We shall approach the details of the scientific method by way of 
an example which consists of a problem to be solved. By analyzing a 
senes of possible steps in the procedure of arriving at a solution to this 

Sons ‘2** New York: John Wiley & 
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problem, we may be able to develop a generalization of the method. 
After having made the generalization we shall consider one or two 

other examples. 


Analysis of Steps . , , r , • £ »• 

Let us consider a hypothetical case in the field of detective fiction. 
We shall assume that a certain story-book detective has just discovered 
the body of a prominent citizen slumped over the desk in his oflice. 
Thus, he recognizes that there is a problem to be solved. Obviously 
his first step will be to get immediately as many facts as possible. A 
hurried investigation discloses that death was caused by gun shot and 
that lying near the right hand of the deceased is a revolver from which 
one bullet has been fired. The work has begun with the collection of 


experimental facts. , t • i. 

In the light of these few facts several explanations or hypoth- 

es« uiay suggest themselves as possMitles such as, suicide, murdet 
or accident. From these our detective selects the one which at the 
moment seems simplest and most likely and uses it as a ‘"““" J. 
potbesis. Let us assume that the one so chosen is smcide. Next it 
Lcomes necesMty to test this tentative hypothesis m the light of ad- 
ditional evidence, and the detective immediate y begins to petfonn 
experiments directed toward this end. He looks for powder ma ks 
on the skin. He investigates to see whether or not the man was natu- 
rally right-handed. He has the bullet examined to see whethet it wa 
fireJ from the gun that was found beside the body, “e "lak^ m,uir« 

concerning the existence of any motive for suicide. In 
he performs test experiments, the results of which will tend either to 

suktantiate or to contradict the suicide hypothesis. In the latta ^ 
if the contradiction is well estabUshed, the 6rst or sumide hy^thesu 
will be discarded and a new one, perhaps murder, will be adopt . 
be satisfactory the new one must be in agreement with both the ot« - 
nal facts and those newly discovered. The murder hypothesis will 

then be tested by still more experiments. 

Thus the steps in the procedure may be listed as follows. 

The recognition of the problem. 

Secowd — Collection of experimental facts or data. 

rZd - Analysb of data and setting up of a tentative hypothesis 
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fourth — Performance of test experiments. 

fifth — Substantiation, modification, or abandonment of the hy- 
pothesis in the light of the results of the test experiments. 

If the hypothesis is discarded as the result of the test experiments, 
a new one will be set up and steps three, four, and five will be repeated 
until an explanation is found which accounts satisfactorily for all the 
known experimental facts. Note that step four always provides ad- 
ditional experimental data. As the amount of substantiating data be- 
comes larger and larger, the hypothesis advances to the rank of a theory 
and eventually may be accepted as true. 

In the case of our detective story illustration, some theory will 
probably be proven in the last chapter to describe what actually oc- 
curred. In general, however, scientific theories can never absolutely 
be shown to be true, since this would require that they not only ac- 
count for all the experimental facts now known, but also for all that 
may be discovered in the future. On the other hand, one lone, well- 
established fact that contradicts the theory may be sufficient to cause 
Its overthrow. Theories concerning problems that do not permit of 
direct investigation, such as the nature of light and matter, or the 
origin of the solar system, or of life, are of this sort. 

An excellent and somewhat more dignified example of the appli- 
cation of the scientific method exists in connection with the work of 

Sir Isaac Newton on the nature of light. We will discuss it in terms 
of the steps listed above. 

first — T^e fundamental nature of light constituted one of a num- 
ber of problems about which man had wondered and speculated for 
many centuries. Newton, who performed exceedingly important in- 
vestigations in many fields, became interested in this problem. 

experimental 

work that had been done on light during earlier times and had added 
considerably to the knowledge in this field by his own experiments. 

^o\or, the laws according to 
which light IS reflected, and the manner in which it is refracted or bent 
when going from one medium to another. 

xlopKd the hypothesis 
light consists of small particles or bits of matter which move 

ibont like tiny, high-speed bullets. Thinking of light in these terms 
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he was able to explain satisfactorily all the experimental facts that he 

fourth — However, in explaining these data he suggested a test ex- 
periment. He had shown that if this picture of light was correct it 
Lst also be true that light would travel more rapidly through glass 
or water than through air. Thus, measurement of the speed of light 
in air and in water would either substantiate or contradict his hypothe- 
sis Because of limitations of apparatus and experimental technique, 
such a measurement was not possible until a number of yea^ after 
Newton’s death. However, when the experiment was finally per- 
formed, it was found that light travels more slowly in water and glass 

happened that several other experimental discoveries had 
led to the advancement of the wave theory of light some years before 
these velocity measurements were made. Consequently, the la 
were not the sole cause of the overthrow of the first hypothesis an 
the adoption of the second. Nevertheless, they did consmut^ an im- 
portant addition to the growing body of evidence which favored the 

More recent dl^overles resulted In stdl futtjer ™dto»n j 
our ideas about light. This, however, will be discussed m 

'‘"T ihould be noted that in genetal one adopts first the ntost obvi- 
ous hypotbesUi that is, the one that at the moment seems to offer the 

not prle to be satUfactory in the light of later evtdence, Th 
scientific method is one which we use to some degr« m atnvmg at 
many of out everyday conclusions. As an example, tf m summer 
you notice a porch that has a large number of newspapers lymg on m 
you probably conclude that the family has gone away 
Ld Llected to stop the subscription to the paper. In other wori, 
you have set up a tentative hypothesis. If you were 

LcLsion or you might discover a totaUy different explanatmn of 

"ta conclusion about any by pothesis, the t™ scien* 
is swayed only by experimental evidence. He is not, for instan , g 
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erned principally by what he or anyone else wants the result to be, by 
the reputation of the man who advanced the hypothesis, by what the 
majority of people think about it, or by any similar emotional reaction 
to the problem. He will constantly check his conclusions and hy- 
potheses by experiment and be guided solely by the results thus 
obtained. 

Now that we have discussed the scientific method in some detail, 
let us look once more at the definition previously quoted. The phrase 
“ controlled quantitative investigation ” seems to imply the various 
steps just analyzed. " Investigation ” indicates that experimental 
work is the basis of scientific knowledge. To be of greatest value the 
experiment must be " controlled,” that is, the experimenter must be 
able to vary conditions so as to know what circumstance is responsible 
for any given result. To cite an instance, suppose nothing happens 
when you turn on the switch of a flashlight. It is probable that it 
needs either new batteries or a new bulb. If you replace one of these 
and then try the light before doing anything about the other, you have 
performed a controlled experiment because you thus determine just 
which one was at fault. An uncontrolled experiment would be to 
replace immediately both bulb and batteries. This would probably 
fix the flashlight but would not tell you where the trouble lay. 
" Quantitative ” indicates that numerical results are to be obtained, 
since a science is exact only to the extent that its results can be ex- 
pressed in numerical terms. Now let us look very briefly at some of 
the historical highlights in the growth of the scientific method. 

Historical Development 

A very rapid growth of scientific knowledge through the appli- 
cation of the foregoing method has taken place during two periods of 
human history. The first of these occurred principally in Greek civi- 
lization and extended approximately from 600 b.c. to 150 a.d. The 
second includes the time since 1 500 a.d. 

Before 600 b.c. During the thousands of years of man’s existence 
before 600 b.c., he acquired a certain amount of what might be called 
scientific knowledge. It was gained, however, almost entirely by trial 
and error methods in response to certain very practical needs. For 
example, as much as 8,000 or 10,000 years ago a " new stone ” or 
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Neolithic culture probably was in existence in the valleys of the Nile 
and Euphrates rivers. Men of this age had no metals, but they were 
able to chip stones into fairly efficient tools and weapons. They were 
rather highly skilled in agriculture, made use of domesticated animals, 
and had developed some proficiency as builders and architects. 

Later came the Bronze and Iron Ages, beginning somewhere 
about 5000 B.c. and 1500 b.c., respectively, in these same localities. 
With the metals which came into use during these periods, man was able 
to devise greatly improved tools for the advancement of his own civili- 
zation and much more efficient weapons to interfere with the develop- 
ment of that of his fellow men. 

The Babylonians developed great skill in the study of the heavens, 
their accurate records serving as the basis for the later growth of Greek 
astronomy. More will be said in a later chapter about the remarkable 
records and observations of the people of Babylon and the establish- 
ment of natural units of time based on the motions of the heavenly 

bodies. 

At no time during these centuries, however, did man get any 
conception of a basic orderliness in nature. He seems never to have 
suspected that natural events might have natural causes, causes which 
he might be able to discover, and having discovered, use in determin- 
ing natural laws or principles. With regard to any natural phenome- 
non such as an eclipse of the sun or moon, or a thunderstorm or an 
earthquake, man’s first hypothesis was always that one or more Su- 
preme Beings controlled these events which terrified him and over 
which he himself had no power. Such an assumption, of course, in 
itself need not be contradictory to science. But it is interesting to note 
that man always coupled with this assumption the additional one that 
God did not proceed in an orderly fashion but sent these phenomena 
quite by whim as it might suit His passing moods of anger or kindliness. 
Such an assumption could never lead to the discovery of natural laws, 
since one began by assuming that such laws did not exist. Today we 
recognize that the existence of an orderly plan of operation need in no 
way detract from the godliness of a Supreme Being. In fact most 
people probably would feel that a Deity who proceeds in an orderly, 
lawful, cause and effect fashion is more to be respected and admired 
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than one subject to all the fits of anger and passion with which man 
himself is afflicted. 

From 600 b.c. to 150 a.d. — An intellectual soil, fertile for the 
growth and development of a scientific attitude toward natural phe- 
nomena seems not to have existed until the Greek civilization of about 
600 B.c. At that time there occurred a rather ideal balance of the 
various factors that would be involved in producing such a soil. For 
one thing, the Greek nation was wealthy and powerful, the possessor 
of a large slave population which performed the menial labor and left 
the Greeks with leisure time for study and learning. It may be noted 
that very seldom in history has a slave-holding nation put the leisure 
time thus gained to so good a use. As a matter of fact one of the great- 
est shortcomings of Greek science also can in part be traced to this same 
slave-holding factor. Since the slaves did all the manual labor, such 
work was considered beneath the dignity of an intellectual Greek. 
Consequently, theories were seldom checked by experiment, and many 
erroneous conclusions came to be accepted as true. 

In addition to having time for the pursuit of learning, the Greeks 
had a good knowledge of the preceding cultures of the Egyptians and 
Babylonians. Likewise they were not handicapped, as some of their 
predecessors had been, by an organized and powerful priesthood which 
could set up barriers to free intellectual investigation. No paths of 
study or thought were closed to them by religious dogma or authority. 

Among the men who made important contributions to Greek 
science during this period were the following, several of whom will 
be discussed in greater detail in later chapters: 

Thales of Miletus (about 600 b.c.), was an engineer by profession 
but is usually thought of as the world’s first mathematician. His work 
in this field was important because he started the science rather than 
because any great mathematical discoveries are credited to him, al- 
though certain propositions in geometry are probably his work. 

Pythagoras (about 500 b.c.), who, following the beginnings made 
by Thales, laid the real foundations of the science of mathematics. 
His best known work was in the field of geometry where he and the 
school known by his name developed and arranged many of the propo- 
sitions later compiled by Euclid. They also were the first to develoc 
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to a high degree the idea of abstract numbers. The Pythagoreans be- 
lieved matter to be composed of four elements, earth, air, fire, and 
^ater — a hypothesis further developed at a later time by Aristotle. 

Hippocrates (about 460-370 b.c.) , whose oath is still taken by most 
graduates of medical schools, is remembered as the father of medicine. 
He was particularly distinguished by his insistence on the careful col- 
lection of facts and his distrust of unverifiable theories and conclu- 
sions. Consequently, his medical methods were far in advance of any, 
either before his age or after it, until comparatively recent times. 

Aristotle (384-322 B.c.) , concerning whom it has been said that he 
probably influenced man’s general culture more than any other indi- 
vidual in the history of the world. Various things contributed to his 
occupancy of this important position. He was fairly wealthy and had 
been a pupil of Plato. Therefore, he had leisure time for study as well 
as a good understanding of the advances made by preceding cultures. 
Also he had been a tutor to Alexander the Great, which gave him posi- 
tion and authority in the eyes of the world and made large resources 
of money and men available to him. At one time, for example, he had 
approximately a thousand men working in various parts of Asia and 

Greece collecting data for his natural history. 

The career of Aristotle is particularly interesting because, taken 

as a whole, it was both a boon and a tragedy to science. To his scien- 
tific credit it may be said first, that in collecting and classifying knowl- 
edge, he was supreme in the ancient world. Although primarily a 
zoologist, his interests and writings dealt with every field of science 
and almost every kind of human endeavor. He gave the first good 
statement of the scientific method when he wrote, " Let us first under- 
stand the facts and then we may seek the cause,” and then proceeded 
to pay little or no attention to it in much of his scientific work. This 
was particularly true in the field of physics where he seems to have 
done almost no checking of his speculative results agamst observable 
facts, but allowed preconceived theories and wishful thinking to have 
full sway. Such practices could not help hindering seriously the de- 
velopment of science in a world that for almost two thousand years 
held Aristotle’s teachings to be the supreme authority on any and all 

questions. 

Archimedes (287-212 b.c.), was the world’s first great expert- 
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mental scientist in the modern sense of the term. He devoted most 
of his study to mechanics and mathematics, working out solutions to 
important problems connected with pulleys, levers, inclined planes, 
and floating bodies. Probably everyone is familiar with two stories 
that tradition tells about him. One of these credits him with destroy- 
ing part of the Roman fleet by setting fire to the ships with sunlight 
focussed on them by huge curved mirrors. It almost certainly is not 
true. The other incident concerns his discovery, while in his bath, of 
the law of floating bodies — known as Archimedes' principle — and 
relates that in his excitement he leaped from the water and dashed 
through the streets of the city shouting Eureka.” Again the actual 
evidence for the truth of the story is not very convincing. 

Vtolemy (about 150 a.d.) , was the last important astronomer of the 
ancient world. He wrote a treatise which was a compilation of all the 
astronomy developed up to that time. With regard to the universe, 
he held a theory that thought of the earth as being at the center while 
the sun, moon, stars, and planets moved around it in various sorts of 
paths. This geocentric or ** Ptolemaic ” theory of the universe, which 
was unquestioned for fourteen centuries, will be discussed more fully 
in a later chapter. 

From 150 AJ). to 1500 a.d. — Scientific progress in western Eu- 
rope came to almost a complete standstill from about 150 a.d. to 
1500 A.D. There were several contributing factors to this state of 
affairs. One was the worshipful veneration in which Aristotle was 
held by the world in general, a situation which strongly discouraged 
the pursuit of independent investigation. Those in authority could 
see no reason for experimental investigation to discover the answer to 
a question which could be answered much more easily by looking to 
see what Aristotle said about it. Closely allied with this situation was 
the fact that during this period the youthful Christian church attained 
enormous power and influence in the European world. Although it 
made important contributions to the society of that day from a moral 
and ethical standpoint, its extremely dogmatic attitude toward all 
natural phenomena seriously hindered the growth of scientific knowl- 
edge. Reasoning from observation and experiment, which had so in- 
creased man s knowledge of the world about him during the preceding 
Greek age, was largely replaced by reasoning from authority. The 
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dogmatism of the theological leaders of the day caused all sorts of bar- 
riers to be set up against free investigation. Such a situation, of course, 
could only result in stagnation as far as scientific endeavor and advance 
was concerned. A somewhat less important factor, although a very 
practical one, was the widely accepted belief that the world would 
come to an end about 1000 a.d., that is, at the close of the fint mil- 
lenium. One can readily understand that an individual who held this 
view might consider the scientific investigation of natural phenomena 
which were soon to come to an abrupt and final end a very foolish 
and useless sort of occupation. 

The spirit of science was kept alive during this period by the 
Arabs who rose to considerable power in the seventh century under 
the leadership of Mohammed. They studied Greek science extensively 
and made contributions themselves to the fields of medicine, optics, 

chemistry, and mathematics. 

From 1500 ad. to Present. — The wane of the dominance of au- 
thority dates from about 1500 a.d. The centuries since that time 
comprise the second of the two periods of rapid scientific progress. 
One of the first men to revive the spirit of objective, unprejudiced 
investigation was Z-eowart/o drf V/«d (1452-1519). Although known 
most commonly as a painter and sculptor, he was also an engineer, 
architect, physicist, biologist, geologist, and philosopher, and was out- 
standing in each field. It has been said that probably no other man 
in the history of the world has shown so remarkable a combination 
of competence and versatility. A model of one of his inventions is 
shown in Fig. 1. In da Vinci we find a man strikingly free, for that 
age, from preconceptions and the influence of theological dogma and 

authority. 

About this time, also, there began a great renaissance in astron- 
omy. First came Copemicm (1473-1545) who gave the world a 
heliocentric or sun-centered picture of the universe. He was followed 
by Tycho Brahe (1546-1601) whose accurate observations and care- 
ful recording of data rank with the best. Overlapping to some extent 
the work of Brahe was that of John Kepler (1571-1630). Kepler is 
noted chiefiy for his statement of three laws of planetary motion. 
After them came Galileo Galilei (1564-1642) , one of the two or three 
outstanding scientific figures of all time. Perhaps his most important 
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work was his recognition of the fact that scientific advancement de- 
pends on discovering the answer to the question " How? ” concerning 
natural phenomena, rather than on speculations and philosophizing 
about the '' Why? ” of it. Immediately following Galileo, there came 
that other master. Sir Isaac Newton (1642-1727), a man whose con- 



Fig. 1. Model of a multiple cannon designed by Leonardo da Vinci. Its three 
banks of barrels were located so that while one was firing, the second was 
cooling and the third was being loaded. (Courtesy Scientific American.) 


tributions to any one of a number of fields of science were sufficient to 
place him among the world’s immortals. Since the time of Galileo 
and Newton, there have been numerous great scientists, many of 
whom are fairly well known to everyone. Some of these, as well as the 
ones already mentioned, will be discussed at greater length in later 
chapters in connection with the fields in which they made their con- 
tributions. 

The Purposes of Science 

Before leaving the general discussion of the scientific method we 
may ask what we have a right to expect of science in its relation to 
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our natural world, 
said to have. 


We shall list two general purposes that it may be 


A Description of the F acts of Experience 

We have already suggested that Galileo took an important step 
forward when he changed the emphasis in science from attempts to 
discover why natural phenomena occur to a careful, objective search 
to find out how they take place. In other words, the fundamental 
aim of science is to describe the facts of nature and natural events and 
not, as is so commonly thought, to " explain things. Confusion on 
this point has probably been the cause of much of the so-called conflict 
between science and religion, a conflict more correctly described as 
having been between science and theology. The basis of science is the 
belief that natural events have natural causes. Consequently, when 
science looks for the cause of any given natural phenomenon, it is 
simply looking for a set of circumstances which gave rise to the event, 
circumstances which themselves grew out of a still earlier set of con- 
ditions. It makes this search by observing facts, by organizing these 
facts, and following the general procedure already outlined as the sci- 
entific method. It does not attempt to say why the chain of events 
originated. For example, it is within the province of science to build 
a picture of the universe with its myriad celestial bodies, a picture or 
theory which to be satisfactory must agree with all of the observed 
facts about the motions, positions, and other attributes of these bodies. 
It is not a part of the business of science to say why the sequence of 
occurrences was begun which led to the present astronomical organiza- 
tion. Such a problem involves factors which do not lend themselves 
to the collection of experimental data. Consequently, science should 
neither support nor attack any person’s belief about such a question 
unless, of course, that belief leads him to inferences and conclusions 
which are in definite disagreement with phenomena that are observ- 
able. 

The Formulation of Theories and Laws 

A secondary purpose of science is the formulation, on the basis 
of experimental facts, of principles and theories which are generalka- 
tions and which will lead to new studies and increased knowledge. 



Chap. 1] SCIENCE AND THE SCIENTIFIC METHOD 13 

There would seem to be no need to fear that we will soon have solved 
all the problems and made known the entire unknown. In fact, the 
reverse is much more probable since every new discovery seems to 
widen the horizon and increase the extent of our contact with unex- 
plored areas. Scientists have not always recognized this and there 
have been occasions in history when they h?ve announced that almost 
everything had been discovered and that the future seemed to offer 
little hope of further advance. For instance, in 1886 the United 
States Commissioner of Labor stated in his annual report that there 
were enough railroads, canals, international communications, and 
merchant shipping, and that all the world needed to do now was to 
settle down and enjoy itself because the next fifty years would see 
no such advance as the previous half century had shown. It has been 
pointed out that an assemblage of young people who might have read 
this report or heard their parents discussing it in 1886 could have 
included among its members Thomas Edison, thirty-nine years old; 
Henry Ford, twenty-three; Charles Steinmetz, twenty-one; Madame 
Curie, nineteen; Robert Millikan, eighteen; Orville Wright, fifteen; 
Guglielmo Marconi, twelve; and Albert Einstein, seven. The Comp- 
ton brothers had not been born. 

Today, of course, it is difficult to imagine anyone saying, " It can’t 
be done,” about almost any technical or scientific proposal. After 
all, we have witnessed within the past several years such astounding 
developments as the location by radar at night and in fog of sea and 
land targets, radar-guided bombing and radar-controlled gunfire, 
antiaircraft and artillery shells carrying five-tube radio sets in their 
noses, jet-propulsion engines driving airplanes at speeds approaching 
that of sound, and destruction of an entire city by a single atomic 
bomb. There can be little doubt but that man’s technical intelligence 
rating is very high; whether he is also smart enough to benefit per- 
manently from these advances or so stupid that he will let them 
destroy his civilization will probably be decided shortly. 

Questions 

Discussion 

1. Trace the development of the meaning of the word ” science,” begin- 
ning with its Latin derivation. 
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2. Name and discuss the steps in the Scientific Method. 

3. Mention one or two kinds of approaches, other than the scientific to 
the solution of problems and give an example of each. 

4. Suggest the steps in a scientific approach to the problem of deciding: 

a. Which of two candidates to vote for. 

b. What make or brand of radio, automobile, tooth paste, razor blades, 
refrigerator, breakfast food, or other product to buy. 

c. What college to attend. 

d. What grocery store, drug store, filling station, or other dealer to 
patronize. 

e. Who was to blame in an automobile accident. 

/, Who should have the family car on any given night. 

g. Whether the referee was partial to the opposing team. 

k Whether the administration of any given mayor, governor, or 
president was a success. 

5. Note some of the reasons offered by people for making particular 
decisions on problems like the above and discuss them from the standpoint of 
the scientific attitude. 

6. Choose one or two current advertising slogans and discuss them from 
the standpoint of the scientific attitude. 

7. What is a " controlled ” experiment? 

8. Describe how you might proceed in a controUed experimental manner 
to find out why the automobile engine didn’t start on some particular occasion 
when you stepped on the starter. 

9. Discuss the possibility and the desirability of applying the scientific 
method in several fields other than those usually classed as the sciences. 

10. Criticize the statement, " The purpose of science is to explain things,” 

1 1. Look up some of the contributions to human culture, other than those 
given in this chapter, made by Aristotle, Archimedes, and Leonardo da Vinci. 

12. How can a scientific hypothesis have been of any value if it is eventu- 
ally abandoned? 

13. Mention one or two reasons for the lack of scientific progress during 
the Middle Ages. 

14. Discuss the differences between the attitudes of a scientist and a prop- 
agandist toward facts that come to light in the course of an experimental 

investigation. 

Multiple Choice 

1. A scientific theory may be said to be entirely satisfactory if, (a) it 
accounts for over half the observed experimental facts, (b) it seems to be 
based on common sense, (c) almost everybody agrees with it, (d) more than 
half of the leading scientists in the field accept it, (e) it accounts for every 
bit of the experimental evidence known at the time. 
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2. Which one of the following would be most important in deciding 
whether to apply the term " scientific ” to any bit of alleged knowledge? 
(a) The reputation of the person advancing it. (b) The method by which 
it was obtained, (c) The loudness and confidence with which it was stated, 
(d) The number of people that seemed to believe it. (e) Whether or not you 
wished it to be true. 

3. List all of the following who performed their work during the first 
of the two periods of rapid scientific progress, (a) Kepler, (b) Aristotle, 
(c) Thales, (d) Hippocrates, (e) Galileo. 

4. In the course of his work on the nature of light, Newton (a) con- 
cluded that light must consist of waves, (b) proved that light travels more 
rapidly through air than through water, (c) suggested a test experiment the 
results of which eventually established the truth of his theory of light, (d) 
was able to account for the way in which light is reflected by assuming it 
to consist of small particles, (e) completely discredited the particle theory 
of the nature of light. 

5. List all of the following that occurred previous to 100 a.d. (a) A 
heliocentric theory of the universe had been suggested, (b) Four of Jupiter’s 
eleven moons had been observed, (c) It had been proved by direct observa- 
tion that the Milky Way consists of individual stars, (d) The phases of 
Venus had been observed, (e) A picture of the universe which put the earth 
at the center had been advanced. 

True-False 

1. Science may be said to teach man how he can safely violate the laws 
of nature. 

2. In general, a scientific theory is supported by a larger body of experi- 
mental evidence than is a scientific hypothesis. 

3. A belief that hesitancy to express a confident opinion on any and all 
subjects indicates weakness is characteristic of the scientific attitude. 

4. The scientific attitude would be in agreement with the principle that 
** what you don’t know won’t hurt you.” 

5. Greek scientists of the period 600 b.c. to 100 a.d. were particularly 
noted for their insistence on checking all theories by experiment. 

6. Under no circumstances whatever could the scientific attitude be a 
skeptical one. 

7. The definition of science, as quoted in this chapter, would seem to 
suggest that experimental results obtained in specific numerical form are more 
to be desired than general qualitative results. 

8. Ptolemy and Galileo were contemporaries, 

9. Thales, Hippocrates, and Pythagoras all preceded Aristotle. 

10, The particle theory of the nature of light may be said to have been 
quite satisfactory to Newton. 
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Chapter 2 

THE SOLAR SYSTEM 


Historical Background of Man’s Astronomical Knowledge 

The fascinating and often terrifying manifestations which he ob- 
served in the heavens probably were among the earliest objects of 
primitive man’s curiosity. Thus, it is not surprising that his first steps 
along the road of scientific progress were taken in the field of astron- 
omy. The laboratory was provided by nature, and the phenomena 

were constantly at hand. 

From Earliest Times to 150 a.d. 

We have already seen that it took many centuries for even a sus- 
picion of the basic orderliness of nature to creep into the consciousness 
of these early peoples. Consequently, their principal scientific work 
for a long time consisted in keeping records of the occurrence of natu- 
ral phenomena, with no thought of working from the observations 

toward general principles. 

Somewhat later such a search to develop basic laws did get started. 
Often it was linked with attempts to measure time, since a fairly 
accurate basis for the prediction of seasons was of considerable impor- 
tance to these agricultural peoples. For example, as early as 2000 B.c., 
the Babylonians had established a year of 360 days, and, from their 
observations, had learned to predict eclipses of the sun, and to chart 
with respect to the stars the travels of the sun, moon, and the five 

known planets. 

When we come to the Greek civilization of later centuries, we 
find advances in astronomy that were remarkable in view of their lack 
of even the simplest kind of telescope. Around 300 b.c., Aristarchus 
advanced the idea that the sun might be at the center of the universe. 
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As we shall see, this suggestion was destined to start a bitter contro- 
versy when it came to light again some 1,800 years after Aristarchus’ 
death. A little before 200 B.c., an astronomer named Eratosthenes 
measured the circumference of the earth by an astronomical method 
which gave a value within 3 per cent of the correct amount, although 
by 1492 A.D., people no longer believed the earth was of a shape to have 
a circumference. 



Fig. 2. Diagram illustrating Ptolemy’s geocentric universe. 

The two most outstanding ancient astronomers were Hipparchus 
and Ptolemy. The former, who worked from about 160 b.c. to 
127 B.C., placed the new science of astronomy on a firm geometrical 
basis. He chose a theory of the universe which pictured the earth as 
being at the center, a hypothesis that was later enlarged by Ptolemy. 
Hipparchus’ most astounding astronomical feat was his listing cor- 
rectly in order of their brightness some 1,080 of the brightest stars in 
the sky. The reader will get some idea of the extent of this accom- 
plishment if on the next clear night he will look at the sky and try to 
decide just how he would go about identifying for future reference. 
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and then arranging in order of decreasing brightness, the thousand 
brightest stars he can see, making all observations without the aid of 
a telescope. 

The second of these two men, Claudius Ptolemy, is known to have 
worked in Alexandria from about 127 a.d. to 150 a.d. There is some 
evidence to indicate that he was born in Greece. Basing his ideas for 
the most part on the observations of Hipparchus, he advanced, around 
150 A.D., the picture of the universe that came to be known as the 
Ptolemaic hypothesis. This model, shown in Fig. 2, pictured the earth 
as being spherical and located at the center of what was then called 
the universe but what we would call the solar system. The sun and 
moon were thought of as traveling about the earth in orbits in order 
to account for the apparent rising and setting of these bodies. Ptolemy 
pictured the planets as moving about the earth in the sort of compli- 
cated orbits indicated in the diagram. This was necessary in order to 
explain their observed behaviors. To explain the fact that the stars 
themselves seemed to rise and set periodically while maintaining a fixed 
relationship to each other, he suggested that they were embedded like 
gems in the inner surface of a huge sphere which made one complete 

rotation each day. 

From 150 ad. to 1500 ad. 

From the time of Ptolemy until about 1500 a.d., astronomy was 
at a standstill, as was science in general. Since, during this period, rule 
was almost entirely by authority, very little experimentation was car- 
ried on. Although the Ptolemaic model satisfied every experimental 
fact known to man at that time, its universal popularity was due 
chiefly to the fact that it placed man’s earthly home at the center of 
everything, and made his planet the one about which all the others 
moved in respectful and majestic procession. Such a picture added 
immensely to man’s already fairly well -developed sense of his own im- 
portance and made the hypothesis doubly hard to overthrow 1,400 
years later when experimental evidence that contradicted it was dis- 
covered. 

Since 1500 ad. 

In 1543, Nicolai Copernicus (1473-1543), a mathematics pro- 
fessor at Rome, published a book which carried the innocent sound- 
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ing title, "On the Revolutions of the Heavenly Bodies.” In the 
light of his own observations and his studies of preceding work, he 
suggested that the observed phenomena involving sun, moon, plan- 
ets, and stars could be explained much more simply if the sun was 
thought of as being located at the center of the universe. With such 
an arrangement the planets observed behavior could be accounted 
for if they traveled in circles instead of the complicated epicycles 
that Ptolemy had assumed for them. The earth was to be consid- 
ered simply one of the planets. He showed that a simple rotation 
of the earth would then explain satisfactorily the apparent rising 
and setting of all the other heavenly bodies. The suggestion was im- 
mediately denounced by the authorities as being anti-religious since 
it demoted man from his position of importance at the hub of th< 
universe. However, as far as actual experimental evidence was con- 
cerned, either picture accounted for everything that was known at 
that time. The sole advantage that the Copernican or heliocentric 
picture enjoyed for the time being was that it required fewer and less 
complicated basic assumptions. Copernicus had suggested that, if his 
theory was correct, the planet Venus should exhibit phases as does 

our moon, but the performance of this test experiment had to await 
the invention of the telescope. 

Then, in 1 564, the man was born who came to be known as the 
father of modern science. This man was Galileo (1564-1642) and, 
as has been suggested, his work was of fundamental importance in 
many scientific fields. At this point we are primarily interested in his 
astronomical discoveries because they provided the experimental justi- 
fication for the heliocentric hypothesis. 

The telescope was invented about 1609 by a Dutch spectacle- 

maker a's soon as he heard of it, Galileo recognized its astronom^l 

possibilities and proceeded to build one. The occasion on which he 

first turned it toward the sky was a significant one for science because 

It mitiated a senes of discoveries which revolutionized man’s ideas 
about his universe. 

In the fint place, Galileo noted that Venus did pass through the 
phases ptedtcted hy Copernicus, the first actual experimental evLnce 
avormg the hehocentric pictute over the geocentric one. He saw 
four of Che eleven moons which we now know Jupiter possesses - a 
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phenomenon which did not prove the correctness of Copernicus’ idea, 
but did offer an example of the sort of motion involved in his theory. 
Galileo observed that the Milky Way was composed of a vast number 
of individual stars. He was the first man to see the sunspots which 
have been so publicized in recent years in connection with their pos- 
sible effects on earthly weather and radio reception. By continued 
observation of these sunspots he detected the rotation of the sun and 
discovered that its period of rotation is less at the equator than at the 
poles, a circumstance which is part of the evidence for the gaseous 

nature of the sun. 

Since these discoveries seemed to argue for a design of the uni- 
verse of the sort advanced by Copernicus, bitter controversy with 
established authority immediately arose. Galileo’s fellow professors 
at the University of Pisa flatly refused to look through his telescope 
lest they see something they already knew could not exist. An out- 
standing theologian of the day preached a sermon on the paraphrased 
Biblical text, " Ye men of Galileo; why stand ye here idly gazing up 
into heaven? ” The entire heliocentric idea was denounced as being 
anti-religious and contrary to the teaching of the Bible. Finally, 
Galileo was brought before the Inquisition and forced publicly to 
recant upon penalty of death. By saying for publication that he had 
been wrong and that the earth really did not go around the sun, he 
saved himself from torture and death, although he was kept a virtual 
prisoner the rest of his life. Meanwhile, the earth, apparently quite 
ignorant of the battle being waged to keep it at the top of the astro- 
nomical aristocracy, calmly continued to pursue the same path around 
the sun that we believe it has been following for countless ages. It is 
worth noting that, bitter as was the controversy at the time, after 
subsequent discoveries had made it evident that Copernicus had been 
essentially right and Ptolemy wrong, theologians and astronomers 
alike found it quite possible to interpret the Bible in such a manner 
that no conflict existed. Thus today there is probably almost no one 
in the civilized world who finds it impossible to reconcile his particular 
religious beliefs with the idea that the earth travels about the sun in- 
stead of the sun about the earth. 

A contemporary of Galileo’s was Johann Kepler (1571-1630), a 
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resident of Wurtemburg. Kepler enunciated three principles, based 
on extensive experimental evidence, that describe accurately certain 
relationships which concern the motions and positions of the planets 
in the solar system. 

The first of these principles, known as Kepler’s laws of planetary 
motion, merely states that: 


I. The planets travel in paths which are ellipses, with the sun at 
one focus. 

The second law expands the description one step further, stating 


somethmg quantitative as to just 
how the planets proceed around 
their respective courses, viz. : 

II. Every planet travels in its 
orbit so that a line drawn from the 
sun to the planet sweeps out equal 
areas in equal intervals of time. 

As will be evident from the 
diagram (Fig. 3 ) , this can be true 
only if the planet travels with a 
greater velocity when it is near the 
sun than when it is far away. The 
third law relates the periods of rev- 
olution of the planets in their orbi 
the sun; 



Fig. 3 . Diagram illustrating Kep- 
ler s second law of planetary 
motion. 


to their relative distances from 


III. The squares of the periods of revolution of the planets in 

their orbits are proportional to the cubes of their distances from the 
sun. 

The year that Galileo died. Sir Isaac Neivion (1642-1727) was 
born. His accomplishments, like GalUeo’s, were of fundamental im- 
portance m many fields. The work having the greatest bearing on our 
mmediate discussion was his enunciation of the Law of Universal 
Gravitation. Kepler’s laws were experimental, that is, they were exact 
statements of the way in which certain natural phenomena actually 
were observed to occur. Newton was able to show that these experi- 
mental facts are exactly what one would expect if a certain force ex- 
ults between objects, a force that depends on the masses of the objects 
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and on how far apart they are. Therefore, he postulated the existence 
of such a force and described it in the statement of the law of universal 
gravitation, as follows; 

" Every two objects in the universe attract each other with a force which is 
directly proportional to the product of their masses and inversely proportional 
to the square of their separation.” 


This means, for example, that the force of attraction between 
two one-pound objects one foot apart is half as great as that between 
a one-pound and a two-pound object also one foot apart; or that the 
attraction between two objects one foot apart is four times as great 
as that between the same two objects if they are placed two feet apart. 

It should be noted that Newton first developed the law mathe- 
matically as a principle which would make Kepler’s experimental laws 
seem reasonable. Actual experimental verification, which will be dis- 
cussed later, came with use of the law as a basis for predicting success- 
fully various undiscovered natural phenomena. Note also that the 
law makes no attempt to state why objects attract each other, only 
how and according to what principles they do so. 

Since the day of Newton there have been many outstanding con- 
tributors to man’s knowledge in the field of astronomy. The men we 
have mentioned made their contributions in the early part of the work 


and were of immense importance in putting science on the right track. 

Having looked briefly at some of the persons involved in the early 
growth of our astronomical knowledge, let us now consider the knowl- 
edge itself, beginning with a general view of the solar system. 


A General Picture of the Solar System 

Before we meet the individual members of the solar family it 
might be well for us to take a hurried look at the group as a whole. 
Since our earth is a part of the solar system we are not in the best posi- 
tion for observation, so let us ask how we might expect it to look to 
an observer situated entirely outside this little group of planets. 
will assume our observer to be located on the nearest celestial body to 
the solar system that is visible to the naked eye, a star which we call 
Alpha Centauri. Although it is the nearest star, it still is not exactly 
next door as we measure earthly distances. As a matter of fact to go 
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from the Earth to Alpha Centauri would require a trip of some 26 
trillion miles. Thus it is evident that distances measured in miles from 
the solar system to some of the more distant stars would involve very 
large and very awkward figures, much worse, for example, than if one 
had to express the length of an automobile or airplane trip in inches. 
To avoid these large numbers, astronomers express stellar distances in 
terms of a unit called the Light Year. This is defined as the distance 
light would travel in one year and is equal to about six trillion miles.' 
On this basis Alpha Centauri and our hypothetical observer are distant 
a matter of some 4.3 light years. Now if his powers of vision were 
about like our own and if he were equipped with a telescope no better 
than our best one, he would not be greatly impressed with us because, 
of our entire solar system, the sun is all that he would be able to see. 
This he would see as a bright star, but not the brightest in his sky. The 
planets he would not see at all, which suggests immediately that Alpha 
Centauri and any or all of the other stars we can see on a clear night 
may have families of planets circling them, since such bodies would be 
quite beyond our powers of vision. However, if we equip our hy- 
pothetical Centaurian observer with a super telescope and endow him 
with vision far superior to our own, we believe he would get somewhat 
the following general impression of this small collection of heavenly 

bodies we caU the solar system. Its principal members are shown in 
the diagram in Fig. 4. 

First, as has been indicated, he would see the sun as a first magni- 
tude star. Ttavelinl in paths about this star, he would notice at least 
nine other bodies and close inspection might show him that the orbits 
of these bodies are slightly elliptical in shape. He would note that 
these nine planets seem to be divided into an inner group of four and 

rfr™ f *r'’ “P"«ion between the 

from the sun. The outer set, also in order of distance from the sun 
consists of Jupirer, Saturn, Uranus, Neptune, and Pluto. All of the ^ 

i he orbits of all would appear to be in about the same plane, with 

<. X 77 iS r; z: ^ 
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Pluto’s tilted the most. Certain other bodies would be seen to be trav- 
eling about the planets, bodies which we call moons or satelhtes. 
Jupiter, the most favored from the standpoint of moonlight, has some 
eleven such satellites, while neither Mercury nor Venus seems to have 
any. The earth, as we know, has one satellite. 



Fig. 4. Diagram of solar system showing planeta^ orbits. Note also orbit 
of Halley’s Comet. (Yerkes Observatory and University of Chicago Press.) 

Other smaller objects which are included in the solar family are 
the planetoids, a large number of tiny planets most of which travel in 
orbits between those of Mars and Jupiter; comets which pursue paths 
about the sun that are very long and narrow ellipses; and meteors in 
the atmosphere of any planet which has an atmosphere. 

Present evidence seems to indicate that careful measurement 
would prove to our outside observer that the solar system as a whole is 
moving bodily through space at the rate of some 12 miles per second. 
The above represents a sort of a group picture of the solar family. 
Now let us meet the members individually. 
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Members of the Solar Family 

In the solar family there is but one star — the sun. That is to 
say, the sun is the only member which shines continuously of its own 
light. This is due to its state of incandescence caused by its high 
temperature. The planets, planetoids, and satellites are all cold, dead 
bodies which are visible only because they reflect the light of the sun. 
In other words, if the sun were suddenly to go out, planets would not 

be visible to us any more than the furniture in a room at night is visible 
if all the lights are extinguished. 


The sun is far from being the most 

m 


The Sun 

Physical Characteristics. — 

AAVAll L/Wllig tllC lllU^L 

important ball of fire in space, either with respect to size or brightness. 
Betelgeuse has a volume some 27 million times that of the sun. There 
are stars so large that the earth could pursue its present orbit entirely 
within them and not come near the surface. On the other hand, many 
stars are much smaller than the sun. Similarly there are stars ten thou- 
sand times as bright and stars one ten-thousandth as bright. 

The sun has a diameter of some 8^4,000 miles — roughlv one 
hundred times that of the earth and ten times that of the largest planet 
Jupiter. Or in other words, if the diameter of the sun were to be set 
equal to the height of the Empire State Building, the distance through 
the earth would be some 1 1 fee,. The sun’s mass is some 700 times 
*at of all the planets put together. It, as well as all the other bodies 
m the universe, seem to be composed of the same sort of materials we 
find on the earth Of the 92 or 93 elements or building blocks of 
nature which we have discovered, some 6 1 have been found on the sun 

r,r ■ »te 

etemtntd and has a proper scientific attitude, he should be skeptical 

them about objects so far away. Such questions we will attempt to 
answCT tn Chapter ! on “ Astronomical Measurements.” 

on irs^' ">«'<>” sintdar to that of the earth 

no, die ''''' is 

same all over tts surface. On the earth, a day is 24 houts long 



26 


MAN AND THE UNIVERSE 


[Chap. 2 

regardless of whether we measure it at New York, New Orleans, Rio 
de Janeiro, or Little America. But on the sun a point on the equator 
makes one complete rotation in about 2 5 of our days, while a day at 
either pole lasts for some 34 of ours. This fact was first observed by 
Galileo and constitutes one of the evidences from which we deduce 
that the sun must be gaseous. In addition to its rotation about an 
axis which is inclined seven degrees to the plane of the earth s orbit, the 
sun and the entire solar system with it is believed to be moving through 
space toward the constellation Hercules at a rate of some 1 2 miles per 

second. 

For purposes of description and discussion, the sun has been di- 
vided into four parts or spheres. The central or main portion is called 
the photosphere. It is believed to be gaseous but of high density be- 
cause of the enormous pressures to which it is subjected. The central 
part might be thought of as somewhat analogous to the air in a highly 
inflated automobile tire. It is a gas but because of the pressure has a 
high density and exhibits certain properties of hardness usually asso- 
ciated with solids. No direct evidence is available, of course, as to 
the temperature of the interior of the photosphere, but it has been 
variously estimated to be from 20 to 40 million degrees Fahrenheit. 
Most of the light which comes to us from the sun comes from the 
surface of the photosphere where temperatures have been measured to 
be of the order of 11,000 degrees Fahrenheit or 6,000 degrees Centi- 
grade. 

Just outside the photosphere is a layer known as the reversing 
layer. It is some 1,000 miles thick and has a lower density and tem- 
perature than the inner part. This layer becomes important in con- 
nection with the sort of spectrum emitted by the sun which will be 

mentioned later. 

Surrounding the reversing layer and extending to a height of 
about 5,000 miles above it is the chromosphere or color sphere. Its 
density is very low. It contains a high percentage of hydrogen and 
helium, the latter having been discovered in the sun’s chromosphere 
more than 29 years before it was found on the earth. Great bursts of 
colored flame called prominences shoot out from the chromosphere to 
distances of many thousands of miles. A photograph of one of these 
is shown in Fig. 5. Note the comparative size of the earth. 
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Above the chromosphere is the corona, a gaseous layer whose outer 
boundary is at least several hundred thousand miles outside the surface 
of the photosphere. The corona can be studied only during a solar 
eclipse, when the dazzling central disk of the sun is hidden by the 
moon. Such investigations make it worth while for scientific expedi- 
tions to travel thousands of miles in order to be in the path of totality 
during an eclipse of the sun. A photograph of such a corona taken 

July 8, 1937, is shown in Fig. 41 on page 106. 

Sunspots. — The phenomenon of sunspots provides one of the most 
interesting problems in connection with the study of this star. Al- 
though highly publicized during recent years, they do not represent a 
modern discovery. Among the first things that Galileo saw when he 
turned his telescope toward the sun were these dark patches or spots. 
In fact, there is evidence that a few very large ones visible to the naked 


eye had been noticed long before Galileo’s time. 

We believe that sunspots are huge whirlpools or cyclonic storms 

in the atmosphere of the sun, whirlpools varying in diameter from a 
few hundred miles to perhaps 100,000 miles or more. They appear 
dark to us because they are a thousand or two degrees cooler than the 
surrounding surface of the sun — the way a lighted candle might look 
dark if viewed against a background of an extremely bright electric 
light. Fig. 6 shows the largest group of sunspots ever photographed. 
Much has been written in recent years and many speculations in- 


dulged in concerning the possible effects of sunspots on man and his 
world. From records of sunspots, kept over the past 300 years or 
more, it is known that the number visible varies cyclicaUy, the aver- 
age time from one maximum to the next being a little over eleven 
years. During the present century, maxima have occurred m 1906, 
1917, 1928, and 1939. Certain earthly phenomena of a cyclic nature 
have been shown definitely to accompany the rise and fall of sunspots. 
Among these are variations in the earth’s magnetic field, character of 
radio reception, and brilliancy of auroral displays. Somewhat less we 
established is the hypothesis that earthly weather trends accompany 
and are caused by sunspot cycles. At the same time, the studies of 
Professor Douglas, of the University of Arizona, in which he deter- 
mined the variations in favorable and unfavorable growing weather 
during past centuries by examining the characteristics of tree rmgs, 




Fig. 6 . Direct photograph of sun showing largest eroun of 

tedot Taken January 24 . 1926 . Pointed markers ind 
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show some remarkable correlations between these two. A striking ex- 
ample of agreement came when, some time after determining from his 
tree ring data that no 11 -year growing cycles occurred between 1645 
and 1715, he discovered that old astronomical records indicated a 
dearth of sunspots during the same period. 

Solar Energy. — Finally, we must mention the one problem about 
the sun which is perhaps the most puzzling of all; that which concerns 
the source of the sun’s energy. It is both interesting and important 
to us, since when we trace the ancestry of practically any kind of 
energy known on earth, we find its earliest ancestor to have been solar 

energy. 

The earth’s surface receives energy from the sun at an enormous 
rate, a rate which someone has calculated to be the equivalent of one- 
fifth the capacity of Muscle Shoals for every human being on earth. 
But only about half of the energy that strikes our atmosphere ever 
reaches the earth’s surface, the rest being reflected and absorbed by the 
air. Then one must also remember that, compared with the sun, the 
earth is no more than a speck far out in space, so that of the total 
energy radiated by the sun, our earth intercepts only a small fraction, 
or about one- two-billionth. Evidently then, the sun is emitting 
energy at an inconceivably high rate. Further, geological evidence 
tells us that this has been going on for at least two billion years and 
probably much longer, all of which adds up to something of a prob- 
lem when one tries to account for all this energy. 

All of the earlier hypotheses were quite unable to account for 
such great quantities. The simplest and first suggestion was merely 
that the sun was composed of highly combustible materials which 
were burning and emitting heat. But the best fuels imaginable, in 
quantities the size of the sun, could not possibly account for more 
than a few hundred or thousand years of such prodigal expenditure of 
energy. Another hypothesis supposed that the sun had once been 
larger and hotter than at present and suggested that as it cooled and 
contracted energy was emitted. Again the rate of emission and the 
time involved were the stumbling blocks, because they required the 

sun originally to have been of an absurdly large size. 

With modern research into the atom has come evidence to indi- 
cate that under certain conditions matter itself may be transformed 
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into energy. Theoretical calculations of Einstein indicate that a gram 
of matter, regardless of composition, would be the equivalent of 
2.15 X 10^^ calories of heat energy. On this basis, the energy pro- 
duced by the annihilation of a buffalo nickel would be sufficient to 
change some 150,000 pounds of ice into steam. Such an explanation 
appears to account adequately for the vast quantities of energy in- 
volved and also is in line with the results of modern experiments on 
atomic energy. All of these hypotheses imply, of course, that the sun 
is being used up or is running down and will in some billions or tril- 
lions of years become a cold, dead derelict in space. This, however, 
is a catastrophe that is of rather greater academic than practical inter- 
est to us as inhabitants of the earth and baskets in the warm light of 
the stellar member of our solar family. 


Discussion 


Questions 


1. Discuss briefly the contributions to astronomy made by Aristarchus, 
Hipparchus, Democritus, and Eratosthenes. 

2. How did Ptolemy and Copernicus respectively account for each of the 
foUowmg observed phenomena? (a) Day and night, (b) The apparent ris- 
mg and setting of the stars, (c) The apparent rising and setting of the moon. 

3. Frotn a scientific standpoint, how could the Ptolemaic and Copernican 
hypotheses have been almost equally satisfactory in 1600 and the former quite 

unsatisfactory in 1700? ^ 

4. How would a picture of the solar system that we might draw today 

diner from one drawn by Copernicus? ^ 

the n observation; of Galileo play in the controversy over 

the nature of the universe? * 

-bom the nemre of the «.lir 

8 State Kepler's three laws of planetary motion and give reasons for 
their being called laws rather than theories. 

tion anTK?pler?LrrpkLu^“^^ 

o2 j:: th“ » 

11. Name the planets in order of their distance from the sun. 
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12. What is meant by the statement that the orbits of ail the planets are 
in about the same plane? 

13. Distinguish between the physical characteristics of stars and planets. 

14. If the earth rotated in the same manner as does the sun how would the 
length of a day in New Orleans compare with that of one in Detroit? Ex- 
plain. 

15. Name the four parts or " spheres ” of the sim and give the outstanding 
characteristics of each. 

16 . State and discuss the evidence for and against the various theories that 
have been advanced to account for the sun’s energy. 

17. Mention several ways in which sunspots are believed to afiect the earth 

and state the evidence for each. 

Multiple Choice 

1. Which one of the following is a necessary consequence of Kepler’s laws 
of planetary motion? (a) The planets increase in size in order of their dis- 
tance from the sun. (b) Mercury’s day is the same length as its year, 
(c) The bigger a planet is, the longer is its year, (d) A planet twice as far 
from the sun as the earth would have a year twice as long as ours, (e) The 
earth is traveling in its orbit at a different speed in January than in July. 

2. The path of Pluto around the sun is (a) circular, (b) elliptical, 

(c) parabolic, (d) hyperbolic, (e) a straight line. 

3. Which one of the following does not belong with the rest? (a) Alpha 
Centauri. (b) Jupiter, (c) Halley’s comet, (d) The moon, (e) The 

largest of the planetoids. 

4. List all of the following that would be in agreement with the picture 
of the universe advanced by Copernicus, (a) Venus exhibits the phenomenon 
of phases, (b) The earth travels about the sim in a circular path, (c) The 
earth rotates on its axis, (d) The sun travels more miles in space in the 
course of a year than does the earth, (e) The sun is located at the center of 

the universe. 

3. List all of the answers in Ques. 4 which we believe today to be true. 


True-False 

1. All elements known on earth have also been found to be present on the 


sun. 


2, Previous to the astronomical work of Galileo, no actual experimental 
evidence existed which favored the Copemican universe over the Ptolemaic. 


3. The solar system contains only one star. 

4. If Alpha Cenuuri had suddenly been extinguished 5 years ago today, 

we would not become aware of it for several more months. 

5 . The earth receives about half the energy emitted by the sun. 

6 . If Copernicus’ picture of the universe and Kepler’s second law were 



Chap. 2] THE SOLAR SYSTEM 33 

ooth exactly correct, Mars would travel at the same speed in its orbit at all 
times. 

7. Long before the time of Galileo, the four largest moons of Jupiter had 
been observed although their significance had not been recogni/cd. 

8. A point on the sun’s equator rotates more rapidly than docs one near 
either pole. 

9. Certain observations of Venus made by Galileo provided evidence fa- 
voring the Copernican universe over the Ptolemaic. 

10. A light year may be defined as the time required for light to travel a 
distance of about six trillion miles. 



M.an and the Universe 
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THE SOLAR SYSTEM {Continued) 
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The Planets 

The fact that all the planets are cold, dead bodies which are visible to 
us only because they reflect sunlight has already been mentioned. The 
accompanying table (Table 1 ) lists their diameters and distances from 
the sun in miles together with certain other data about them. A scale 
model of the solar system may present a still better concept of the rela- 
tionships of the various planets to each other. 

A Scale Model of the Solar System. — In describing our model 
we shall enlarge on the one already presented which pictured the sun 
as having a diameter equal to the height of the Empire State Building, 
a matter of some 1,248 feet or 102 stories. Let us also assume the 
sun to be located at the site of this skyscraper. On such a basis then. 
Mercury might be visualized as a four-foot meteorological balloon 
floating over the airport in Newark, New Jersey. An 11 -foot sphere 
of polished aluminum located along the Hudson River a few miles 
below Tarrytown, New York could represent the glamorous Venus. 
The earth, a little larger than Venus but not nearly as beautiful, would 
also lie along the Hudson, a few miles above Tarrytown. To Peekskill, 
New York, would go the privilege of possessing the reddish six-foot 
sphere that is Mars. The present state capital building in Albany 
might be replaced by a globular 12-story structure that would repre- 
sent Jupiter. Saturn, a spherical 10 -story building in Washington, 
D. C., would have around its equator an ill-proportioned porch some 
76 feet wide and less than half an inch thick, if its rings were to be 
included in our model. Toronto, Ontario, might point with pride to 
Uranus, a 44-foot sphere, while Neptune, a few feet larger, would be 
one of the principal points of interest to tourists in Indianapolis, Indi- 
ana. Finally, distant Pluto, probably about the size of Mars or smaller, 
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might turn up in a park in St. Louis, Missouri. If we wished to include 
the star Alpha Centauri in our model and measured from New York 
in finding its location, we would discover that some 260 complete 
trips around the world would be required to represent the 4.3 light 
years that separate it from the solar system. Although the important 
data concerning the nine planets are given in Table 1, a few of thj 
striking features of each should be mentioned. 

Mercury, the smallest planet and the one nearest the sun, is also the 
fastest-moving and so is aptly named for the messenger of the gods in 
Greek mythology. The lack of observable markings on its surface 
make the determination of this planet’s day difficult. Its period of ro- 
tation is believed to be the same as its period of revolution about the sun. 
If this is true it means that Mercury always keeps the same face toward 



the sun, putting a Uttle over 
half of its surface in perpet- 
ual sunlight where tempera- 
tures may average as high as 
that of molten lead, and the 
balance in everlasting dark- 
ness at temperatures far 
colder than the solid carbon 
dioxide that we know as 
“ dry ice.” Mercury exhibits 
to us the phenomenon of 
phases which we are most fa- 
miliar with in the case of our 


Fig. 7. Photographs of the planet Venus own moon. 

at different phases. (From photographs Venus, shimmering white 

by E. C. Slipher, Lowell Observatory. ) surpassed in brightness 

only by tho sun and moon, is named for the Greek goddess of beamy. 

The whiteness of Venus is due to the reflection of sunlight from the 

dense bank of clouds that always surrounds the planet, eliminating 
any chance of our getting a view of its surface. It will be noted from 
the table that Venus is much like the earth in size, mass, and distance 
from the sun. These facts would seem to make it a likely candidate 
for the honor of being the planet, other than the earth, most likely to 
have life upon it. On the other hand, no free oxygen has as yet been 
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found in its atmosphere while the carbon dioxide content of that at- 
mosphere is many times that of the air which surrounds the earth. 
Thus, unless future observation should show that Venus’ atmosphere 
does have oxygen in it, we must conclude that if any forms of life do 
exist on the planet they are quite different from the kinds of life that 
we know. There is, of course, no direct evidence for the existence of 
such life. As shown in Fig. 7, Venus appears to us to pass through 
phases similar to those exhibited by our moon. This fact, it will be re- 
called, was one of the first bits of experimental evidence which fa- 
vored the heliocentric model of the solar system over the geocentric 
picture. 

Earth as an astronomical body will be discussed in some detail in 
Chapters 6 and 7. 

Mars, presenting a red appearance to the earth and named for the 
god of war, has received far more publicity than Venus as a possible 
extra-terrestrial supporter of life. There seems to be little or no direct 
evidence either for or against the idea, although the topic of life on Mars 
has, over a period of years, served nobly to fill many Sunday supple- 
ment pages. The high point in the speculation on the subject occurred 
in 1938 when hundreds of otherwise intelligent United States citizens 
misinterpreted a radio broadcast and fled their homes in terror to get 
away from a reported band of Martian invaders. The incident is a 
valuable one to remember at times when one is tempted to ridicule an- 
cient peoples for certain of their flights of fancy. The arguments for 
the existence of life on Mars are based almost entirely on certain mark- 
ings on the surface of the planet which some astronomers believe to be 
canals. The presence of such canals would, of course, imply the ex- 
istence of canal builders. Other astronomers, and these are in the 
majority, entirely disagree with this explanation of the markings. It 
should be added that these marks cannot be seen with any great degree 
of distinctness with our present telescopes so that this is one problem 
on which the 200-inch instrument now under construction may throw 
additional light. Those who argue against the presence of living or- 
ganisms on Mars base their contention on the conditions which are 
nown to exist on the planet. For example. Mars’ size is such that its 
force of gravity would be less than half that on earth, a fact that would 
affect the kind and amount of its atmosphere. Average temperatures 
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are much lower than on the earth, there being only a small belt which 
gets as warm as our temperate zones. Mars has little water and that is 
mostly frozen in the polar ice caps. These and other facts seem to 
argue almost conclusively against the existence on the planet of forms 
of life like those we know on earth. On the other hand, it must be 
recognized that they do not rule out the existence of forms of life 
somewhat different from those we know, forms which may have 



Fig. 8. Photographs of Mars taken a month apart. Note polar cap. (Mt. 
Wilson Observatory.) 

evolved to fit the different conditions that exist on this neighboring 

Jupiter, the largest of the planets, is named for the king of the gods. 
Although Jupiter has a diameter more than ten times that of the earth, 
it makes one complete rotation in about ten of our hours. This rapid 
spinning and the fact that at least the outer layers of the planet are 
gaseous combine to give it a flattening at the poles much greater than 
that exhibited by the earth. In the matter of moonlight this planetary 
monarch is favored over all the others because it has 11 satellites, two 
having been discovered in 1938. Two of the group travel about the 
planet in the direction opposite to that of Jupiter’s rotation and so are 
said to have a retrograde motion. 

Saturn, the most distant and slowest moving planet known to the 
ancients was named for the god of time. Its day is just a little longer 
than that of Jupiter. In appearance Saturn varies from yellow near 
the equator to green in the polar regions. This planet s chief claim to 
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fame lies in its possession of a series of concentric rings which surround 
it at the equator. These rings are some 150,000 miles in width but 
have a thickness of less than 10 miles. The fact that stars can be seen 
through them testifies both to their thinness and to the further fact 
that they are composed of millions of bits of matter each one of which 
is traveling in an orbit about the planet, like a tiny satellite. In ad- 
dition to the rings, Saturn possesses nine moons, the smallest of which 
has a retrograde motion. 



Fig. 9. Two views of Saturn with rings at different angles. Last appearance 
of rings in edge- wise position was in 1936. Next time maximum opening will 
be m 1943. (From photographs by E. C. Slipher, Lowell Observatory.) 


Uranus, named for the god of the skies, is the first of the planets 
whose discovery occurred within modern times. The problem of dis- 
tinguishing planets from stars becomes more difficult, of course, the 
farther away and the smaller the planet is. The five which the’ an- 
cients recognized were all close enough and large enough that there 
could be no confusion. However, in the case of Uranus we have a 
ody less than half as large as Saturn and over twice as far away. Thus 
It IS not surprising that no one recognized it as a planet until compara- 
tively recently. One night in 1781 Sir William Herschel was studying 
a certain stellar group. In the field of his telescope he noticed a bright 
object which seemed somewhat larger than a star. Continued observa- 
tion mdicated that it was in motion relative to the fixed stars, a cir- 
^mstance which proved it to belong to the solar system. At first 
erschel believed it to be a comet and so announced it, but later studies 
mdicated its true nature. One of the most interesting things about it 
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is the manner in which its discovery led to the search for and discovery 
of Neptune and Pluto. 

Neptune was discovered in 1846, after astronomers had calculated 
just where in space another planet should be located, and was named 
for the god of the sea. Immediately after the discovery of Uranus, 
astronomers had set to work to determine its orbit. Their results 
showed just how the planet should travel under the gravitational force 
of the sun and were corrected for the attraction of the other six known 
planets. By 1820, forty years after its discovery, Uranus began to 
show signs of departing from this prescribed path. After another 20 
years had passed, the discrepancy became so great that it was said a 
point of light placed at Uranus’ actual location and another at the 
place it was supposed to be could almost have been distinguished 
as two points of light. However, the accuracy of astronomical ob- 
servation is such that astronomers were convinced of the existence 
of an unconsidered factor that was influencing the planet. The natu- 
ral explanation was the existence of an eighth planet whose gravita- 
tional attraction for Uranus had not been taken into account. Thus, 
astronomers posed themselves the problem of calculating just where 
in all space another planet could be placed in order that it might pro- 
duce the observed fluctuations in the orbit of Uranus. Such calcula- 
tions, based again on Newton’s law of gravitation, were made inde- 
pendently by Adams m England and by Leverrier in France. Their 
results gave locations within a half a degree of where the German 
astronomer Galle actually located the new planet on September 23, 
1846. The success of the predictions provided the final conclusive 
evidence for the correctness of the law of universal gravitation. Nep- 
tune, being so very far away had to be distinguished from some 20,000 

stars of equal or greater intensity. 

The discovery of Pluto came in a similar fashion. In the early 
part of the present century Percival Lowell became convinced that 
Uranus’ wanderings from the elliptical and narrow path calculated for 
her were too great to be entirely due to the gravitational blandish- 
ments of Neptune. So the search for a ninth planet began. Lowell 
died in 1916 after publishing his analysis of the problem, but the work 
was continued at the Lowell Observatory. On a photograph taken 
January 21, 1930, there was located the image of this distant planet, 
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a body so far away that it had to be separated from 1 5 million stars of 
equal or greater brightness. Because of its distance of almost four bil- 
lion miles from the sun, our knowledge of Pluto is meager. There is, 
however, some evidence to indicate that it is extremely dense and per- 
haps approximately the size of Mars. Its average temperature must cer- 
tainly be very low, probably in the neighborhood of 400 degrees below 
zero Fahrenheit, a fact which might make one wonder why this par- 
ticular celestial wanderer was named for the mythological ruler of the 
imderworld. 


The Planetoids 


About 1800 a number of astronomers were fixing their atten- 
tion on the gap that seemed to exist between the orbits of Mars and 
Jupiter. Various considerations made them suspect the existence of a 
planet in this region. On January 1, 1801, a Sicillian astronomer 
named Piazzi discovered a moving body in this region while searching 
for a certain star listed in a new catalog, a star incidentally which later 
proved to be a misprint. The new discovery was immediately ac- 
cepted as a planet and named Ceres for the goddess of grain. Ceres, 
however, proved to be only some 480 miles in diameter and later dis- 
coveries showed her to be the largest of a considerable number of small 
bodies that had their orbits between Mars and Jupiter. The entire 


group — now some 1,500 — are known as planetoids or asteroids. For 
a time astronomers continued to give them names, falling back on 
Roman deities and then Shakespearian and Wagnerian characters when 
the roster of Greek gods and goddesses was exhausted. Eventually 

matters became so complicated that the more eflScient procedure of 
numbering the bodies was adopted. 

Most of the known planetoids pursue orbits between those of 
Mars and Jupiter, but there are known to be several which penetrate 
within the orbit of Mars, while one, during part of its path, gets closer 
to the sun than Venus. On the other hand, there is one of the group 
t at gets as far away from the sun as Saturn during part of its year, 
n lameter they range from a few miles up to the 480-mile thickness 
of Ceres. It has been suggested that they may represent the fragments 
0 what once composed one or more larger bodies — bodies which met 
with some early astronomical catastrophe. Such a hypothesis is not 
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unreasonable in the light of our present knowledge, although it has no 
actual experimental evidence supporting it. 


Comets 

Of the hundreds of comets so far observed and recorded, only a 
few have been visible to the naked eye. However, the spectacular and 
often terrifying appearance of these few made them objects of great 
interest and speculation to early man. He believed them to be sent by 
a supernatural power to punish him or warn him of approaching dis- 
aster. It was only after centuries of observation and collection of 
evidence, that he came to realize that the appearance of these objects 
represented a perfectly natural phenomenon. 

A typical comet, as we observe it, consists of a nebulous head 
containing a bright nucleus of starlike appearance and one or more 
streamer-like tails extending out sometimes as far as 100,000,000 miles. 
Comets whose paths have been charted travel in orbits which are 
ellipses, although much more flattened than those of the planets. 
Since comets obey Kepler’s second law, it is obvious that only a small 
fraction of their time is spent anywhere near the sun. 

The part of the comet which we call the tail seems to be composed 
of nebulous material which has been forced out of the head by the 
pressure of radiation from the sun. Part of the evidence for this lies 
in the fact that the tail is always found on the opposite side of the 
head from the sun and only becomes visible as the comet approaches 
this stellar member of the solar system. Thus as a comet recedes the 
tail goes before the head instead of following it. 

The best known of all comets is the one called Halley’s comet. 
The relation of its orbit to those of the planets is indicated in Fig. 4 
(page 24). Edmund Halley, an English astronomer and friend of Sir 
Isaac Newton, was the first man to suspect that this comet pursued a 
regular path returning periodically within the range of man’s vision. 
He calculated its period and predicted correctly its appearance in 1690. 
After having determined the period as being approximately 75 years, 
Halley found records of previous appearances of the same comet dat- 
ing back to 240 b.c. In 1066 it had been heralded as being connected 
with the victories of William the Conqueror. Its 1456 showing oc- 
curred shortly after the fall of Constantinople and the prayer of the 
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Christian world at that time was, ” Save us from the Devil, the Turk 
and the Comet.” Its most recent engagement was played in 1910 at 
which time it came so close to us that its tail swept over the earth, an 
occurrence which seemed to produce no observable effects. 

The comet recently discov- 
ered by Leland S. Cunningham of 
the Harvard College Observatory 
is shown in Fig. 10. Its appear- 
ance marks the first time since 1910 
that a comet has been conspicu- 
ously visible to the naked eye. In 
that year there were two such, one 
being Halley’s Comet. The Comet 
Cunningham reached its closest 
point to the earth around January 
10, 1941, at which time it was 
some 54,000,000 miles distant 
from our planet and about 33,- 
000,000 mdes from the sun. 

If, as has been suggested, the 
tail of a comet is made up of ma- 
terial which has been forced out of 
the head, each trip around the sun 
should find the head somewhat 
smaller and eventually the comet 
might be expected to disappear al- 
together. Actually a few cases are 
known where a comet was charted 
for several successive appearances 
and then never seen again. An- 


I 


Fig. 10. Comet Cunningham pho- 
tographed with 24-inch reflector, 

January 2, 1941. (Yerkes Observ- 
atory and University of Chicaeo 
Press.) 

other hi, of evidence which supports the above hypothesis of the nature 

of he copry tatl wdl be mentioned in connecL with our con'y 
eration of meteors and meteorites. 

Meteors 

the sSr Wr" 

y are the meteors, commonly but incorrectly called 
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shooting or falling stars. Everyone is familiar with the appearance of 
these objects, some of which surpass Venus in brightness during their 
brief incandescent career. Millions of meteors are believed to enter 
the earth’s atmosphere every 24 hours, most of them so small that 
several thousand could be held in one’s hand. As they enter the earth’s 
sphere of gravitational influence they are drawn toward it. At heights 



Fig. 11. Great Meteorite, Grootfontein, South Africa. The largest known 
meteorite, weighing more than 5 0 tons. Exposed surface is about 9 x 8 feet. 
(Courtesy W. J. Luyten, Harvard College Observatory.) 


of from 60 to 80 miles above its surface these objects encounter atmos- 
phere of such density that friction raises them to incandescence. Then 
they become visible to us and remain so until they either are burned 

up, as are the vast majority, or strike the earth. 

The few that reach the surface of the earth before being con- 
sumed are called meteorites. Most of these are masses of stone contain- 
ing traces of iron while a small percentage are composed of almost pure 
iron and nickel alloyed together. Several hundred meteorites are be- 
lieved to strike the earth every year, of which three or four on the 
average are recovered. The largest one on display is the 36-ton speci- 
men brought back from Greenland by Admiral Peary and now located 
in the American Museum of Natural History in New York. Figure 1 
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shows one of the largest meteorites that has been found. In 1908 a 
gigantic meteorite fell in Siberia, completely devastating an area of 
over 1,000 square miles. Meteor Crater in Arizona marks the place 
at which a huge meteor is believed to have landed in prehistoric times. 
Either the main body of the meteorite is buried so far beneath the sur- 
face that it has not been reached or else it exploded into small frag- 
ments at the time it fell. However, discovery of large amounts of 
meteoric material around the crater leaves little doubt as to what 
caused the crater. 

Although many of these bodies are believed to enter our atmos- 
phere sporadically from outer space, the fact that great showers of 
meteors become visible at definite intervals of time indicates rather 
conclusively that large numbers of these fragments pursue definite 
orbits within the solar system. Also it has been shown that the orbits 
of many of the showers coincide with the paths of well-known comets, 
a circumstance which suggests that the meteors in the showers origi- 
nated as material forced out of the head of a comet and coming within 

our atmosphere at intervals when the earth’s orbit intersects the orbit 
of the comet. 


The Origin of the Solar System 

As long as man s actual knowledge of the solar system was small, 
so was his urge to speculate and theorize concerning its origin. In 
general he was perfectly satisfied with the simple statement that a 
Supreme Being made it as it is. But as time went on and he came to 
know more and more about the manner in which these heavenly bodies 
performed, every discovery added to the evidence that life in this solar 
amily goes forward in an exceedingly orderly fashion. The planets 
traverse fixed orbits in definite and unvarying intervals of time; day 
and night, the moon’s phases, the seasons, solar eclipses, are all definite 
periodic predictable phenomena. In fact as far as man could discover’ 
aU of these celestial events were absolutely dependable and none of 
them came about sporadically or haphazardly. Consequently he be- 
gan to reason that it would be only natural to expect that there had 
been an orderly, cause-and-effect series of events leading up to the 
pent orgamzation of the solar system. And so he began to search 
for a hypothesis or explanation which would account in a reasonable 
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manner for the present arrangement of things. Again it should be 
emphasized that one’s adoption of a belief in an orderly origin of the 
solar system in no way necessitates abandoning one’s belief in the ex- 
istence of a God. 


The Nature of the Problem 

Before we examine two of the hypotheses that have been ad- 
vanced as possible ways by which the solar system as such came into 
being, let us review briefly some of the experimental evidence with 
which any such theory must agree. Recall also that one lone experi- 
mental fact that is definitely contradictory to a scientific theory may 
be sufficient to overthrow it completely, although ten million facts 
that support it cannot be said to prove it absolutely, since we have no 
way of knowing what new facts may be discovered next week or next 
year. Indeed, it may be that to inquire whether or not a hypothesis 
is correct is to ask an essentially meaningless question. Dr. W. F. G. 
Swann has said that such a question makes about as much sense as to 
ask if the Chinese language is correct. He says that in both cases one 
should ask rather whether they are satisfactory. The Chinese language 
is satisfactory if it provides a tool with which communication can be 
carried on among Chinese people and a scientific theory is satisfactory 
if it provides a language in which known experimental phenomena can 
be described. Thus it may be absolutely satisfactory today but abso- 
lutely unsatisfactory a year from today, if contradictory evidence is 

discovered in the meantime. 

The data with which any picture of the origin of the solar system 
must agree include the facts that there are at least nine planets and some 
1,500 planetoids which, with no exceptions, travel about the sun in the 
same direction; that as far as we know the sun and all the planets except 
Uranus rotate in the same direction; that of the 28 known satellites 
20 revolve in the direction of rotation of the parent planets while eight 
have the retrograde motion previously defined; that Kepler s laws de- 
scribe accurately the motions of the planets; that there is a force of 
attraction between objects which is described correctly by Newton s 

Law of Universal Gravitation. 

Then in the light of these and additional experimental facts, one 
asks what sort of a series of events might have occurred that would 
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bring about this present organization. Of the many hypotheses that 
have been advanced from time to time, we will examine two, one which 
formerly was widely accepted but which was overthrown by subse- 
quent evidence, and one which is accepted today as being reasonably 
satisfactory in the light of present knowledge. 


The Nebular Hypothesis 

In 1796 the French astronomer and mathematician Pierre La 
Place advanced a hypothesis concerning the origin of the solar system, 
a hypothesis which is known variously by the names nebular, ring, or 
La Placian. The theory La Place himself said he put forward as " con- 
jecture which I present with the distrust which everything not the 
result of observation or of calculation ought to inspire.” 

The nebular hypothesis traced the events leading up to the forma- 
tion of the solar system as follows: 

" At one time all the matter now in the solar system was in one huge 
nebulous mass or cosmic cloud which occupied more space than that now in- 
cluded within the outermost planetary orbit. This cloud was at a high tem- 
perature and was rotating. As it cooled and contracted strains were set up 
within it until finally a break occurred. This break resulted in splitting off 
a ring of material which later coalesced to form the outermost planet. The 
tension thus relieved, the cloud continued to rotate and contract until new 
strains were set up and the splitting off procedure was repeated. This contin- 
ued until all the planets were formed, the central mass remaining being the 
sun. The satellites of the planets were formed in the same fashion, as the mate- 
rial of the planets themselves cooled and contracted.” 


The principal bits of evidence advanced for this hypothesis were 
two. First the fact of the gaseous nature of the sun agreed with the 
picture although it could scarcely be said to prove the theory as a whole. 
The second and more striking evidence offered concerned the appear- 
ance of the planet Saturn. If one accepted the theory, then the rings 
of Saturn could be accounted for beautifully as satellites in the process 
of formation. This was not particularly sound evidence since in order 
to use It as such, one had first to assume the correctness of the theory 
which one was trying to prove. Nevertheless, it was impressive and 

as long as there was little or no contradictory evidence, the hypothesis 
w^as widely accepted* 
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Contradictory evidence soon began to accumulate to justify the 
distrust originally expressed by La Place himself. One difficulty that 
had existed all along was the lack of any earthly precedent for rings 
breaking away in order to relieve tension in a rotatmg object. If the 
strain becomes too great in rapidly rotating bodies such as fly-wheels, 
pieces always fly out. Also there seemed to be no mechanical explana- 
tion for the building of such instabilities in the first place. Then the 
discovery of satellites with a retrograde motion about the planet intro- 
duced additional difficulties. There seemed to be no good reason why 
the rings, after they split off, should stop and then begin to revolve m 
the opposite direction. Also satellites were discovered which com- 
pleted a trip around the parent planet in less time than it took the 
planet to rotate once, and it seemed unlikely that the ring would speed 
up after splitting off. Eventually the mass of contradictory evidence 

became so great that the hypothesis was abandoned. 


The Planetesimal Hypothesis 

.1 -1 _ 


The Fianetesimai 

In connection with the nebular hypothesis we saw that it was 
impossible to explain the occurrence of the periodic instabdioes m 
terms of forces within the rotating cloud itself. But such pm 

sor* The postulation of such an agent forms the hp of the plane- 
"Ll hypothesis advanced in .900 by Dr. T. C. ChpWam -d 
Dr. F. R. Moulton, geologist and astronomer respectively, at the Un 

'“Te "utrimal picture tells a somewhat dprent nory of tW 

Lve once b Jone huge s«r body. This star is 

been visited by another one some bilhp of years ago. ^ 

astronomical waving distance. The force of its 

thought of as becoming the planets, undoubtedly hundreds of smalle 
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fragments would have been turned loose in space as the breaks oc- 
curred. Some of these drifting within the gravitational influence of 
planets could reasonably be expected to become satellites and follow 
orbits about them. Since their directions of revolution would depend 
solely on how they happened to be moving when caught by planetary 
attraction, the existence of moons with a retrograde motion offers no 
difficulty. The planetoids and planets, however, should all have the 
same direction of revolution about the sun, as they do. Altogether it 
may be said that at the present time there seems to be no evidence 
which absolutely contradicts such a hypothesis, although it has a few 
weak points. A number of variations on the above basic picture have 
been advanced since 1900 but need not be discussed here. All follow a 
fundamental outline like the one just described. Consequently, a 
hypothesis of this sort is generally accepted as offering a reasonably 
satisfactory picture of the events leading up to the formation of the 
solar system, in the light of our present knowledge. 


Discussion 


Questions 


1. Name all the different types of celestial bodies that are represented in 
the solar family. 

2. What are the reasons for thinking that there may be life on Venus and 
what actual evidence is there of the existence of such life? 

3. List all the arguments you can find both for and against the existence 
of life on Mars. 

4. See if you can work out an explanation for the fact that Venus and 
Mercury are the only planets which exhibit phases. 

5. How does the time from noon to midnight on the earth compare with 

what it would be for an inhabitant of Neptune? Of Jupiter? Of Mars > Of 
Mercury? 

6. Explain how an astronomer distinguishes planets from stars when he 
studies the heavens. 

7. At which of the following times would you expect Mercury to be 

most e^y observed and why? At noon. At midnight. At dawn. 

8. mat IS the basis for classifying the planets into two groups? 

9. Describe the discovery of Neptune and Pluto. 

In what respects are planetoids like planets and in what ones do they 

evidence to support the theory that the tail of a comet is 
composed of material forced out of the head by solar radiation pressure. 
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12. Look up information about one or two specific comets other than those 
discussed in this chapter. 

13. Discuss the connection that is believed to exist between comets and 
showers of meteors. 

14. State the basic assumptions of the nebular hypothesis. 

15. State the basic assumption of the planetesimal hypothesis. 

16. Explain how the following observed facts served as evidence for or 
against the nebular hypothesis, the planetesimal hypothesis, or both: 

a. The rings of Saturn. 

b. Retrograde satellites. 

c. The gaseous nature of the sun. 

</. A satellite whose period of revolution about the parent planet is less 
than the latter’s period of rotation. 

Multiple Choice 

1. List all of the following that may be said to be members of the solar 
family, (a) Venus, (b) Halley’s Comet, (c) Alpha Centauri. (d) The 
Big Dipper, (e) Ceres. 

2. ^jliich one of the following facts seemed impossible of explanation on 
the nebular hypothesis? (a) The star closest to the solar system is over four 
light years away, (b) All planets revolve about the sun in the same diraction. 
(c) The outer moon of Jupiter revolves in a direction opposite to that of 
rotation of the parent planet, (d) Saturn is surrounded by a series of rings 
which are very thin in comparison to their width, (e) The path of Uranus 
deviates slightly from a true ellipse. 

3. The tail of a comet (a) forms when the comet is farthest from the sun 
and gradually disappears as it moves nearer, (b) seldom has a maximum length 
of more than a few thousand miles, (c) is so named because it always follows 
the head, (d) always precedes the head, (e) reaches its maximum length when 

the comet is nearest the sun, 

4. Both comets and meteors (a) are composed of solid matter rather than 
gaseous, (b) must enter the earth’s atmosphere before we can see them, 

(c) are raised to incandescence by friction with the earths atmosphere, 

(d) return periodically, (e) shine principally by reflected sunlight. 

5. Of the members of the solar system, an observer located on Alpha 
Centauri, if he were about like ourselves, would be able to see (a) the sun and 
major planets, (b) none whatever, (c) the sun only, (d) the sun and Jupiter 

only, (e) the sun and all the planets. 

True-False 

1. One who accepted the nebular hypothesis would probably believe that 
Mercury was the first planet to be formed. 
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2. The rings of Saturn do not now constitute a stumbling block to the 
planetesimal hypothesis. 

3. Planetoids resemble planets in that they are not luminous themselves. 

4. It is generally accepted that the passage of the earth through the tail 

of Halley’s comet in 1910 caused a series of disastrous hurricanes in various 
parts of the earth. 

5. Every element ever found in meteorites has also been found on the 
earth. 

6 . The closer a comet gets to the sun, the more rapidly it travels. 

7. The brilliant white appearance of Venus leads us to believe that its 
surface is bathed in perpetual sunlight. 

8. If Neptune were suddenly to be plucked out of the solar system, the 
orbit of the earth would change to a greater or less extent. 

9 . It IS correct to say that present-day evidence proves conclusively that 

the planetesimal hypothesis is a true picture of the formation of the solar 
system. 

10. The planet whose physical characteristics most nearly resemble those of 
the earth is Mars. 



iS/ian and the Universe 


Chapter 4 

THE UNIVERSE BEYOND THE SOLAR SYSTEM 


Thus far our discussion of the universe has been confined to what 
may be called our own astronomical backyard. In this tmy fragmen 
of space we have located one star, nine planets and the.r sate htes. some 
1,500 planetoids, and a number of comets and meteors. Now we are 
about L become somewhat more cosmopolitan m our cosmic outlook 
and concern ourselves with what lies beyond the solar system 
after all, the orbit of the outermost planet has a diameter of a mer. 
fZ and a half blUlon miles which h i»st a little mote than a 
sandth of a light year, whereas many of the stars one can see with the 
naked eye are hundreds and even thousands of light years distan . 

Our Galaxy 

Its Nature and Size i latter 

The work of various astronomers performed during the latter 

r: C 0 a start: clld which is caned a galaxy, or galac. 

:.m In the light of the earlier 

rHis Itomt -Ithom, »y, a few 

tandred thLand light years away, it would have much the ap^ar- 
ance of a huge, light-colored, disk-shaped, swarm o^ • 
present time astronomers are inclined to th«i J 

disk. Such a modification, however, does ■“ 

dimensions given below. ’”"7ight years and a thickness of 

r;r r liat sysfem U located at about the 
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center along the short dimension, and approximately one-fourth of 
the distance from the axis of the disk or spiral toward the circumfer- 
ence. To give a comparative picture of the relationships involved we 
may think of the distance across the galaxy as being set equal to the 
diameter of the earth. On such a scale its thickness would be about 
the equivalent of the distance from New York to Chicago. The dis- 
tance across Pluto’s orbit, which essentially de- 
fines the limits of the solar system would, on our 
model, be some V/z inches, while the diameter of 
the sun would be less than the thickness of a 
sheet of paper. From the sun to Alpha Centauri, 
its nearest star neighbor, would be a distance 

about equal to the height of an eight- or nine- 
story building. 

We may seem to have been rather highly 
speculative in building up this picture of how 
the galaxy would appear to someone outside it. 

Let us see if we can to some degree substantiate 
our hypothesis by asking how such a congrega- 
tion of stars should appear to observers like our- 
selves who are inside the system. 

By way of illustration we will direct our at- 
tention first to Fig. 12 which represents a long 
narrow forest within which a man is located at 


® CP £>‘>«P0 

Fig. 12. Diagram 
showing a man lo- 
cated in a long nar- 
row forest at a point 
somewhat analogous 
to the position of the 
solar system in our 
galaxy. 


the spot marked, in the orthodox manner, by X. 

Concerning this man. we ask what sort of an idea of the forest he 
mrght be expected to get if he looked about him rn various directions. 

looked erther dtrectly north or directly south, the trees would ap- 
Far ve j dense, so dense that if he was a little near-sighted and Z- 
a e to determine that the trees were varying distances from him he 

Zst''“’'lT ’’l, i: “ form 

gaTe tier io T T 

lylilht sZ t 7 t' ” * “”«*rable amount of 

acre was about the same throughout the tract. 
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Now our position in the galaxy is believed to be very much like 
that of our near-sighted friend in the forest. If so, an earthly ob- 
server, gazing out through space in the direction of the long dimension 
of the galactic system, would have vast numbers of stars between him 
and the boundary of this stellar cloud. In view of the great number, 
they might be expected to appear to overlap and run together giving 



Fig. 13. Photographs of two regions of the sky of the same sim. One was 
taken toward Milky Way and other at right angles to that direction. Famtest 
stars in both regions of 18th magnitude. (Mt. Wilson Observatory.) 


the effect of a cloudlike streak extending across the sky. The view 
along the short dimension, however, should show no such phenomenon 
since the edge of the galaxy is so much closer to the observer. Now 
note the photographs shown in Fig. 13. It wUl be seen that one 
taken toward the Milky Way appears exactly as was suggwted above 
for a view in the direction of the long dimension of the galaxy, wh e 
the other is just the sort of picture one would expect to see m the direc- 
tion of the short dimension. Thus the appearance of the heavens seems 
to confirm this hypothesis concerning the shape of the P®/’ 

ticularly since modern telescopes demonstrate clearly that the Milky 

Way is composed of individual stars. 
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Members of the Galaxy 

Observation indicates that there are two kinds of members of the 

galaxy. In addition to the stars mentioned above there are somewhat 

hazy appearing bodies called nebulae. We will consider each of these 
types briefly. 


Stars. It is difficult to estimate accurately the size of the star 
population of our galaxy, because of the fact that whenever a larger 
telescope has been built, the number of stars that are visible has in- 
creased. It is believed that with the largest one now in use, the 100- 
mch mstrument on Mt. Wilson, some two or three billion can be photo- 
graphed, just about enough, in other words, so that every man, woman, 
and child m the world could have one named for him. There are 
certaui considerations that lead astronomers to think that this repre- 
sents about one-fiftieth of the total number in the galaxy. Of these 
billions of stars, only some 5,000 or ^,000 are close enough to be seen 
wit out the aid of a telescope and, of course, not over half of these 
at any one time, since the earth itself blots out one’s view of the rest. 

In spite of the enormous number of stars in the galaxy and the 
congested abearance of the Milky Way, actually there is no over- 

and all its millions of brothers have plenty of room in which to move 

out. Sir James Jeans has said that the density of the star population 

n the galaxy could be fairly compared to wasp " crowdedne^s ” in a 
hoflow cube, 1,000 miles on a side, in which six of these inseas 
ymg about at speeds equal to a thousandth of a snail’s pace 

is t-T '' ^ ^hat there 

of “P ^ classification 

these bodies into magnitudes. The twenty brightest stars he 
^t e rst magnitude and the faintest ones he could see, in the sixth. 

"Tot 1 "^ffimlrt?.^ 

100 cim. a, "bright t Srif 
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other words, a spread of five magnitudes meant a change in brightness 
of one hundredfold. A spread of one magnitude, therefore, would 
have to be represented by the number which multiplied by itself five 
times equals 100, that is the fifth root of 100. This number happens 
to be the rather inconvenient one of 2.512 which means that a star of 
any magnitude is 2.512 times as bright as a star of the next magnitude. 


Table The Fifteen Brightest Stars Visible At Latitude 40° N 


Name of 
Scar 


Distance in 

Constellation Magnitude Light 

Years 


Luminosirv'^ 

0 

Compared 
with Sun 


On Meridian 
8:30 P.st. 

Degrees 
Date from 
Zenith 


Sirius 

Canis Major 

— 1.58 

Vega 

Lvra 

.14 

Capelia 

Auriga 

.21 

Ajcturus 

Bootes 

.24 

Rigcl 

Orion 

.34 

Procyon 

Canis Minor 

.48 

Altair 

Aquila 

.89 

Bctclgeusc 

Orion 

.92 

Aldebaran 

Taurus 

1.06 

Pollux 

Gemini 

1.21 

Spica 

Virgo 

1.21 

Antarcs 

Scorpio 

1.22 

Fomalhaut 

Piscis Australis 

1.29 

Dcncb 

Cygnus 

1.33 

Rcgulus 

Leo 

1.34 


8.8 

26.3 

Feb. 

20 

S 

57 

26 

50 

Aug. 

19 

S 

2 

52 

165 

Jan. 

25 

N 

5 

41 

100 

June 

13 

S 

21 

500 

16,000 

Jan. 

25 

S 

49 

10.5 

5.5 

Mar. 

3 

s 

35 

16 

9.2 

Sept. 

8 

s 

32 

200 

1,200 

Feb. 

4 

s 

33 

57 

90 

Jan. 

15 

s 

24 

32 

28 

Mar. 

4 

s 

12 

230 

1,500 

June 

1 

s 

51 

380 

3,400 


16 

s 

67 

24 

13.5 

Oct. 

28 

s 

70 

600? 

10,000? 

Sept. 

23 

N 

5 

56 

70 

Apr, 

12 

s 

28 


1 Richards, The Universe Surveyed, p. 610, Table 2, 


New York*. D. Van Nostrand Co. 


1937. 

Still better techniques demonstrated that these twenty brightest stars 
varied considerably among themselves in brilliancy. Now if a certain 
value is taken as standard first magnitude brightness, then a star that 
happens to be 2.512 times as bright as this must be put in zero mag- 
nitude and one still brighter can only be represented by a negative 
magnitude. And so we have the rather odd fact that Sinus, the 
Dog Star and brightest star in the heavens, is of magnitude 1-58. 
It should be noted that these magnitudes represent only apparent 
brightness, i.e., how bright the body looks to us. Since this is affected 
by distance as well as actual brightness, magnitude is not representa- 
tive of the true brilliancy of any star. This will be evident from a 
comparison of the magnitude, distance, and luminosity columns m 

the table. , , i i • c 

The last two columns in Table 2 give data for the location of 
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these fifteen stars. Under the one labelled " Date ” is listed the night 
of the year when each one is on the meridian at about 8:30 P.M. The 
other column then indicates how far north or south of the zenith the 
star is located. Instructions for locating at any time of the year some 
of these fifteen as well as certain others will be mentioned a little later 
in the chapter. 

A considerable number of stars are constantly changing in 
brightness and are known as variables. For the most part these varia- 
tions are periodic, although the lengths of the periods differ widely, 
some fluctuating rapidly over a small range of brightness and others 
requiring months to complete a cycle. The star Mira, for example, 
varies from a magnitude many times too faint to be seen with the 
naked eye to a brilliancy about equal to that of the Pole Star and back 
again, taking over 10 months for the cycle. Perhaps the most inter- 
esting group of stars which vary in brightness are the so-called Novae 
or new stars. Actually they are not young at all but respectable 
adult members of the star community who for some reason or other 
suddenly go on a grand spree of brilliancy. Within a few days or 
weeks such a star may increase many fold in brightness only to fade 
away again to its old magnitude. A fourteenth magnitude star, 
known as Nova Herculis, in 1934 suddenly began to grow brighter 
and within two weeks had become a star of magnitude two. A year 
later its brief day m the sun was over and it had returned to magnitude 
fourteen. One was recorded in 1 572 which at its brightest was visible 
in the daytime. An average of two or three novae are discovered each 

year. The reason for the occurrence of these sudden and strange stel- 
lar outbursts is as yet unknown. 


Stars are of a variety of sizes and colors, the latter characteristic 
^ing an indication of surface temperature. Thus the temperature of 

“ I*' r. of orange ones some 

),UU0 F., of yellow stars approximately 10,000° F., while the bluish- 

wWe members of th^tellar family are thought to be as high as 3!,- 
F. and higher. These two properties of size and color were linked 
together m an mteresting theory about the life history of stars, ad- 
vanced about 1913. This hypothesis pictured an embryo star as being 

Uroughout Its life according to the theory, the star decreased in size 

■■ “''■’““Si' >■»<< b'Sun 

gia . The temperature changes occurring in it were be- 
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lieved to be such that it increased in temperature during the first half 
of its life, changing in color from dull red through orange and yellow 
to bluish-white at middle age. This color and temperature sequence 
was believed to be reversed during the last half of the star’s life cycle 
so that when its career came to an end it was dull red again. Thus the 
so-called " red giants ” were pictured as being very young stars and the 
" red dwarfs ” as very old stars. 

Experimental evidence acquired since 1913 has made it clear to 
astronomers that this particular picture is no longer a satisfactory one. 
Although stars are still believed to pass through a life cycle of some 
sort, theories concerning it have been in a state of change for some 
years, and at the present time there is none that is completely satisfac- 
tory and generally accepted. 

Stars are all in rapid motion through space, although we fre- 
quently speak of them as being fixed. An airplane traveling 1 5 0 miles 
per hour appears to be traveling very rapidly if it is only 100 feet above 
the ground whereas the same plane moving at the same speed at an 
altitude of 10,000 feet may seem almost motionless. In hke fashion 
the enormous distances which separate us from the stars cause them to 
appear to be stationary with respect to each other. Over long periods 
of time, of course, their relative position should change and we know 
from ancient drawings that various constellations do have a different 
appearance to us than they did to astronomers of earlier times. One 
might speculate on the problem that exponents of the pseudo-science 
of astrology will have a few tens of thousands of years from now when 
the natural motions of the stars will have jumbled up and made un- 
recognizable the constellations by which they set such store. 

In addition to the foregoing, there is one other type of motion 
which about a fifth of the stars possess. These particular stars are in 
pairs and revolve about each other. In view of the fact that there are 
so many such pairs, known as double stars, it has been suggested that 
the phenomenon may simply represent a stage in the evolution of some 
stars. It may be that the speed of rotation of some single stars becomes 
large enough to cause a piece to be flung out and take up a path about 
the parent body. The fact that in most cases the stars are of unequal 
sizes and frequently are at different temperatures would seem to sup- 

Dort this idea. 



THE UNIVERSE BEYOND 


59 


Chap. 4] 

Nebvilae. — Also included within our galaxy are a number of 
bright, cloudlike masses known as nebulae. These are given names 
such as planetary , elliptical, diffuse, and the like, depending on the way 
in which they appear to us. A diffuse nebula is shown in Fig. 14. It 
was thought at one time that better telescopes would reveal these to 




14. A diffuse nebula in the Pleiades. (Mt. Wilson Observatory.) 


b, made up of md.v.dual atars. as is the Milky Way. Such has not 
b»„ the case, however, so that now they are believed to be simply 

y then own lummescence. One suggestion, not proven as yet, is 
that they may represent early stages in the formation of stars 

has «bula, are phenomena that no one 

for certam other observed facts. There are a number of iLge black 
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patches in the sky, areas in which no stars at all can be seen (Fig. 15). 
This means either that there are no stars in these regions or that some- 
thing is between us and the stars, blocking off our view. Since there 
seems to be no good reason why such large sections of space should be 
entirely devoid of these bodies the second hypothesis seems the more 




F,g 15 A section of the Milky Way with the '* Coal Sack » dark nebulae near 

t^he'center Near it is the Southern Cross. Bright star at extreme left .s Alph 
Centauri. (From a photograph by Margaret Harwood at Arcqu.pa station of 

the Harvard Observatory.) 
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reasonable of the two, and nebulae which are dark and opaque are as- 
?umed to screen these parts of the heavens. Between 300 and 400 oi 
these dark nebulosities have been observed. 

Stars and Constellations 

To end our story of the stars now, after discussing the dry data 
concerning their number, brightness, age, size, and temperature would 
be to ignore completely one of the most interesting phases of the pic- 
ture. Much of the fascination that the stars hold for hundreds of 
people lies in the game of locating the constellations in the heavens. 
While space does not permit the charting of an exhaustive stellar jour- 
ney, it may be that a map and a few directions on how to start will 
arouse some desire in the reader for further astronomical touring. 

It was many centuries ago that man first noticed the constant 
relationship that the stars seemed to maintain with respect to each 
other. Although they might rise, move across the sky, and set each 
night, or disappear entirely during portions of the year — effects 
which we know are caused by the earth’s rotation and revolution re- 
spectively — yet whenever he could see them they always formed the 
same pattern. Thus it was natural that he should give names to the 
groups, hnk them with his earthly affairs, and weave legends about 

Of the 88 star groups or constellations which now are listed 48 

were chosen by early man. These abound in animal names and’ in- 

elude two bears, several dogs, a lion, a bull, a ram, several fish, a 

dragon, an eagle, a swan and others. Back of most of these titles are 

e^nds and stones which taken together make the heavens a sort of 

m^hological histo^ hook. The temaining 40 constellations have been 
given their names in modern times. 

Directions for Using the Star Charts 

Inside the covets of the book thete are located star mans of ,h. 
notthem and southern hemispheres of the sky. The outer edge of the 

that IS, the great circle of the heavens directly above ^the ^ Z’ 
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To use the northern sky map, the reader should proceed as 
follows: 

1 . Rotate the chart until the date at the top of it is the one nearest 
that on which the map is to be used. 

2. To establish the horizon, place a straight-edge across the map 
horizontally and below the center at a point such that it is tangent to 
the circle which corresponds to the latitude of the observer’s location. 

3. The chart is now properly oriented for about 8 o’clock in the 
evening. For each hour after 8 o’clock the map should be rotated in 
a counter-clockwise direction through one of the half-month divisions. 

The manipulation of the southern sky chart differs from the 

above in two particulars; namely, 

1. The horizon line is placed above the center tangent to the 

proper latitude circle, instead of below, and 

2. For each hour after 8 o’clock, the map is rotated clockwise 

instead of counter-clockwise. 


The Great Bear 

Since most people know where in the sky to look for the Big 
Dipper, we shall make it the starting point of a short sky tour. This 
group of stars is part of a constellation known as Ursa Major or the 
Great Bear. The seven stars which constitute the Big Dipper are the 
brightest in the constellation and are, on the average, some 70 light 

years distant. 

One striking thing about this particular constellation is that it 
was given the name bear by many ancient peoples, so widely separated 
geographically that it is mconceivable that there could ever have been 
any communication between them. Olcott says, 

*' On the banks of the Euphrates thousands of years ago it was so^ designat^ 
and the Iroquois Indians of North America called this star group " Okomn 
their name for " bear.” The Algonquin Indians called the constellation the 
Bear and Hunters ”... The Finns called Ursa Major " Otawa.” a title re- 
sembling the " Okouari ” of the Iroquois ... Thus in remote parts of the 
earth, in the far north, from the valley of the Euphratw to Ae region of the 
Great Lakes of North America we find the same stars likened to an identical 

animal.” 


1 Olcoii. W. T,. SUr Lore of All AgeSt p. 3. 


New York: G. P. PuinamS Swis, IPU- 
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There seems to be no completely satisfactory explanation for this 
phenomenon. Aristotle suggested that it might have come about be- 
cause the bear was the only animal known to the ancients that could 
live as far north as the constellation seems to be. However, it is diffi- 
cult to see how some of these peoples, such as the inhabitants of the 
Euphrates valley, would know that bears could live in the far north. 
The pattern of stars in the group does not seem to suggest a bear any 
more than almost any other animal so that cannot account for it. As 
a matter of fact, there is no reason to think that the constellations 
were always named because the stars seemed to form the outline of a 
certam animal. Unquestionably they were often named simply in 
honor of a particular bird or animal or legendary character and so 
should not be expected to look like their namesakes any more than 

we expect the Hudson River to resemble Henry Hudson or a Louis 
XIV chair to bear a likeness to that monarch. 

Of the various legends which ancient peoples built around the 
Great Bear constellation, the one in Greek mythology is probably the 
best known. Briefly, the story con- 
cerned a beautiful nymph, Callisto, 
with whom Jupiter, king of the gods, 
fell in love. This so aroused the an- 
ger and jealousy of his queen, Juno, 
that she turned Callisto into a bear 
and drove her into the forest. Cal- 
listo had a son Areas who was a mighty 
hunter. One day Areas, not know- 
ing his mother’s fate, was about to 
kill her in her guise of a bear. To 
avert this tragedy, Jupiter changed 

Aras into a bear also and then placed , 

f T “ ''““Id «f= from Tuno 

the CsTia? of *0 Great Bear and 

tkat 4e felt Sar tvttttr “ '"''V" t “ 

bot travels round and round the Notth'&ar* oonsteUations. 

iNorth btar in a never-endmg circle. 


POLARIS ir 

d / 


Hg. 16. Relative positions of 
the Big Dipper and Polaris 
about 8 p.M. of October 1 
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Figure 1 6 shows how the Big Dipper appears to observers some- 
where around the fortieth degree of latitude at about 8 o’clock in the 
evening during the latter part of September. The reader may wish 
to use this to check his operation of the northern star chart discussed 
above. 

Polaris 

Polaris is so named because at the present time the north end of 
the earth’s axis, or north pole, points almost directly toward it. As 
will be obvious from Fig. 16 it may be found by following a straight 
line drawn through the two stars in the Big Dipper which mark the 
end of the bowl opposite the handle. Although only a second magni- 
tude star, Polaris has few bright stars near it and so is not hard to 
identify. It is several hundred light years distant. It will be noted in 
the chart that it forms the end of the handle of the Little Dipper in 
the Lesser Bear constellation mentioned above. 

Cassiopeia 

An interesting constellation is Cassiopeia. This group of stars has 
the shape of a distorted letter W and is sometimes called the Lazy W. 
It will be found on the opposite side of Polaris from the Great Bear 
with the top of the W toward the Pole Star. The name Cassiopeia also 
comes from Greek mythology. This lady was the queen of Ethiopia 
and the mother of Andromeda. She also had difficulties with Juno, as 
a result of which she found herself banished to the sky. In Cassiopeia’s 
case it came about because she boasted too much of her beauty and, 
both as a punishment for her and as a warning to all vain women in the 
future, she was condemned to hang head downward half the time as 
she pursues her endless course around Polaris. 

Vega and Arcturus 

Two first magnitude stars in the northern sky which are not dif- 
hcult to locate are Vega in the constellation Lyra and Arcturus in 
Bootes. Vega is visible most of the year but is at its highest point in 
the heavens during August. It is some 26 light years away and appears 
to us as the second brightest star in the sky. It will be noted on the 
chart that if one draws a line to Polaris from the star at the base of the 
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handle of the Big Dipper, a second line drawn from Polaris at right 
angles to this one will pass approximately through Vega. Its identifi- 
cation is further aided by the fact that there are two faint stars near it 
which together with Vega form an equilateral triangle. The entire 
formation is easily seen with low power binoculars. 

Arcturus is below the horizon for northern observers during the 

winter months and reaches its highest position in the sky during June. 

It may be located by following the imaginary curved line which would 

be a continuation of the handle of the Big Dipper. Such a line will 

pass approximately through Arcturus. The light from this star was 

used to operate the electric eye, or photo-electric cell, which threw 

the switch that opened the Chicago World’s Fair of 1933. Arcturus 

was chosen for this honor because of the fact that it is 40 light years 

distant from the earth. Thus the light that arrived in Chicago just in 

dme to start off the 1933 fair, departed from its native Arcturus dur- 
ing the Chicago fair of 1893. 


Sirius and Antares 

Since almost all of the United States is located between the 30th 
and SOtli parallels north, the southern hemisphere of the sky offers less 
of interest to us. Of the stars that are visible in this part of the sky 
we rfl mention two. These ate both of the first magnitude and 
should be easily located with the aid of the southern chart during the 
part of the year when each is visible. The first, Sirius, in the constel- 
ation of the Great Dog or Canis Major, is the brightest star in the sky. 
It will be recalled that earlier in the chapter it was mentioned as having 
a magnitude of -1.58. It is some nine light years distant from the 
earth. To oWrvets located around latitude 40 N., it is visible from 
about December 1 5 to April 15. The second of the two is Antares. It 
IS red m color and more than 27 million times as large as our sun Its 
average density is believed to be less than that of our atmosphere at 


Alpha Centauri 

^om thrsIZruXiT'' 
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Space will not permit us to go further on our trip among the con- 
stellations. However, the stars will be available for study for a long 
time and once the reader has learned his way among the few that have 
been mentioned, branching out to others should prove interesting and 
not too difficult. 


Systems Beyond Our Galaxy 

One group of bodies in space remains to be mentioned. They are 
located far beyond our galaxy and appear to us as small nebulous 
bright spots with fuzzy irregular outlines. From their shape and 
from the fact that they seemed to resemble the nebulae within our 
galaxy rhey were named spiral nebulae. Later evidence has shown 
rather conclusively that actually they are simply other clouds of stars, 
other galactic systems outside and beyond our own. The nearest ones 
are almost a million light years away from us and the farthest discov- 
ered so far, some 500 million light years distant. 

Only a few are visible to the naked eye and of these only one to in- 
habitants of the northern hemisphere. This one, known as the Andro- 
meda Nebula, may be detected on a clear moonless night as a hazy spot 
in the constellation of Andromeda. The time of year when it is high- 
est in the sky may be determined from the northern sky chart. Al- 
though it is some 900,000 light years away, photographs in recent years 
have shown it to be made up of separate stars. Its diameter has been 
calculated to be of the same order of magnitude as that of our own 

galaxy. 

Many more of these outer galactic systems have been photo- 
graphed (Fig. 17). In some parts of the sky it is possible to get pictures 
of hundreds of them on one plate. The total number that can be 
photographed seems to depend only on the power of the telescope in 
use. It is estimated, for example, that there are several million in the 
entire sky whose pictures could be taken using the Mt. Wilson 100- 
inch telescope. How much this figure will be enlarged when the 200- 

inch instrument is put into use remains to be seen. 

Thus it is probable that our galaxy, from a point several million 
light years away, would present just the sort of appearance that these 
spiral nebulae do to us. Apparently the only unique thing about our 
galaxy is that we know it contains at least one star which has a family 
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Pl’O'og'-aphed with 82-inch reflecting tele 
scope. ( Yerkes Observatory and University of Chicago Press. ) ^ 


of planets, at least one of which supports a system of organisms which 
possess the peculiar sort of characteristics that we call life. With re- 
gard to the other galaxies we have no evidence on the point one way or 
the other. All this may make man appear a bit insignificant, so to 
bolster up our ego it should be noted that, unimportant as man may 
seem m this general cosmic scheme, at least he has had the intelligence 
and ambition to study and discover these things about his universe. 


Discussion 


Questions 


2 and diameter of our galaxy in miles. 

2. Express the diameter of Pluto’s orbit as a fraction of a light year 

of our g.l„, being „nTh broedee 

4. What would the Milkv Way be exnecrpH U t i i 
located on J„pi,„. On Polaris. On the nebula in Android'.?” “ "" 
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5. Why are they called " fixed ” stars? 

6 . Assuming that a star of any given magnitude is 2.512 times as bright 
as one of the next magnitude, exactly how many times brighter would a third 
magnitude star be than a sixth? A tenth than a sixteenth? A first than a 

third? 

7 . Why do stars appear of different colors to us? 

8 . Explain just why it is that Sirius has a negative magnitude. 

9 . Could a star that cannot be seen with the naked eye be said to be of 
zero magnitude as far as non-telescopic observation is concerned? Explain. 

1 0 . If any given group of stars were listed in order of increasing magnitude, 

would they also be in order of increasing temperature? Explain. 

1 1 . Find out whether any novae have been discovered within the past year. 

12. Distinguish each of the following from the rest; (a) stars, (b) dark 
nebulae, (c) galactic nebulae, (d) extra-galactic nebulae. 

13. Report how many of the following you have been able to locate, using 

the star charts in the front and back of the book: 

(a) Polaris (b) Cassiopeia (c) Sirius 

(d) Arcturus (e) Antares (f) Orion 

(g) Vega (h) The Great Bear (i) Aldebaran (j) Capella 

Multiple Choice 

1. Andromeda is a member of (a) both our galaxy and the solar system, 

(b) neither our galaxy nor the solar system, (c) our galaxy but not the solar 

system, (d) the solar system but not our galaxy. 

2 . To an observer on Alpha antauri, the Milky Way would appear (a) as 
a spiral confined to a small portion of his sky, (b) the way Andromeda looks 
to us, (c) about the same as it looks to us, (d) as a huge sphere, (e) as an 

elliptically shaped cloud. 

). Within 5 light years of the earth there are known to be (a) fewer than 
10 stars, (b) about 25 stars, (c) several hundred stars, (d) several thousand 

stars, (e) about a million stars. 

4 . The maximum number of stars that are visible to the naked eye at one 
time on a clear night is about three (a) hundred, (b) thousand, (c) million, 

(d) billion, (e) trillion. 

5 . A star of the first magnitude appears to be about (a) 2 / 2 , (b) , 

(c) 6 !/ 4 . (d) 7 '/ 2 . (e) 10!4 — 

True-False 

1. The star Arcturus is about 40 light years distant from the wrth. 

2. Many second or third magnitude surs may actually be brighter than 

some first magnitude stars. , u n- 

3. It is believed that, viewed from any point m our galaxy, the Big Lhppei 

would appear essentially the same shape that it does to us. 
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4. In an astronomical time exposure photograph of a section of the sky 
containing both stars and planetoids, the former will appear sharp and the 
latter blurred. 

5. A straight line drawn through the two stars at the end of the bowl of 
the Big Dipper opposite the handle, if extended, would pass approximately 
through Vega. 

6. During the summer months, Sirius is visible to observers located in 
northern latitudes. 

7 . Astronomers believe that in some star clusters, the stars are so close 

together that it would be impossible for them to have planets traveling about 
them in orbits. 

8. The term novae ” is applied to a certain group of celestial objects 
which lie outside our galaxy but have temperatures about like the planets. 

9. So-called nebulae which are beyond our galaxy are generally believed 
by astronomers to be other galaxies. 

10. Polaris shines by its own luminosity rather than by reflected light from 
the sun. 



Nlan and the Universe 



Chapter 5 

ASTRONOMICAL MEASUREMENTS 


In our discussion of the scientific method in the first chapter, we em- 
phasized particularly the importance of basing conclusions on reliable, 
carefully collected data. Then in the next three chapters we proceeded 
to make a number of rather dogmatic statements, quite unaccom- 
panied by experimental data, about such things as the composition of 
the stars and planets, their sizes and temperatures, and the distances 
between them. This being the case, if the reader acquired the proper 
scientific attitude in the course of his perusal of Chapter 1, he perhaps 
should have been increasingly skeptical as he made his way through 

Chapters 2, 3, and 4. 

It is not our intention, however, to leave these statements in 
their present unsupported condition. We simply postponed the dis- 
cussion of the methods of making astronomical measurements until 
we could talk about all of them at once. Consequently this chapter 
is given over to the consideration of how such determinations are made, 
the instruments used, and the reasons we have for considering the re- 
sults to be accurate and dependable. Since the telescope is by far the 
most important astronomical instrument we have, it will be discussed 

first. 

The Telescope 


Historical Background 

The earliest use of irregularly shaped pieces of glass for purposes 
of magnification is lost in antiquity. Spectacles probably were in- 
vented around 1300 A.D., although they seem not to have come into 
wide use until after the introduction of paper and the invention of 
printing. By 1600 A.D., it is said, there were opticians practising 

in most of the larger towns of the continent. 
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Two other instruments of enormous importance grew out of the 
development of spectacles, both of them coming into being shortly 
after 1600. One of these was the microscope, which we use in the ob- 
servation of very small objects, while the other was the telescope, an 
instrument that finds its place as an aid in our study of the largest 
bodies in the universe. The telescope was invented by a Dutch spec- 
tacle maker, probably Hans Lippershey, about 1608. Galileo, who 
frequently has been given credit for its invention, wrote that he heard 
about the instrument when he visited in Venice in 1609. As soon as 
he returned to Padua, he built a telescope with a magnifying power of 
3 diameters, by placing a convex lens in one end of a lead pipe and a 
concave lens in the other. Later he built telescopes of greater power, 
finally making one which magnified some 3 3 diameters. 

The years following this invention were eventful ones. We have 
already discussed its effect on astronomy in providing the necessary 
evidence to make possible a choice between the geocentric and helio- 
centric hypotheses. Almost immediately the telescope also had many 
practical applications. Its value to navigation was soon recognized. 
Lancelot Hogben ^ states that Galileo himself was impressed with its 
military possibilities and " offered the invention consecutively to the 
Catholic emperor and to the opposing Protestant democracy in letters 
adapted to the convictions of both parties.” The two types of tele- 
scopes that are in use today will be considered individually in the next 
few pages. 

The Refracting Telescope 

Almost everyone has had some experience with the way in which 
a convex lens can be used as a burning glass to focus sunlight and set 
fire to small bits of paper or other combustible material. Since the 
sun’s rays as they normally fall on the paper do not generate enough 
heat to cause combustion, one may inquire exactly what the lens 
d«s to make them so powerful. As Fig. 1 8 indicates, the sole function 
of the burning glass is to collect the amount of light that would 
normaUy fall on a circular area the size of the lens itself, and bend or 
refract it m such a way that it is concentrated or focussed on a smaller 

^ Hogben. Lancelot, Science for thr Ci/feen, p. 123 . Alfred A. Knopf, New York: 
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area. This focussing or piling up of the sun’s rays may produce a 
temperature high enough to cause the paper to burst into flame. 

Now in the refracting or lens type telescope (see Fig. 19) the 
larger or objective lens performs this same function. It collects light 
from the star or other body under observation and focusses or concen- 
trates it, producing a small, bright, and inverted image of the body at 
the point indicated. This small bright image is magnified by the other 
lens, called the eye-piece. Varying magnifications are achieved by 



Fig. 18. Diagram illustrating the use Fig. 19. Diagrammatic representa- 
of a convex lens as a burning glass. tion of the lens system in a refracting 

telescope. 


using different eye-pieces, no magnification whatever being caused by 
the objective lens. The principle is the same as that employed in 
binoculars and opera glasses, except that in these instruments provision 

must be made for producing an upright image. 

Those twin adjectives " bigger ” and " better,” so beloved of us 
Americans, bear a close relationship to each other in telescopes. That 
is to say, other things being equal, the bigger the objective lens of a 
telescope, the more effective instrument it is. In order to see any ob- 
ject it is obvious that sufficient light from it must fall upon the eye. 
Since the function of the objective lens is to collect the light that 
would otherwise pass through a circle its size and focus that light, the 
larger the lens, the more light it will collect and the brighter will be 
the image. For example, in Fig. 20, a given star would be brighter 
when viewed through lens A than if lens B were the objective lens of 
the telescope, or a star that could not be seen at all using lens B might 
become visible through lens A as a result of the additional light col- 
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lected. Quantitatively, the effectiveness or light-gathering power of 
lens A will be as many times that of lens B as the cross-sectional area 
of A is greater than that of B, exactly the same as the water-carrying 
capacities of two pipes are in the same ratio as their cross-sectional 
areas. However, again like water 
pipes, lenses are usually described in 
terms of their diameters rather than 
their areas; that is, a 6-inch lens is one 
that is 6 inches in diameter. Thus 
since the area of a circle depends on 
the square of the diameter, the light- 
gathering power of a lens will vary in 
the same way. Therefore a 6-inch 
lens theoretically would have a light- 
gathering power 6- or 36 times that 
of a 1 -inch lens. Or we may compare 
the effectiveness of the Yerkes Ob- 
servatory telescope, which contains a 
40-inch lens, with that of the human 

eye, the average diameter of which is Fig. 20. A comparison of the 
about one quarter inch. Since the ^*g*’^-g^thering power of two 

lens in the former has a diameter 160 

times that of the latter, it possesses a theoretical effectiveness 160^ or 
25,600 times as great. 


IF 

diameter of A “2 times diam 
eter of i, 

THEN 

area of A=22or4times arec 
of B. 

AND 

power of A 


“Z^orAtlmes iiqhtqatherinq 
power of B. 


The Reflecting Telescope 

The first reflecting or mirror type telescope was built by Newton 
m 1 668 and is now one of the prized possessions of the Royal Society 
of London. In this kind of instrument the light is gathered and fo- 
cussed by a concave mirror instead of by a lens. Fig. 21(a) indicates 
that hght IS reflected from a flat or plane mirror in such a manner as to 
make angles X and Y equal, a reflection law which is the same for all 
kinds of waves. The same principle holds for such cases as billiard 
balls being reflected from cushions, rubber balls striking smooth con- 
crete at an ang e, or water waves hitting a board. Part (b) of the same 
figure shows that if the mirror is concave instead of flat, the law of 
reflection can result m bringing into focus many light rays which 
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(O) lb) 

Fig. 21. Diagrams illustrating the law of light reflection for (a) a plane mir- 
ror, and (b) a concave mirror. 


originally were parallel. The schematic diagram of a reflectmg tele- 
scope (Fig. 22) indicates that the light from the star or planet imder 
observation is brought to focus by just this means. Thus m this m- 
strument, as in the other, we have a smaU bright image being produced 
-e .. .-..cidi- nf manv ravs of lieht being brought to a focus. In this case 

the rays are then deflected off at right 
angles by means of a small prism or flat 
mirror (m) , and the image is magni- 
fl.ed by an eye-piece. It will be noted 
that here the observer looks in a di- 
rection at right angles to the long axis 
of the telescope, whereas in the re- 
fracting instrument he looked along 

that axis. 


Concave 
Mirror 



Fig. 22. Diagrammatic represen- 
tation of a r^ecting telescope. 


The effectiveness 


this type is expressed 


that used 


same 


of their respective mirrors; that is. as the squares oi tneir 

Thus the new 200-inch telescope being set up on Mt. Palomar in Call 

fnrnJa will have a theoretical Ught gathering power 2^ or 4 tun^ a 


instrument 


Wilson 


> • 
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The mirror type instrument has several advantages over the lens 
type, the principal advantage being that it can be built in larger sizes. 
The practical size of a telescope lens is limited by the fact that it has 
to be flawless throughout and can only be supported around the edge. 



Consequently, the 40-inch Yerkes instrument probably represents the 
maximum that will be attempted in this type. On the other hand 
a mirror needs to be perfect only on its surface and can be supported 
at as many points as desired across its back. Another advantage lies 
m the fact that certain wavelengths of light which are completely ab- 
sorbed in going through glass are not so absorbed when the light is 
reflected from the front surface of a mirror. The reflecting instru- 
ment has been of great value to the amateur astronomer because of the 
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fact that he can grind the mirror himself, whereas a lens might have 
to be purchased in its finished condition. Thus, reflecting telescopes 
with mirrors from 6 to 10 inches in diameter can be built compara- 
tively inexpensively. The one shown in Fig. 23 was built by the owner 
at a total cost of some $20 in addition to the labor involved. The 



Fig. 24. Photograph of moon taken using the 6-inch telescope shown in Fig. 
23. (Photographed by Samuel Caplan.) 

mounting was made from discarded automobile parts. With an in- 
strument of this power a considerable amount of astronomical obser- 
vation is possible. It has a theoretical effectiveness some 600 times 
that of the human eye and readily makes visible the rings of Saturn, 
the four of Jupiter’s moons which Galileo first saw, many double stars, 
and so forth. The photograph of the moon shown in Fig. 24 was taken 
with this particular instrument, using a camera provide wit a 
ground glass. The eye-piece of the telescope was removed and the 
camera lens placed as close to the eye-piece tube as possible. The im- 
age of the moon was then focussed on the ground glass in the same 

fashion as that employed for any other picture. 
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TV i!' telescope, located at Yerkes Observato 

The objective lenses are 40 inches in diameter. ^Dservato 


Examples of Modern Instruments 

The Yerkes Observatory refracting telescope, shown in Fig. 2 i is 
he largest of its kind in the world. The telescope tube is some do feet 
long and the objective lens has a diameter of 40 inches 

tone *an this are of the reflecting 

one at Mt'w?"' “ =ime (June, 1 942 ) is the 

teope has a diameter of 100 inches, which gives it a light-gatherinv 
power some 160,000 times that of the human eye. ^ 
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The 200-mch reflector (Fig. 26) located at Mt. Palomar in Cali- 
fornia was to have been completed by 1943. Because of the war, 
however, construction was stopped from 1941 to 1945, so that now 
the instrument is not expected to be ready for use before late 1947 
or early 1948. The construction and mounting of such a device in- 
volve engineering feats of enormous proportions. For example, al- 
though the mirror and its mountings weigh over a milhon pounds 
the suspension must be such that the cross hairs of the telescope can 
be set on a single star and follow it across the heavens during an all- 
night time exposure without causiog any blur on the photographic 
plate. This requires that, as the earth rotates, the instrument must be 
held within one thirty-six-hundredth of a degree of a single spot in 
the sky, which is approximately equivalent to keeping a super-machine 
gun shooting continuously through a 3 -foot hoop rolling at a speed 
of 25 miles per hour 100 miles away. When completed, the telescope 
should have a light-gathering power over 600,000 times that of the 
human eye and should open for investigation a sphere in space some 
eight times that which cin now be studied with the Mt. Wilson instru- 
ment. 


The Determination of the Characteristics of 

Stars and Planets 

Although the telescope is by far the most important astronomical 
instrument, various other devices are used in injunction with it to 
tell us the things we want to know about celestial bodies. The discus- 
sion of some of these other instruments follows. 


Composition 

We have already stated that every element that we know to exist 
on the other planets and stars has also been found on the earth. Our 
knowledge concerning the composition of these distant neighbors, 
which has been largely obtained by the use of an instrument known « 
a spectroscope, depends on the sort of light they emit under certam 

conditions. , , , . i. 

It was Sir Isaac Newton who discovered that white hght is actu- 

aUy a combination of a whole aeries of colors. He cauad white hght 

to enter a three-cornered piece of glass which we would caU a pnsm, 
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and discovered that the light which emerged on the other side was not 
white. Instead it consisted of the seven colors of the rainbow as 
shown in Fig. 27. This type of color sequence is called a continuous 
spectrum because of the fact that the colors merge into each other in- 
stead of being sharply separated. All solids when heated to incan- 
descence exhibit spectra of this sort. One of the memory devices fre- 
quently suggested for fixing the sequence of the colors in mind is to 

arrange their initial letters in order 
beginning with red. When this is 
done, one can think of the series as 
being the name of a gentleman called 

ROY G. BIV. 

Now when the prism described 
above is fixed on a rotating table 
which is equipped with scales for 
measuring angles of rotation and telescope tubes to aid in observing 
the spectrum, the complete device is called a prism spectroscope. 

If instead of looking at the white light or incandescent solid men- 
tioned above, we turn a spectroscope toward an incandescent vapor 
such as that in a neon sign we see a different type of spectrum. In this 
case there is no continuous band of colors but only a series of bright 
vertical lines on a black background. These are of various colors de- 
pending on their location in the spectrum. It is because several of the 
brightest lines are in the red region that a neon sign has its character- 
istic red color. If we shift the spectroscope from the neon sign to a 
sodium highway light we see only a pair of fine yellow lines very close 
together. All the rest of the field of vision is black. In like fashion 
other vapors exhibit their particular patterns under similar conditions. 
The important feature of this phenomenon, as far as we are concerned 
with it here, is the fact that every element has its own characteristic set 
of lines which appear when the substance is in the form of an incan- 
descent vapor. Such a set of lines is called a bright-line or character- 
istic spectrum. Thus, if in the spectrum of a source of light as ob- 
served through a spectroscope we see the two yellow lines mentioned 
above, we can be certain that sodium vapor is present in that source. 
If the sodium lines cannot be seen, we can be certain that sodium either 
is not present or is there in an extremely low concentration. 


ftE.0 

ORANGC 

YELLOW 

6uje 

iNDlOO 

VIOLET 


Fig. 27. Diagram illustrating 
the action of a prism in produc- 
ing a continuous spectrum. 
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One other type of spectrum must be mentioned. A glowing gas 
has been found to be able to remove or absorb from a continuous spec- 
trum the lines or colors it itself emits. For example, if white light is 
allowed to pass through sodium vapor and then is observed through a 
spectroscope, one sees s continuous or rainbow background crossed by 
two vertical black lines at exactly the location of the yellow lines de- 
scribed above. Such a spectrum is called a dark-line or absorption 
spectrum. The colored plate which is the frontispiece of this book 
gives examples of these various types of spectra. Note that the solar 

spectrum is of the absorption kind. It happens that this is true of the 
spectra of almost all stars. 

The discovery of helium is a dramatic example of the use of 
spectra in identifying substances. In 1868 Sir Norman Lockyear 
found some lines in the spectrum of the sun that were like none known 
on earth at that time. He attributed them to a hitherto undiscovered 
element which he named helium in honor of its place of discovery It 
was not until 1895 that Sir William Ramsay discovered the existence 
on eanh of this gas with which we are so familiar today. Thus man 
established the existence of helium at a place 95 million miles away 
almost 3 0 years before he found it in his own planetary home. 


PTHEE 


Distance 

A surveyor located on the left side of the river pictured in Fig. 

28 would probably determine the distance to the tree on the opposite 

Side in the followuig manner. He would measure og a so<alled base 

hue. AB, on his bant of the stream. Then with his surveying instru- 
nient located at A he would deterinine 

the angle X between the direction of 
AB and a line from A to the tree. In 
similar fashion he would measure the 
angle Y. Then, knowing two angles 
and the included side of the triangle 
A-Tree-By he could easily calculate the 
other desired dimensions. 

A method of measuring astro- 
nomical distances, called parallax is Diagram illustrating 

quite similar. In this case the distame LVuLlt'Tdt*" 
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between two observatories, London and Cape Town, for example, may 
be taken as the base line. Astronomers located at these two points 
(Fig. 29) take simultaneous observations on the body whose distance 
from the earth is being measured and proceed to calculate the desired 
result in much the same manner described in the above example. 
Sometimes a single astronomer may take all the necessary data by him- 
self by making two sets of observations twelve hours apart. In this 

case, as a result of the earth^s rota- 
tion, the base line is the diameter 
of the earth. 

The above procedures give 

Fig. 29. Diagram illustrating the satisfactory results for bodies 
measurement of astronomical dis- within the solar system. For stars 
tances using a base line on the earth, beyond this group, the angle at the 

star becomes too small for accurate measurement. For a number of 
the closer stars a modification of the parallax procedure can be em- 
ployed. In this case observations are taken at the same observatory at 
six-month intervals in which case the diameter of the earth’s orbit 

serves as the base line. 

Some idea of the accuracy that is possible in modern astronomical 
measurements may be gained from the fact that even with this un- 
mense base line few stars are close enough for the angle subtended to 
be greater than .2 second. Someone has calculated that such an angle 
is about the size of one that would be involved in taking measure- 
ments on the two sides of a telegraph wire that was four miles away. 
In the case of Alpha Centauri the angle is about three-fourths of a 

second. 

For stars so distant that none of the above modifications of the 
parallax technique can be employed, we make use of an indirect 
method which involves the spectroscope. The method is based on 
principles which have been well established by laboratory experiment. 
Such experimentation has shown that the actual brightness of a source 
of light can be approximately determined if we have a photograph of 
its spectrum. Quantities such as the widths of the spectral lines and 
their densities on the photographic film are involved in this calcula- 
tion. Thus from a star’s spectrum we can calculate its actual bright- 
ness. Now it is obvious that the farther one is from a source of light, 
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the less bright that light will appear to be. The quantitative law by 
which this apparent brightness decreases with distance is well known. 
Consequently, to get back to the star in question, we can measure its 
apparent brightness directly, and knowing its actual brightness as de- 
termined above can then calculate how far away it is. 

In view of the fact that the method is indirect, one has a right to 
ask how good a basis there is for assuming it to give accurate results. 
It IS considered to be reliable because it can be checked. When it is 
applied to stars which are close enough to the earth for the more direct 
parallax methods to be used, results obtained by the two procedures 
Agree. Therefore there would seem to be no reason why it should not 
give reliable results when used with more distant stellar bodies. 

Size 

The diameters of the sun, moon, and planets can be measured by 
parallax methods similar to those described above. The measurements 
involve determming the angle between telescope settings made on op- 
posite edges of the object. A few stars other than the sun are near 
enough for direct measurements to be made with the stellar inter- 
ferometer, invented by Dr. Albert Michelson. This device makes pos- 
sMe the measurement of extremely small angles, the one in use at Mt. 

Wilson for example, being capable of determining angles down to a 
thousandth of a second. 

For stars more distant than these an inditect method most be em- 
ployed It wdl be obvious that the atea of a star could be determined 
-/ one knew the following two things; namely, the rate at which a 
squate (mt of the stat was radiating enetgy and the tate at which the 

TOnd of these quantities by the fitst would give the number of square 
of the star from which the eatth was teceiving enetgy. When 

the ra^elt wth‘’“" t’' “1"™' that 

- - - I --;- 1 
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measurement of which will be discussed in the next section. The total 
rate of energy radiation can be directly observed and the area of the 

star calculated as described above. 

As in the case of star distances, this indirect method is considered 

to be reliable because it gives correct results when applied to stars 

which are near enough the earth that direct methods can be used. 

Temperature 

Approximate star temperatures can be determined from the color 
of the light emitted by the body. It is a familiar fact that if an 
object such as a brick or a piece of iron is heated to incandescence and 
then to still higher temperatures, it first glows a dull red, then becomes 
bright red, and so on through orange, yellow, white, and bluish white. 
Thus by matching the color of a star with a color chart for known 
temperatures, one can attain an approximate value of its temperature. 
It is said that a good blast furnace man can judge temperatures below 
1,500° F. within 45° just by glancing at the color of the flame, so the 

method is less crude than one might think. 

The most common method for determining star temperatures 

with greater accuracy involves the use of a device called a thermo- 
couple, an instrument which has also come into wide industrial use m 
measuring temperatures within various types of furnaces and ovens. 
This device, involves essentially two strips of dissimilar metals welded 
together at the ends, making a continuous metallic circuit. Included 
somewhere in this circuit is a device for measuring small electric cur- 
rents. Now it is an experimental fact that if the two metaUic junc- 
tions are at different temperatures, an electric current wUl flow around 
the circuit. The further fact that the magnitude of the current de- 
pends on the difference in temperature between the two junctions 
makes the phenomenon valuable for temperature measurement 

When used industrially to measure furnace temperatures, the hot 
junction is placed inside the furnace. From the known temperature 
of the cold junction and the observed magnitude of the electric cur- 
rent, the temperature of the hot junction and therefore of the furnace 
can be calculated. In astronomical work, the hot junction is placed 
at the focus of a telescope. The best thermocouples are capable ot 
detecting tempetatnte diffetencet o( lets than a mJhonth of a degt« 
Fahrenheit, The one in use at Mt. Wson, for example, .s made from 
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bismuth and an alloy of bismuth, and when used at the focus of the 
100-inch telescope can detect the heat of a candle 100 miles away. 

Velocity 

In our discussion of the composition of stars and planets we men- 
tioned the two narrow yellow lines in the spectrum of incandescent 
sodium. In that case we were assuming the light source and the spec- 
troscope to be stationary with respect to each other. But if the sodium 
highway light had been on the tail of an airplane which was flying 
away from our spectroscope at high speed, the spectrum would have 
looked a little different. The two lines would still have been there; 
they would have been the same distance apart; they would still have 
appeared yellow to the eye, but careful measurements would have 
shown that they had both shifted a little toward the red end of the 
spectrum. If the light had been approaching us at the same speed, the 
lines would have been shifted the same distance toward the violet end 
of the spectrum. In other words, the spectrum of a rapidly moving 
light source will contain the same number of lines, similarly placed 
with respect to each other, but with the entire pattern shifted toward 
the violet or red, depending on whether the light is approaching or 
receding in relation to the spectroscope. Although the shift is very 
small and never by any means large enough for the naked eye to notice 
a change in color, it can easily be measured with modern apparatus and 
techniques. The fact that the amount of the shift depends on the 

speed makes it possible to use the effect as a basis for determining 
velocity. ° 

Thus, if the spectrum of a certain star contains a pattern of lines 
which appear exactly like the absorption spectrum of neon but with all 
of thein slightly out of place, it ix possible to calculate from the amount 
of displacement the direction and speed of the star with respect to the 

“ u The reason for such a shift in spectral lines cannot be discussed 
now but will be taken up in connection with the chapters on Sound 
and Light The phenomenon is known as the Doppler Effect, after 

IbseTed*^” existence, long before it was actually 

Again it is important to note that the method is considered re- 
able because it giva correct results when used with moving labora- 
tory sources where the speed can be measured independently,^ 
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Mass 

Any complete discussion of the methods employed in the deter- 
mination of the masses of stars and planets would lead us into mechani- 
cal principles beyond the scope of this book* It can be said) howevet) 
that such measurements are based fundamentally on Newton s Law of 
Gravitation for which there is ample experimental justification, some 

of which we have considered. 

The preceding discussion has not been, of course, a complete and 
exhaustive consideration of instruments and techm<}ues used in astro- 
nomical measurements. It is given rather as a typical set of procedures 
to illustrate how one may find out some of the things one wishes to 

know about these celestial objects. 

Some methods are more accurate than others; some are more 

direct than others; but the indirect procedures in general can he 

checked on some stars or planets by the more direct, and so have their 

reliability established. 


Questions 


Discussion 


1. Look up some additional information about early spectacle makers and 

the invention of the telescope. ^ 

2. Using a small magnifying glass, try gettmg on paper an image of a tree 

or some other object and note whether or not it is mverted. 

3. Compare tha light-gatherins power, of two tdere^e ^ or mu™, 
iiTUig diameters of 3 mches and 1 inch respectiTely. Of 6 mches and 40 

X'r C; telescopes are aU of the reflecting rather 
•^jlffou c^lS^ an amarenr relescop. hnUder. find ont ^ of^ 

abont hi, instnunent. Also try to arrange » mew tiw heavenly 

the colored page of spectra in the f -t <-« 
what color would yon eapect Incandescent Kthium to appear to the naked eye? 

wOTld you expect to see if you looted ttough a 
white Bght diat had passed through hydrogen gas? Through sodium T po . 

8. Describe the discovery of helium. „e.mbers 

9 . Explain the measurement of distances from the earth to other members 

of the solar system. To bodies beyond the solar system. 
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10. Give reasons why astronomers believe the results obtained in the second 
part of Ques. 9 are reliable. 

11. Describe the operation of a thermocouple. 

12. Look up some applications of the thermocouple other than those men- 
tioned in this chapter. 

13. If the sun were moving rapidly toward the earth how would its spec- 
trum differ from that given In the colored plate? 

14. How can the astronomer test the reliability of his method of measuring 
the velocity of a star with respect to the earth? 

15. What measurement described in this chapter would not be possible if a 
square foot of one material at 8,000° F. radiated energy at quite a different 
rate than a square foot of some other material at the same temperature? 


Multiple Choice 

1. Which of the following combinations of instruments would be most 

valuable for determining the composition of a star or planet? (a) Telescope 

and thermocouple, (b) Thermocouple and spectroscope, (c) Photoelectric 

cell and telescope, (d) Spectroscope and telescope, (e) Interferometer and 
telescope. 

2. The mirror of a certain telescope has a diameter of 6 inches; one that 
would gather in 100 times as much light would have a diameter of — (a) 12, 
(b) 36, (c) 60, (d) 16^^, (e) 600 — inches. 

3. If white light is observed with a spectroscope after the light has passed 

through neon gas, which one of the following will be observed? (a) The 

bright line spectrum of neon, (b) A solid band of red light, (c) A con- 

tmuous spectrum with all colors present, (d) A continuous or rainbow back- 

pound crossed by vertical black lines, (e) Vertical white lines on a red 
background. 

4. Of the following, list those which would constitute necessary and suf- 
ficient data for the determination of the distance from the earth to a particular 
sur. (a) The star’s diameter, (b) Star’s actual brightness, (c) Composi- 
tion of star, (d) Rate at which star radiates energy, (e) Magnitude of 


wh,/ • ^ differs 

hat It would be if the star were stationary with respect to the earth in that 
( ) e entire pattern is shifted to one side in the first case, (b) the former 
has more lm«, (c) the former has fewer lines, (d) the former is a bright line 

foetr Wue ' “ predominantly L and 


True-False 


...C mirror in the 200-mch Mt. Palomar telescope performs 
unction that the objective lens did in Galileo’s telescow. 
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2. The determination of the total mass of the earth involves the use of 
Newton’s Law of Gravitation. 

3. The distance from the earth to a star near Andromeda could not be 
measured by parallax methods. 

4. The color of a star provides sufficient Information for a determination 
of its approximate temperature. 

5. A gas absorbs from a continuous spectrum the colors or wavelengths 
it itself emits when incandescent. 

6. The sun is the only star whose size can be determined accurately by 
parallax methods. 

7. All telescopes larger than 40 inches are of the reflecting type. 

8. The fact that our largest telescope does not reveal planets traveling 
around any of the stars outside the solar system is conclusive proof that such 

planets do not exist. 

9. The light-gathering power of a 3 -inch telescope is to that of a 4-inch 
instrument as 9 is to 16. 

10. In the thermocouple, an electric current is generated because of a dif- 
ference in temperature between the two junctions of two metals. 


« 
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Chapter 6 


THE EARTH AS AN ASTRONOMICAL BODY 




Compared to most of its fellow inhabitants of the universe, the little 
planet which we call Earth does not appear to be very imposing. In 
fact, even among the immediate members of its own solar family it 
does not rank particularly high. Nevertheless, it is our planet, and we 
have to live on it, so it is of considerable importance to us as human 
beings. Consequently, we shall investigate it as an astronomical body 
in much more detail than we did its brother and sister planets. 

Physical Characteristics 

Athough most people are fairly famUiar with the earth’s shape 
size, and temperature, they might find themselves at a loss if they were 
asked to show how these quantities are determined. In this chapter we 
will not confine ourselves merely to stating the data but will attempt 
also to show something of how one would go about getting them. 


Shape 

We rather commonly think and speak of the earth as being a 
sphere that is flattened at the poles, in other words a sphere with an 
equatorial bulge or " bay window.” A somewhat more correct way of 
describing its shape is to say that the earth is an oblate spheroid. 

«sentul sphericity can be shown in a number of ways. There 

ch a phemmenon could scarcely be .rue if .he ocean were perfec.ly 

Ld h "’r*'"’ “ <0 the problem 
W ntbe "“f “ “8'-“''“<le balloon ascensions from a 

.maiunum height of every flight, regardless of the nortion of .g. 
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one was above, the horizon appeared to be a circle whose center was 
directly beneath the balloon, a spherical shape for the planet would be 
indicated. This has been the appearance of the earth during all balloon 
ascents that have ever been made. One of the most direct evidences 
of the spherical shape of the earth is a photograph made by Captain 
Stevens during one of the flights into the stratosphere by a U. S. Army 
balloon. The picture, which was taken at the highest point reached 
during the ascent, clearly shows a curved horizon. Another proof 
concerns the appearance of the earth’s shadow on the moon during a 
lunar eclipse. This shadow as it moves over the moon’s surface is 
definitely curved. 

The existence of the equatorial bulge may be demonstrated with 
a telescope mounted on an island or ship near the equator. The loca- 
tion chosen must be such that the entire horizon shows water rather 
than the irregular topography of land meeting the sky. In such a 
set-up, if the cross hairs of the telescope are set on the eastern horizon 
and then the instrument is rotated in a horizontal plane they will be 
found to coincide with the western horizon, but to be above both the 
northern and southern ones. This can only be true if the earth curves 
more sharply north and south from the equator than it does east and 

west. 

The flattening at the poles and bulging at the equator are caused 
by the centrifugal force which results from the earth s rotation. The 
same phenomenon was mentioned in connection with Jupiter, where it 
appears to an even greater extent because of that planet’s very rapid 

rate of rotation. 


Size and Mass 

The earth has a circumference of about 25,000 miles and an 
average diameter of some 8,000 miles. The polar diameter is about 

27 mUcs less than the diameter at the equator. 

The accompanying diagram (Fig. 30) illustrates one method by 

which the size of the earth can be determined. Assume A and B to 
represent observers in constant telephonic conununication with each 
other and located in G)lumbus, Ohio, and Jacksonville, Florida, re- 
spectively. Observer A notes a star that is directly over his head. At 
the same instant B notes what star is exactly overhead for his position 
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in Jacksonville and communicates its name to A. Now line x is drawn 
from observer A in Columbus vertically upward to the star above him 
and line y from observer A to the star over B in Jacksonville. Angle 
No. 1 is the angle between these lines and can easily be determined by 
A. Now since the stars are - 

so far away, lines y and z y 

are essentially parallel so 

III 

that angles 1 and 2 are 
equal. Thus A knows the 

angle which lines drawn ^ Columbut^''^^'^ 

vertically downward from / /^^JacksonuiUt 

Columbus and Jackson- 

ville will make at the cen- \ j 

ter of the earth. In this V / 

particular case the angle is ^ 

about 10 degrees. The Anqiel- Angle 2-10 Degrtcs. 

shortest distance between Columbus to Jacksonville -690 miles 

Aeie .wo cl,i« is lomi wo 

miles. Therefore, if an =24^840 miles-circumfercnce. 

angle of 10 degrees sub- pio. )o. Diagram illustming 

tends a distance of 690 nomical method of determining the earth’s 

miles on the earth’s surface circumference. 


^^JacksonuiHt 


about 10 degrees. The Anqiel- Angle 2-10 Degrtes. 

shortest distance between Columbus to Jacksonville -690 miles 

these two cities is some 600 ? gf! 

miles. Therefore, if an =24^840 miles-circumfercnce. 

angle of 10 degrees sub- pio. 50. Diagram illustrating an astro- 
tends a distance of 690 nomical method of determining the earth’s 
miles on the earth’s surface circumference. 

each degree marks off 69 miles and the distance around the planet is 
about 360 X 69 or 24,840 miles. Knowing the circumference, one 
can easily calculate the diameter. This procedure is somewhat like that 
used by Eratosthenes, some 2,100 years ago when he determined the 
earth s circumference with an error of only about 3 per cent. 

By methods which involve primarily Newton’s Law of Gravita- 
tion, the mass of the earth has been found to be about 6 X 10"^ tons. 


Age 

The various procedures that have been followed in determining 
t e age of the earth will be discussed in some detail at a later time. At 
this point it w-ill be sufficient to mention that the method believed to 
e the most reliable is based on rates of radioactive decay of such ma- 

rrr r 't The oldest actual rock deposit investi- 

gated by this method is 1.850,000,000 years old. This means that the 
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earth is at least that old. Certain other considerations have led geolo- 
gists to adopt a figure of three billion years or more as the minimum age 
of the earth, while recognizing the possibility that it is much older. 


Temperature and Habitability 

These two characteristics have been grouped together because the 
second depends to a considerable extent on the first. In view of the 
fact that, of the billions of bodies in the universe, the earth is the only 
one which we know has life upon it, it may be worth while to ask just 
what set of conditions makes this phenomenon possible. 

The first property that the earth has and most other planets do 
not have is a comparatively narrow range of temperatures. All life 
depends fundamentally on vegetation for food. Animals eat either 
vegetables or animals, and those animals in turn do the same, until 
eventually one comes to an animal in the chain that lives on vegetation. 
Now for vegetation to maintain itself, temperatures in general must 
not be higher than about 132° F. nor lower than 14° below zero, a 
range that is extremely small when compared with temperatures on 
other planets. Earthly temperatures, however, are such that only a 
small fraction of the planet’s surface is ever above or below this range 
for any great length of time. 

Several factors enter into the maintenance of such a narrow 
temperature spread. The atmospheric blanket, for example, must be 
of about the correct thickness to let sunlight through and yet act as a 
tempering agent to help prevent extremes between midsummer and 
midwinter, or midnight and noon. A different rate of rotation of the 
earth would affect temperatures since the sun would shine on a par- 
ticular place for longer or shorter periods than it now does. Bodies 
of water must be present to provide a tempering effect. The distance 
of the earth from the sun affects the amount of radiation it gets and 
consequently its temperatures. Already we have a rather formidable 
list of requirements just to maintain the proper degree of hotness or 
coldness. However, all these might be correct and life, as we know it, 
still be impossible. For in addition to correct temperatures, the atmos- 


phere must have just the right amount of oxygen in it. It must per- 
mit the correct amounts of the proper colors of the sun s rays to pene- 
trate it. For example, a population could be destroyed rather quickly 
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if the ultra-violet rays of the sun were prevented from reaching them. 
Also carbon has to be present since all organic compounds contain it, 
And so one might go on building up a list of conditions, every 
one of which apparently must be present if this interesting phenome- 
non which we call life is to exist. One soon begins to feel that it is 
most remarkable that such a detailed and specific set of properties 
should have happened to come together on the earth, and that it is 
quite beyond the bounds of possibility that they should occur any- 
where else in the universe. 

There is another viewpoint, however, that must not be ignored. 
We have stated that these conditions must be present if life, as we 
know ity is to exist. This, of course, does not rule out a form or forms 
of life of a different sort. The fact is that the conditions were here 
first, and life developed to fit them. Thus it is quite possible that, had 
somewhat different conditions been present, a different sort of life 

might have come about, something that may have occurred or may be 
occurring elsewhere in the universe. 

Phenomena which Depend on the Earth’s Motions and 

Positions in Space 

There are several phenomena that we, as dwellers on the earth, 

commonly observe, which are the result of our planet’s behavior in 

space. Some of these occur because of the three types of motion which 

the earth possesses, and one is due almost entirely to the direction in 
which its axis happens to point. 

Rotation of the Earth on its Axis 

We have all grown up with the idea that the earth’s rotation on 
Its axis causes the phenomenon which we call day and night, and so 
we have no trouble accepting it as a fact. As we have seen, however, 
there was a tune when people much preferred to believe that the earth 
was quite motionless and that the sun, moon, planets and stars moved 

about It So we may ask how one would go about proving to such a 
person that our notion is the correct one. 

The fact that such a rotation ofiFers a ready explanation of the 
equatorial bulge which the earth possesses might be thought of as in- 
direct evidence. But it would scarcely be conclusive in itself. Quite 
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direct evidence can be obtained by a type of pendulum experiment, de- 
vised about 1850 by the French physicist, Leon Foucault. To illus- 
trate the procedure, let us imagine ourselves in a closed freight car 
which stands on a turntable. Suspended from the ceiling of the car 
is a long pendulum which consists of a fairly heavy weight hung by a 
fine wire. The pendulum is started swinging back and forth the long 
way of the car. So far the car has been stationary, but now suppose 
that the turntable begins to rotate very slowly. The only direct con- 
nection between the pendulum and the car is at the point of suspension 
so that the only force tending to change the direction of its swing is 
the twisting action of the wire. If the bob is heavy and the suspension 
fine, this effect will be negligible and the pendulum will maintain it: 
direction of swing while the car turns under it. Thus when the turn- 
table has rotated through 90 degrees, the pendulum will be swinging 
across the car instead of in the direction of its long dimension, giving 
us a means of detecting rotation of the car even if we were unable to 
see out or otherwise tell that the turntable was in motion. In demon- 
strating the rotation of the earth, our illustration is analogous to a 
pendulum suspended over one of the poles. Such a pendulum would 
appear to change its direction of swing, because of the earth’s rotation 
under it at the rate of 1 5 degrees an hour, or a complete revolution in 
24 hours. As one moves to lower latitudes, the rate of rotation be- 
comes less until at the equator it is zero. The pendulum at the equator 
would be comparable to a case of the freight car moving along a 
straight track, that is, with no change in direction. The original 
Foucault pendulum was set up in the Pantheon in Pans and consisted 
of a 5 5 -pound weight hung from the ceiling by a wire some 70 yards 

long. . . e 

Another method of demonstrating the earth’s rotation consists of 
taking time exposure photographs of the sky showmg star trails. The 
one shown in Fig. 3 1 was taken with the camera pointed at Polaris 
the lens being left open from 8 p.m untU 4 a.m. This is exactly the 
effect that one would expect if the earth rotates. It should be men- 
tioned that taken alone it would not be positive proof of the rotation 
phenomenon because the same result would occur as far as the photo- 
graph is concerned if the earth were stationary and the stars embedded 
in a huge rotating shell. The short, very bright arc near the center of 
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the concentric circles is the trail made by Polaris. The fact that it is 
an arc instead of a point proves that the earth’s axis does not point 
directly toward this so-called Pole Star. 



Fig. 31. Star trails in the northern sky, made by pointing camera at Pole Star 
and leavmg lens open from 8 P.^.. to 4 A.xt. (Photo by Jofeph Coburn Smith ) 

The apparent rotation of stars at night due to the actual rotation 
of the earth .s .1 ustrated for three times of night in Fig. )2. The Big 

Jre" “r Ocle^T' 
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Revolution of the Earth About the Sun 

This motion of the earth determines for us the unit of time which 
we call the year. Our reasons for believing that all planets possess it 
have been covered in the general discussion of the solar system. While 
traveling in its slightly elliptical orbit, the earth maintains an average 



Fig. 32. Apparent rotation of stars due to actual rotation of earth. 


distance from the sun of some 93,000,000 miles, being about 3,000,000 
miles nearer it in January than in July. Its speed in its orbit averages 

about 18.5 miles per second. 

Precession of the Earth’s Axis 

Here we are concerned with a somewhat less familiar type of 

motion of the earth. We may illustrate it by the spinning top shown 
in Fig. 33. Part (a) shows the top when it is spinning rapidly. It 
will be noted that the axis about which it spins is straight up and dowri, 
that is, perpendicular to the plane or surface on which the top is 
located. Here there is no precessional motion. But as the top slows 
down it acquires a new sort of motion which one would commonly 
describe as " wobbling.” As indicated in (b), the axis is no lonpr 
perpendicular to the surface but slants, the upper end of it moving 
in a circle. Such a motion is called precession. The axis of the earth 
precesses or wobbles in just this fashion. We do not notice it 
of the length of time required for it to complete one whole " wobble, 
a matter of some 26,000 years. This means that the North Pole does 
not always point at the same star. When the cycle has been half cp- 
pleted, about 13,000 years from now, the Pole Star will not be Po aris 
whose name means ” Pole Star.” but Vega, all of which should be very 
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confusing to future students of astronomy. This precessional motion 
is a direct result of the earth’s having an equatorial bulge. This causes 
an abnormal concentration of mass around the equator, which results 
in an unequal gravitational attraction of the sun and moon for differ- 
ent parts of the earth. 

The three sorts of motion just described for the earth are the same 
three that would be possessed by a slowly spinning top located on a 
merry-go-round. Such a top revolves about the music box in the 
center; it rotates about its own axis; and at the same time the axis 
" wobbles ” or precesses. 


Inclination of the Earth’s Axis 

The reader may have been puzzled at some time as to why globes 
are always constructed with the axis tilted instead of vertical. At first 
thought vertical might not seem to have 
much meaning out in space. It has 
meaning, however, if we define it with re- 
spect to some line or surface. In the case 
mentioned previously we said the axis of 
the top when it was spinning rapidly was 
perpendicular to the surface on which 
the top was located and was not perpen- 
dicular when it began to wobble or pre- 
cess. Similarly we may define the direc- 
tion of the earth’s axis with respect to 
the surface or plane that might be 
thought of as including the orbit of the 
earth. On this basis, the axis of the 
earth is not straight up and down but 
inclined to the vertical at an angle of 
23.5 degrees as indicated in Fig. 34. The 
plane of the earth’s orbit is known as 




tb) 


the ecliptic and the 23. 5 -degree angle of 
inclination by the rhythmic title of the 
obliquity of the ecliptic. As a result of 


Fig. 33. (a) Top spinning 
without precession, (b) 

Top spuming and precess- 
ing. 


^ angle of certain familiar lines on the earth’s surface are defined 

Tie Troprc of Canc« is a, a Urirude of 23.,» N., and the Tr<S“ f 
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Capricorn the same number of degrees south of the equator. Points 
23.5 degrees from the North Pole are on the Arctic Circle and have a 
latitude of 66.5° N. The Antarctic Circle is similarly defined with 
respect to the South Pole. 

The principal significance to us of the inclination of the earth’s 
axis lies in the fact that it is almost the sole cause of the sequence of 



Fig. 34. Location of Tropics, Arctic 
and Antarctic Circles. 


seasons. This will be shown by 
a study of the diagram in Fig. 3 5 . 
Here the earth is pictured at four 
times during the year. At each 
of these times we shall consider 
temperatures and comparative 
length of day and night. 

On or about June 21 the 
sun’s rays fall perpendicularly 
on the Tropic of Cancer and least 
directly on points in the south- 
ern hemisphere. Therefore at 
this time the northern hemi- 
sphere might be expected to have 


its warmest weather. Actually there is a lag caused by the time neces- 
sary to heat up the atmosphere and earth’s surface so that maximum 
temperatures in the northern hemisphere occur a little after June 21. 
At the same time the southern half of the earth is having winter. By 
about December 22, the North Pole is tilted away from the sun in- 
stead of toward it and temperature conditions in the two hemispheres 
are the reverse of what they were on June 21. Halfway between these 
two dates, that is about September 23 and March 21, the equator is 


receiving the direct rays of the sun. 

A similar series of changes occurs with regard to comparative 

lengths of day and night in the two hemispheres. Points on the equa- 
tor have equal day and night the year round. As one goes north from 
the equator on June 2 1 , the number of consecutive hours of daylight 
increases until at the Arctic Circle the sun shines continuously for 
approximately 24 hours. At the North Pole the period of sunshme 
covers the 6-month interval from March 21 to September 23. From 
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die equator south, on June 2 1, days are shorter and nights longer until 
at the Antarctic Circle there is a full 24 hours of darkness, and 6 
months without the sun at the South Pole. It is obvious that on De- 


cember 22 these conditions will be reversed with respect to hemi- 
spheres, places north of the equator having their shortest day and points 
south the longest. Day and night will be equal for all points on the 



Fig. 31. Diagram iUustrating the relationship of the inclination of the earth’s 
axis to seasons and relative lengths of day and night. 

earth’s surface about September 23 and March 21, from which these 
citnes of the year get their name of equinoxes. 

The way the so-called midnight sun appears to move across the 

northern horiron when observed from a point near Circle City, Alaska, 

IS shown m Fig. }6. The photographs were taken at 15 -minute in- 
tervals. 

TTiese varying conditions of temperature and of relative lengths 

of dayhght and darkness would not eidst if the axis of the earth were 

perpendicular to the plane of the planet’s orbit. In that case the sun’s 

rays would rtrike any given point at the same angle throughout the 

year, while day and mght would be of equal length at aU places all 
tne time. ^ 
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Fig. 36 . The midnight sun apparently moving across the northern horizon as 
the earth rotates. The photographs were taken at 15 -minute intervals from a 
point near Circle City, Alaska. (Courtesy Co-op. Photo Shop, Fairbanks, 
.Alaska.) 

The Moon 

Physical Characteristics 

The earth’s only satellite is a cold, dead sphere with a diameter of 
some 2.160 miles, about one-fourth that of the earth itself. Its aver- 
age distance from the earth is about 240,000 miles, close enough so 
that the best telescopes now in use enable us to see objects on it of sizes 
from 300 feet up. As Fig. 37 indicates the moon’s topography in- 
cludes great rolling plains and vast rugged mountain ranges. Some of 
the latter extend as much as four and five miles above the surrounding 
lowlands. The thousands of craters, vary ing in diameter from a frac- 
tion of a mile to over 60 miles, form one of the most striking features 
of the lunar landscape. Various hypotheses have been advanced to 
account for their formation. Some astronomers suggest that they 
were caused by the impact of meteors on the moon’s surface. Against 
this theory it is argued that such an event would have resulted in the 
craters being scattered more or less uniformly over the moon s surface, 
whereas actually they are almost entirely confined to the mountainous 
regions. Another possibility is that they represent the dead craters of 
ancient volcanoes, but no direct evidence exists for either theory. 

It seems quite certain that the moon has no atmosphere. In the 
first place, because of its small mass the satellite’s gravitational attrac- 
tion is probably not sufficient for it to hold atmospheric gases. Then 
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the extremely sharp and jagged appearance of mountain peaks sug- 
gests that no atmospheric weathering has been occurring. This is 
further substantiated by the distinct, sharp appearance of the edge of 
the moon, since the presence of gases should make it look hazy to us. 



Fig. 37. The moon, age 10.3 5 days. Taken with 36-inch rcflec 
(Photo by J. H. Moore & J. F. Chappell, Lick Observatory.) 


ting telescope. 


Spectroscopic evidence indicates that there is no water on the 
moon. Thus, the absence of both atmosphere and oceans to act as 
tempering agents would lead us to expect the great extremes of tem- 
perature which are actually found to exist. Temperature measure- 
ments show that changes from 230° F. at midday on the moon to 
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— 110° F. at midnight may occur. It has been suggested previously 
that very long days and nights would make for extremes of tempera- 
ture, so that the fact that a day on the moon is over 29 times as long 
as a day on earth tends to increase the temperature range. 

The moon possesses two types of motion. In its revolution about 
the earth, it travels in an orbit that is roughly elliptical and has a 
radius of some 240,000 miles. To complete this circuit requires be- 
tween 29 and 30 of our days, the period of time that we call a lunar 
month. The plane of the moon’s orbit is inclined to that of the earth 
at an angle of about 5 degrees, a circumstance that has an important 
bearing on the phenomena of lunar and solar eclipses as well as phases 
of the moon. 

In addition to its motion of revolution, the moon rotates on its 
axis. As an illustration of the somewhat peculiar manner in which 
this rotational motion occurs, let us call the reader’s attention to one 
of the wooden horses on a merry-go-round. Note that as this animal 
travels in its circular path it always keeps the same side toward the 
organ in the center. Consequently an employee standing beside the 
organ would see but one side of the horse and so might be tempted to 
say that the animal does not rotate. An individual standing out in the 
park, however, gets the correct view of the situation. To him it is 
evident that the horse does rotate since he sees all sides of it. As a 
matter of fact, the interval from the time he sees one side of the animal 
until he sees the same side again is exactly the same as that required 
for one revolution about the organ. In other words, the horse's period 
of rotation is the same as its period of revolution. The relationship of 
the moon to the earth is like that of the horse to the organ, in that the 
satellite always presents the same face to us. Actually man has seen 
about five-ninths of the moon’s surface because of the greater size of 

the earth. 

The fact that the moon’s f)eriod of rotation equals its period of 
revolution about the earth means that any given point on it is in con- 
stant sunlight for over 14 consecutive days and then in darkness for 

the same length of time. 
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Phenomena Involving the Motion and Position of the Moon in 
Space 

The moon has much less eflfect on our earthly affairs than is often 
supposed. There seems to be no scientific evidence, for instance, to 
indicate that it is of the slightest importance in the proper care and 



Fig. 38. Diagram illmtrating the reason for the occurrence of phases of the 
moon. (After Menzel.) ^ 


feeding of the growing potato. It apparently has little or nothing to 
do with producing our weather. In fact, aside from its romantic 
aspects and its commercial value to popular song writers, its influ- 
ences on us are only about four in number, namely, to provide us 
with a natural unit of time, which we no longer use; to give us the 
various phasM of the moon to look at; to be a party to the production 
of solar and lunar eclipses; and to cause tides on the earth. 

e Lunar Month. — The revolution of the moon about the earth 
does provide a natural unit of time, one which is called the lunar 
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month. iTiis unit was of considerable importance in certain early 
calendars at a time when it was thought necessary to begin each month 
with a new moon. The practice was later abandoned because of compli- 
cations arising out of the fact that the lunar month neither contains an 

exact, whole number of days, nor is 
contained an exact, whole number 
of times in a solar year. Conse- 
quently since the time of Julius 
Caesar, years have contained just 12 
months with the new moons falling 
where they may. The lunar month’s 
place in the calendar will be dis- 
cussed in greater detail in a later 
chapter. 

The Moon’s Phases. — Phases 

of the moon constitute a phenom- 
enon the cause of which is frequently 
not understood. To see why it oc- 
curs let us trace the moon in Fig. 38 through one complete revolution 
about the earth. First, recall that the moon, like the planets, is not lu- 
minous of itself. It is cold and dead and becomes visible only as it re- 
flects the sun’s rays. In the diagram, sunlight is seen streaming in from 
the left, lighting up the left-hand sides of the earth and moon. Now 
consider the moon first in position (a) , remembering that we are look- 
ing at it from the earth. Obviously, the only part of the moon that we 
can see is the unlighted half. So we speak of the " dark of the moon ” 
or " new moon,” not because something is between us and the moon, 
but merely because there is no sunlight shining on the side toward us. 
By the time it gets to (b) , we can see a larger amount of the lighted 
half, so that it is past being a " new moon.” At (c) , half of the side to- 
ward us is reflecting sunlight and we see a " half moon. At (d) , it is 
more than half full. By the time it gets to (e) , the entire lighted side 
of the moon is toward us and we see a " full moon.” At first thought 
it may appear from the diagram that at (e) the moon should be in the 
earth’s shadow. But remember that the moon’s orbit is inclined to the 
earth’s at a small angle so that in the figure the full moon should be 
either a little above the paper or a little below it. From position (e) , 



Fig. 39. Relative positions of sun, 
moon, and earth during a solar 
eclipse. 
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through (f), (g), (h), and back to (a) again, it reverses the above 
sequence. Thus, our view of the moon varies according to our position 
relative to the half of the satellite on which sunlight falls and, as we 
shall see, in no way resembles the eclipse phenomena with which it is 
frequently confused. The way the 
moon looks to us at points (a) to 
(h) , inclusive, is shown at the bot- 
tom of the figure. 

Solar and Lunar Eclipses. — 

As a result of the combined revolu- 
tions of the earth about the sun and 
the moon about the earth, it occa- 
sionally happens that the three bod- 
ies get exactly lined up. If the ar- 
rangement is such that the moon 
is between the earth and sun, the 
phenomenon that we call an eclipse 
of the sun occurs. At such a time, 
the image of the sun is completely 
blotted out for a small circular area 
of the earth’s surface (Fig. 39). 

Surrounding this region of total 
eclipse is a ring-shaped area for 
which the sun is partly covered, 
called the region of partial eclipse. 

Since the distance of the moon from 
the earth varies slightly from time 
to time, it occasionally is so great at 
the time of a solar eclipse that there 



Fig. 40. Series of photographs 
showing progress of solar eclipse of 
June 8, 1937. Pictures were taken 
at J-minute intervals. (National 
Geographic Society — U. S. Navy 
Eclipse Expedition, 1937.) 


IS no area of totality. In such a case a thin ring of the sun is visible 
entirely around the moon and the eclipse is said to be an » annular ” 
one. The maximum area of totality that can possibly occur is such 
that the eclipse lasts a total of between 7 and 8 minutes. An average 
ec ipse of the sun lasts for 3 minutes or less. The complete progress of 
a particular eclipse is shown in the series of photographs in Fig. 40. 
The individual pictures were taken at intervals of 5 minutes. A view 
e sun s corona taken during the same eclipse is given in Fig. 4 1 . 
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Fig. 41. Sun’s corona as photographed during the solar eclipse of June 8, 1937. 
The duration of totality for this eclipse was the longest since 699 a.d. (Na- 
tional Geographic Society — U. S. Navy Eclipse Expedition: photographed by 
Dr. Irvine C. Gardner.) 


In this particular solar eclipse the duration of the tune of totality was 
the longest since 699 a.d. 

The combination of circumstances as a result of which this phe- 
nomenon occurs takes place periodically. The interval between solar 
eclipses for a given location on the earth is 1 8 years, 1 0 days, 7 hours, 
and 43 minutes, a period of time that was called a saros by the ancient 

Babylonians. 

If the lining up of the sun, moon, and earth takes place so that the 
earth is in the middle, an eclipse of the moon occurs, as shown in Fig. 
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42. Since the earth is much larger than the moon it casts a largei 
shadow, so that lunar eclipses occur more frequently and last longet 
than do eclipses of the sun. 

Somewhat similar phenomena called transits and occultations oc* 
cur with the other planets taking the part of the sun or moon. A 


transit takes place when Mercury 
or Venus comes between the earth 
and the sun. The appearance is 
simply that of a tiny black dot 
moving across the surface of the 
sun. An occultation of a planet or 
fixed star is said to occur when it is 
eclipsed or blotted out by the moon. 
In the course of time this happens 
to all the planets. 

Tides. — Finally, the moon rep- 
resents the principal cause of tides 



on the earth. Consider, first, the Fig. 42. Relative positions of sun, 
earth and moon as stationary in the and earth during a lunar 

position shown in Fig. 43 (a) . As 

a result of gravitational attraction ocean waters would tend to pile up 
to a height of several feet at points marked H. Since there is only 
M much water on the earth, this would produce low tides at L points, 
’^ese places would tend to remain as they are with respect to 
the moon. Thus if the moon remained stationary, any given 
^int on the earth’s surface would pass through high tide every 
12 hours, with times of low tide occurring halfway between. But 
the moon does not remain stationary. Since it revolves in the same 
irection that the earth rotates it will have moved to the dotted 

» shown in Fig. 43 (b) while the earth is making one rotation. 

This will m^e the times of high and low tide a little later than in the 

rst case. Thus mstead of high tide occurring exactly every 12 hours 

for a given location, it takes place about every 12 hours, 25 and a 
traction minutes. 


murl, I ^ V appreciable eflfect on the tides although 

mud, fa d«u caused by the moon because of m greater di 
tance from the earth. When the two bod:.. i j. .. . 
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(b) 



Fig. 43. Diagram illustrating pro^ 
duction of tides on the earth. 


same side or opposite sides of the earth, their ^^ts add fsagether 
producing unusually high, or' spring tides. Chi the other inmd, if dbe 
sun and moon are in positions such that lines drawn from the two io 

the earth would be at right angles to 
each other, the gmvitarionai at-« 
traction of one is working agdnst 
that of the other and the residtant 
high tides are lower than normal. 
These are called neap tides. The 
height and occurrence of tides are 
also affected by local conditions of 
wind, atmospheric pressure, shore 
lines, and other factors. There is 
evidence to indicate that the tides 
act as a brake, slowing down the 

I 

rotation of the earth about one- 
thousandth of a second per century. 
Thus it is gradually approaching 
the condition exemplified in our moon and in Mercury in which the 
period of rotation equals the period of revolution. 

QtJESTIONS 

Discussion 

1. Discuss experimental evidence that you might use in convindng a 
s Vyp ftral individual of the truth of the following statements: 

a. The earth is roughly spherical in shape. 

h. The earth rotates about an axis. 
c. The earth revolves about the sun. 

2. Describe in detail the astronomical method of determining the circum- 
ference of the earth. 

3 . Explain just how the following rmght be expected to affect the maxi- 
mum range of temperatures existing on a planet: 

a. The composition and thickness of its atmosphere. 

b. The rate at which it rotates. 

c. The presence or absence of bodies of water on i 

4. Describe a Foucault pendulum and explain its use. 
y, ^hat changes in seasonal temperatures will occur in 

places during the next 130 centuries as a result of the eardi 

motion? . . ou. 

a. A Doint on the northern boundary of the United States. 




y,*. ■ ♦“* 
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b. A point on the equator. 

c. A point in southern South America. 

6. How would the seasonal variations in temperature of the places listed 
in Ques. J differ from their present values if the obliquity of the ecliptic 
were twice its present value? If it were 0 degrees? 

7. Answer <^es. 6 substituting " variation in length of day and night ” 
for " variations in temperature.” 

8. What effect on seasons will the earth’s precessional motion have in 
13,000 years? In 6,500 years? 

% Mention experimental evidence supporting or contradicting the fol- 
lowing statements; 

a. The moon has no atmosphere, 

b. There is no water on the moon. 

c. The moon is a star. 

d. There is no life on the moon. 

10. Explain the statement that the moon’s period of rotation equals its 
penod of revolution. 

1 1. Sugg«t reasons for the common misconception that phases of the moon 
and eclipses have similar causes. 

12. What phase of the earth would an observer on the moon be seeing when 

we see a new moon? Explain, ® 

13. Compare the solar and lunar eclipses that we see with those that an 

^b? wr occurrence, 

(b; length, and (c) degree of totality. 

14. Define and explain transits and occultations 

12 

16. my is it that the moon rises about an hour earUer each night> 

18. Why are the following impossible? 
tf. An eclipse of a new moon. 

b. A transit of Mars. 

c. Solar eclipse at time of full moon. 

a. Spring tides when the moon is half full. 

19 “ «k[«e of the ton 

vp .he. 2“ - 

Multiple Choice 

^ «*t ..he on 

w (h, 2,..., ,e, ,0.., w 4li.%‘n.s2-nZ’r“''- 



110 


MAN AND THE UNIVERSE 


[Chap. 6 

2. The appearance in the heavens of a star inside the curve of a crescent 
moon, as on the flag of Turkey, (a) could only occur just before a solar eclipse, 
(b) could only occur at the time of equinox, (c) could only occur just before 
an eclipse of the moon, (d) could not occur at all. 

3. On December 22, (a) a point on the equator has more than 12 hours 
of daylight, (b) the sun would appear directly overhead to an individual who 
lived on the Tropic of Cancer, (c) the South Pole would experience 24 hours 
of darkness, (d) the sun appears at its highest point in the sky to a resident of 
Argentina, (e) day and night are equal at the Arctic Circle, 

4. Other things being equal, 26,000 years from now (a) the North Pole 
will point approximately at Polaris, (b) the South Pole will point at Alpha 
Centauri, (c) Vega will be the Pole Star, (d) the earth’s axis will occupy a 
position in space perpendicular to its present position, (e) Arcturus will be the 

Pole Star. 

5 . An eclipse of the sun should occur every month at the time of a new 
moon if (a) the earth’s axis were perpendicular to the plane of its orbit, 

(b) the plane of the moon’s orbit were the same as that of the earth’s orbit, 

(c) the moon traveled about the earth in a direction opposite to iu present 
one, (d) the earth’s orbit were circular instead of elliptical, (e) the orbits of 
the moon and earth were perpendicular to each other. 


True-False 

1. An observer located on the moon would see phases of " new earth,” 
" half earth,” '* full earth.” 

2. The only planets for which transits can occur are Mercury and Venus. 
3 ! If we could see it well enough we would expect that Pluto would 

exhibit the same series of phases as do the moon and Venus. 

4 . The sharp jagged appearance of lunar mountains suggests the absence 

of an atmosphere on the moon. • 

5 . The Foucault pendulum is of value in demonstratmg the rouuon ot 


the earth. ... i 

6 . If the obliquity of the ecliptic were to be twice its present value, your 

home town would probably have warmer weather in June than it now ex- 

^'"rSie southern hemisphere has its warmest weather when the earth is 

farthest from the sun. .u, 

8 . Spring tides occur at a time when a line drawn from Ae sun to the 

earth would be perpendicular to one drawn from the moon to the ea^. 

9 . An eclipse of the moon occurs when the shadow of the earth falb on 

the moOT.e concentrated in the moun- 

tainous regions favors the hypothesb that they represent extmct volcanoes 
rather than the landing places of meteorites. 
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Chapter 7 

THE EARTH AS AN ASTRONOMICAL 

BODY {Continued) 

In the preceding chapter our attention was focussed primarily on the 
relation of the earth to the other members of the solar system. In 
this chapter we shall concern ourselves more particularly with the 
composition and structure of the planet itself. 

Division of the Earth into Four Spheres 

In discussing the makeup of the earth it is convenient to think 
of it as being divided into four parts or spheres. Two of these consti- 
tute the solid portion of the planet while the other two include the 

water and air respectively. We shaU consider them in order, begin- 
ning with the interior of the earth. 

The Centrosphere 

Location. — The centrosphere may be defined as the interior of the 
earth, from the center out to a point some 40 to 60 miles beneath the 
surface. It is obvious that such a region cannot be mvestigated di- 
rectly, so that what knowledge we have of it has been obtained by 
indirect procedures. However, as we shall point out from time to time 
in this book, indirect methods of acquiring information, when subject 

to the proper checks, may be quite as reliable as procedures which seem, 
on the face of them, less round about. 

Properties. — The reader will recall that the nebular hypothesis of 
La Place pictured each of the planets as having begun its independent 
existence as a gaseous ring. This ring was then thought of as having 
formed mto a more or less spherical mass which, as it cooled, first 
bquefied and then solidified to form the planet as we know it today 
Dn this basis it was natural to think of the interior of the earth cHll 
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being in a molten state, and so the term ' crust came to be applied 
to the solid outer layer which was thought of as floating upon a liquid 
interior. The evidence which led to the complete abandonment of 
the nebular hypothesis has already been discussed. Let us now look at 
some of the experimental facts which make it quite certain that the 
central portion of this planet possesses properties far different from 

those which we commonly associate with liquids. 

Comparative densities of solid and molten rock throw some light 
on the problem. A cubic foot of the former is found to weigh more 
than a cubic foot of the latter. Thus, solid rock would not float on 
molten rock like ice on a pond, but would lend rather to sink to the 

bottom, that is, to the earth’s center. 

Also there is the matter of the frictional force that would be ex- 
erted by a liquid on the Interior of a rapidly spinning sphere. It is a 
fact that a spherical metal shell containing a liquid cannot be made 
to spin for any length of time because of the frictional effect of the 
liquid on the inner surface of the ball. For this reason one might ex- 
pect that the rotation of a molten-center earth would be slowmg 

down much more rapidly than is indicated by the evidence. 

A more quantitative kind of evidence comes from studies of the 

earth’s density. In the previous chapter mention was made o pro- 
cedures used in determining its size and mass. From these data the 
mass of an average cubic foot of the entire planet can be calculated. 
This average cubic foot Is found to weigh about 5.5 tinaes as much as 
a cubic foot of water. But when only materials near the earth s sur- 
face are used In the calculation, the average weight is only some 2.7 
times that of water. This makes it evident that the substances which 
compose the interior of our planet must be considerably heavier than 
the average. Various calculations have placed the figure at from 10 


12 times the density of water. 

The study of earthquake tremors provides another avenue of ap- 
proach to the problem. The procedures followed in these experiments 
will U described in the next chapter. It will be sufScent here to say 
that the results obtained ate in agreement with those menttoned above. 

and indicate that the interior of the earth ts mote ngtd 

Examination of meteorites oSers a suggestion as to the possib 
identity of the substances composing the earth's core. If one accepts 
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the idea that all the members of the solar system had a common origin, 
as implied in the planetesimal as well as the nebular hypothesis, then 
one might expect to find a similarity of structure among them. Mete- 
orites, as man finds them, contain a far higher percentage of nickel and 
iron than do the upper layers of the earth’s crust. But a meteorite is 
simply the core of what was once a much larger body, the outer por- 
tions having been consumed by the heat of friction as it traveled 
through the atmosphere. Thus it may very well be that the earth’s 
core is also composed largely of a mixture of nickel and iron. Such 
a core would possess properties of density and rigidity in agreement 
with the experimental results previously discussed. 

Another bit of supporting evidence for the nickel-iron picture 
should be pointed out. Iron and nickel are two of the three elements 
known to man which can be highly magnetized, and the observed 
magnetic properties of the earth are what one might expect if the 
central portion of the planet is made up of these two metals. 

To summarize, in the light of modern experimental evidence, one 
may say quite conclusively that the interior of the earth is solid, has a 
high density, and is more rigid than steel. It also gives evidence of 
possessing the property of flowage, a characteristic which we com- 
monly associate only with liquids. This is not contradictory to the 
r«t of the picture, however, because under the enormous pressures 
which exist in the interior of the earth — as much as several million 
tons per square foot - materials which we know as solids might 
readily be expected to flow. The actual identity of the substances 
must not be stated too dogmatically, although we have described cer- 
tain experimental facts that make it reasonable to think of the core as 
consisting of nickel and iron. 


The Lithosphere 

Location. - The lithosphere may be thought of as the outer shell 
of Ae sohd earth some 40 to ^0 miles in thickness. Since the deepest 
weUs and mines of man do not reach more than two miles beneath the 
rtace, here agam most of our knowledge must be obtained by in- 

in this 

nab which may come from comidcrable distances below the surface. 
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Even siirface rocks are frequently a help in this connection since there 
is good geological evidence to indicate that many of these were at one 
time far beneath their present location. 

Properties. — Investigations made by these and other methods 
show that about 3 5 of the known chemical elements are present in the 
lithosphere in amounts from .001 per cent up. Of these, the eight 
listed in Table 3 make up over 98 per cent of the total, with oxygen 
accounting for almost half. 


Table 3. The Eight Most Abundant Elements nsr the Lithosphere 


Element 

Percentage 

Oxygen 

(O) 

46.5 

Silicon 

(Si) 

27.6 

Aluminum 

(AI) 

8.1 

Iron 

(Fe) 

5.1 

Calcium 

(Ca) 

3.6 

Sodium 

(Na) 

2.8 

Potassium 

(K) 

2.5 

Magnesium 

(Mg) 

2.1 



98.3 


From man’s standpoint one of the most important, as -s 
most impressive, characteristics of the surface of the lithospher 
unevenness. The principal features of this irregularity are the 

and the continental plateaus. Since, at the present time, 
fVi«n watcf to fill the former, it encroaches t< 


extent on the continents, submerging the edges or so-called 

nental shelves. This overlapping is sufficient to make the tota 

surface area almost three times that of the dry land, althou^ 


areas 


ocean basins are only about twice as large as the continental 


ocean basins are themselves 



by various relief features and topograpWcal irregularities. T 
tiemes of these are found in Mt. Everest, a peak of the Htoa 
whose summit is 29,141 feet above sea level, and Tuscarora D 


ex- 





coast of Japan vdiere the ocean floor is 35^30 fe 
surface of the water. Thus the maximum range in ahhode over 

lithosphere is d4,571 feet or a Me aver 12 nffies 

lid be noted that thoe rdief f esdmes 






ltd 


iTui 
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to us are actually quite insignificant when compared to the dimensions 
of the earth. In this connection someone has calculated that if a 
billiard ball were to be enlarged to the size of the earth, it would possess 
mountain ranges higher and valleys deeper than any now in existence 
on this planet. 

It is primarily with the changes that have occurred and that are 
now taking place in the outer part of the lithosphere that we shall 
concern ourselves in Chapters 8 to 1 0 of this book. 


The Hydrosphere 

The hydrosphere, including oceans, streams, and the ground 
water which saturates a layer of earth just beneath the surface, forms 
an essentially continuous film about the lithosphere. The surface 
bodies of water cover almost ^ of the approximately 197,000,000 
square miles of the earth s exterior. They contain enough water, if 
distributed uniformly, to cover the entire planet to a depth of some 
two miles. As was mentioned above, at its greatest depth the ocean 
floor is farther below sea level than the top of the highest mountain is 
above it. In temperature, the oceans vary from 2 8 ° F. in the polar re- 
gions to 81° F. at the equator. Far beneath the surface, even in the 
lower latitudes, temperatures may be as low as 29° F. and remain al- 
most constant throughout the year. 

The tempering effect of the hydrosphere on earthly climates has 
already been mentioned. Because water both heats up and cools down 
more slowly than does land, oceans and lakes tend to keep tempera- 
tures within a narrower range than otherwise would prevail. 


The Atmosphere 

The fourth of the earth’s parts is the gaseous ocean in whose 
epths we spend our lives. In discussing the atmosphere we shall con- 
cern ourselves with certain of its physical characteristics, with its sepa- 
ration mto layers or strata, and finally with one of the most interesting 
phenomena it exhibits, the weather. 

atmosphere can- 

not be stated exactly since it has no well-de6ned upper boundary but 
fades out somewhat gradually at high altitudes. However certain ap- 
proxuuatmus can be given. It wUI be recaUed that meteors cannot L 
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seen until they have encountered sufficient atmospheric friction to heat 
them to incandescence. Thus the fact that most of them become 
visible at altitudes of from 60 to 80 miles and a few as high as 125 
miles indicates the existence of some air at these levels. Another source 
of information is the aurora borealis or northern lights, and its south- 
ern companion the aurora australis. These phenomena, which usually 
occur lower than 200 miles above the earth have occasionally been 
noted at heights between 200 and 600 miles, but they have never been 
seen at altitudes greater than 600 miles. Since they require the pres- 
ence of air, the atmosphere above 600 miles would seem to be so thin as 
to be essentially non-existent. 

The composition of the atmosphere by volume, near the surface 
of the earth, is given in Table 4. It should be noted that the various 
constituents are simply mixed together and do not combine chemically. 

Table 4. Percentage Composition by Volume of t^ie Atmosphere 


Constituent 

Per Cent 

Nitrogen 

78.03 

Oxygen 

20.99 

Argon 

.93 

Carbon Dioxide 

.03 

Neon, Helium, Krypton, Xenon, Radon 

.02 

100.00 


In addition to the gases listed, varying amoimts of water vapor, 
dust and other impurities are always present. 

The fact that the atmosphere exerts pressure is another important 
characteristic. Since it is a gaseous substance, the air at any level is 
pushed down and compressed by all that is above. As a result of this 
we find that half of Ac total mass of Ae atmosphere is within 5 Yz 
miles of Ae earA’s surface. Atmospheric pressure amoimts to ap- 
proximately 1 5 pounds per square in A at sea level and plays an im- 
portant part in Ae determination of our weaAer. 

This brief consideration of Ae atmosphere’s physical properties 
will provide sufficient background for Ae material to be considered 
in Ae rest of this Aapter. Some of Aese points will be taken up in 
greater detail in Ae portion of Chapter 1 5 whiA deals wiA air. 
Stratification. — An important meteorological discovery of Ae 
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early part of the present century was the fact that definite layers or 
strata can be distinguished in the atmosphere. Five of these will be 
mentioned and the lower two considered in some detail. 

Immediately surrounding the lithosphere and hydrosphere is the 

zone known as the Troposphere. The name itself signifies turning or 

turbulence and is descriptive of the constant agitation which this part 

of the atmosphere undergoes as a result of air currents. This continual 

mixmg counteracts any tendency there might be for the constituent 

gases to separate out in order of their densities, so that the percentages 

given in the above table are essentially correct for the entire tropo- 
sphere. 


The upper boundary of the troposphere is defined in terms of a 
particular temperature phenomenon. If one were to rise vertically 
in a balloon from a point on the equator he would find that the tem- 
perature would decrease at the rate of about 16° F. per mile. This 
would continue for some 1 1 or 12 miles, at which point the thermom- 
eter reading would become about constant. Actually it would rise a 
little if he went still higher. The level at which this phenomenon of 
decrease m temperature with increase in altitude ceases is called the 
ropopause and is the boundary between the troposphere and the next 
stratum. The troposphere is not the same thickness at all points. If 
the above balloon ascent had been made from one of the poles instead 
of from the equator, the tropopause would have been reached at an 
almude of only four or five mfc. Thm .hi, lower atmoepheric layer 
orm, a kmd of ellipsoidal envelop about the more solid portion, of the 
earth. As a result of thn varying thickness of the troposphere, the cold- 
est nawra earthly environment is not in or above the arctic regions 

otT ^77'o P r’T'' 

as low as —1 17 F. have been recorded. 

Next above the troposphere is the zone so highly favored with 
pu city m recent years, the Stratosphere. As suggested above the 
1 ence indicates that temperatures throughout the 3 0 miles or so of 
vertical ascent that would take one from the tropopause to tL top oi 
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The heavy gas, carbon dioxide, for example, seems to be entirely ab- 
sent at altitudes above 1 5 miles. Hydrogen, the lightest of all gases, 
on the other hand is negligible in the troposphere but constitutes about 
15 per cent of the air at the top of the stratosphere, and over 95 per 
cent from 70 miles up. 

Just above the stratosphere is the Region of Meteors. It is in this 
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Fig. 44. Important facts about the troposphere and stratosphere^ (Froi 
White’s " Classical and Modern Physics,” D. Van Nostrand Co., 194 .) 
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region that meteors in general encounter sufficient atmospheric fric- 
tion to heat them to incandescence so that they become visible. 

The next layer is known as the Ionosphere, or the Kennely- 
Heavhide layer. Here the atmosphere possesses certain electrical prop- 
erties as a result of which radio waves of the frequencies employed in 
commercial broadcasting are reflected back down toward the earth. 

The aurora borealis and aurora australis commonly occur at still 
greater altitudes and so the portion of the atmosphere above the iono- 
sphere is known as the Region of Auroral Displays. 

This completes the roll-call of the divisions of the atmosphere. 
Now let us return to the troposphere and consider briefly that com- 
monest of all topics of conversation, the weather. 

Weather. — The phenomenon that we call weather is confined to 

the troposphere and concerns the day to day variations in the condition 

of the atmosphere with respect to temperature, pressure, humidity 

winds, and precipitation. We call it good weather or bad at any given 

time depending on whether or not we like the particular combination 

of these properties that is present. Although climate depends on the 

same set of characterises, it concerns their long-time average rather 
than their daily fluctuations. 

In considering causes of weather we will discuss briefly two gen- 
eral types of phenomena, those connected with atmospheric circula- 
tion or wmd, and those resulting from the presence in the atmos- 
phere of water vapor. 

In the production of weather, as in so many other natural phe- 
nomena the sun plays the leading role. Its part in producing wLs 
results from the unequal manner in which various zones on the earth 

“oT “ ■ 'I - '<■' 'q-or 

per cent, it is but 90 per cent at the Tropic of Cancer about 65 
per cent along the northern boundary of the United States, and less 
than 40 per cent at the Arctic Circle. The same figures hold for cor- 
responding locations m the southern hemisphere Thnc tb 

.W , HigW UmpemtHh, : :;„Z 

areas. Consequently it expands the most and rises T. e I ■ i 
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we name a wind for the direction from which it comes. But the rota^ 
tion of the earth tends to deflect these currents and, in combination 
with the unequal solar heating and other factors, produces the general 
atmospheric circulation picture shown in Fig. 45. Around the earth at 
the equator is a belt of comparative calm called the doldrums. Here 
air currents are directed upward and so the region is one of low pres- 



Fig. 45. The various wind belts on 
the earth’s surface. 


sure. It is about 10 degrees of 
latitude or 700 miles in width. 
Adjacent to the doldrums are 
the trade-wind belts. Here the 
north and south currents men- 
tioned above are deflected to 
form the northeast trade winds 
in the northern hemisphere and 
the southeast trades in the south- 
ern. Then at about latitude 30® 
N. and S., again there are belts 
of comparative calm. Here, in 
what are known as the horse 
latitudes, the air currents are di- 
rected downward, making them 
regions of high atmospheric 
pressure. The air that is flowing 
down in these belts is that 


which, after it rose over the equator, divided and flowed north and 
south until it was sufficiently cooled to sink again. The belts of 
westerly winds lie next to the hone latitudes. In these, as the name 
indicates, the prevailing winds are from the west. In the southern 
hemisphere they are very strong because there is so little land to break 
them up. The term " Roaring Forties ” originated as a description of 
this belt between latitudes 40“ S. and 50“ S. Most of the United 
States lies in the westerly wind zone in the northern hemisphere. 
Around the poles are the so-called circumpolar whirls about which 
not a great deal is known. This rather simple general picture is 
greatly complicated in any given region by factors such as irregulari- 
ties of the earth’s surface, seasonal changes in temperature, and vary- 
ing heat properties of land and water. 
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In considering the relationship of water vapor in the atmosphere 
to weather, two experimental facts may be stated as fundamental to 
the problem. These are, 


1. Water evaporates into the atmosphere; 

2. The maximum amount of water vapor that can be present in any 
given volume of air increases with the temperature of the air. 


Now keeping these facts in mind let us assume that a certain por- 
tion of the atmosphere is at 70° F. and is saturated, that is, it contains 
the maximum amount of moisture at that temperature. Then we will 
suppose that the temperature drops rather quickly to 65° F. Since at 
the new temperature the air cannot hold as much moisture as it could 
at 70° F., the excess condenses out, making itself known to us in the 
form of some sort of precipitation. 

Before describing the various forms that this condensed moisture 
can take, we must define two terms. One of these is dew point, which 
is the lowest temperature to which a given volume of air can be low- 
ered without condensation occurring. The other, relative humidity, 
expresses the amount of water vapor in the air at any given time in 
comparison to the quantity it can hold at that temperature. Thus a 
relative humidity of 7 5 per cent means that the atmosphere contains 

75 per cent as much moisture as it would contain if it were saturated at 
the same temperature. 


In the above example we mentioned a special case of precipitation 
forming when air was cooled from 70° to 65° F. Generalizing, we 
may say that for any kind of precipitation whatever to form, it is 
necessary that air be lowered in temperature below the point at which 
It would be saturated, that is, below dew point. It will be clear that 
when the temperature reaches the dew point, the relative humidity 
equals 100 per cent. If the condensation occurs rather rapidly at a 

I* .. I ms into drops, we 

ordinarily become aware of it in the form of rain. Such drops form 

about dust or other particles as nuclei. If the moisture condenses in 

the form of very small particles they may remain suspended in the 

atmosphere as a cloud. Very high clouds consist of ice particles. If 
ram, as it falls passes through an atmospheric layer that is below 
freezing, it will arrive at the earth’s surface in the form of deet 
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When a cloud, as pictured above, forms near the ground instead of 
high in the air we give it a different name and call it fog. When rain- 
drops are forced, by air currents, up and down several times between 
the zone where they formed and a higher one in which freezing tem- 
peratures exist, successive layers of ice accumulate on the particles and 
eventually they fall as hail. If the condensation occurs in a region of 
freezing temperature, snow forms instead of rain. This leaves dew 
and frost which result from condensation occurring close to the 
ground, the former when the air is above freezing and the latter when 

it is below. 

Various combinations of circumstances may cause the tempera- 
ture changes which lead to the formation of precipitation. Two ex- 
amples will be mentioned. In the region of the doldrums, described 
above, air is moving upward and so is being lowered in temperature. 
Also, since most of this area is over the ocean, this rising air has a 
high moisture content. Consequently one would expect this to be, on 
the average, a region of considerable rainfall, as it is. The horse lati- 
tudes, on the other hand, might be expected to experience much less 
rainfall since the prevailing air currents are vertically downward. 
Thus the air is moving to levels of successively higher rather than 

lower temperatures. 

When the ingredients of presence or absence of sunshine, and 
daily temperatures, are added to those just discussed and the whole 
well mixed together, there emerges the commodity which we call 

weather. 

Weather Forecasting. — Notwithstanding Mark Twain’s famous 
statement to the contrary, man has done in the past and is doing today 
a great deal about the weather. Some of his efforts in this connection 
have been directed toward attempts to control weather, but these have 
met with little or no success, except within very small limits. Air 
conditioning, for instance, might be thought of as weather control on 

a small scale. , 

Much more of man’s energy has been devoted to the problem o 

foreteUing weather, and with much greater success. The origm of 

his attempts to predict weather is lost in antiquity. Even the recorded 

history of his investigations along this line is long and crowded, datmg 

from about the seventh century B.c. Smce that time the bases upon 
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which weather forecasts have been made have included everything 

from the arrangement of the stars and the habits of insects, to the 

groundhog s shadow and man s own rheumatic twinges. The history 

of the growth and development of this great mass of weather lore is 

a fascinating story but one which space does not permit us to include 
here. 

Modern predictions are based on accurate, carefully collected 
data. Since the beginning of organized forecasting, the fundamental 
principle of prediction has been the observed fact that weather traveh. 
In the United States the general direction of travel is from west to 
east. The weather man’s first step in preparing a forecast is to get as 
complete a picture as possible of existing weather conditions over as 
large an area as possible. To supply this picture the United States 
Weather Bureau maintains its vast organization. As a typical ex- 
ample we shall consider the weather station at Cleveland, Ohio.’ This 
station, like a large majority of those from which reports are obtained, 
is located at an airport. The meteorologists at the Cleveland bureau 
receive data from 595 weather stations scattered over the United 
States. Almost all of these points report either every hour or every six 
hours with a few sending in their information at irregular intervals 
Other reports come from Canada and Mexico, and from ships in the 
Atlantic and Pacific oceans and on the Great Lakes. The data received 
mclude temperature, atmospheric pressure, humidity, wind and cloud 
conditions, ceilmg, visibility, and precipitation. Erom these extensive 
reports a complete weather map is made every six hours and auxiliary 
charts at the intervening three-hour periods. A daily printed map, 
based on the 1 :30 a.m. map is made and placed in the mail at 5:30 a.m. 

n the weather maps, two features are outstanding. They are 
shown diagrammatically in Fig. 46. The one labeled ” low ” is a kind 
of huge whirlpool known in meteorolgy as a cyclone. Atmospheric 
pressures low at the center of a cyclone and increases toward the outer 

fehion. Since It is rising, this air is being cooled and so any moisture 

Thus rk'd f ^ to condense out as some form of precipitation. 

kind of weather that we call " bad ” usually accompanies 

c. g. And.., 
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such a low-pressure area, its approach being heralded by a " falling 
barometer.” An additional reason why approaching precipitation is 
preceded by a decrease in atmospheric pressure is the fact that air 
which contains water vapor has a lower density than air which has no 
water vapor in it. 

The other feature is essentially the opposite of the one just de- 
scribed. It is called a " high ” or anticyclone. At its center atmos- 
pheric pressure is high because the air is moving spirally downward 



Fig. 46. Typical barometric pressures in atmospheric " high ” and " low.” 


and so is encountering increasing temperatures. Precipitation is less 
and less likely to occur, and a " rising barometer ” in general indicates 
that weather of the sort we call " good ” is approaching. A typical 
weather map is shown in Fig. 47. Note the location of " highs ” and 
" lows,” particularly the region of low pressure in the Great Lakes area. 

This marked the center of a very heavy rain and snow storm. 

It will be noted that in the procedure as we have discussed it 

thus far, the forecaster makes no attempt to discover any of the physi- 
cal causes behind the weather. He merely observes present conditions, 
compares these with past experience, and proceeds to predict the im- 
mediate future. His technique may be illustrated in the foUowing 
manner. Consider the case of a man who lives on the shores of a river 
whose waters are polluted with waste materials from a factory up- 
stream, the amount and character of the impurities varying from day 
to day. Also suppose that it is desirable that he be able to predict at 
any time just what the extent and kind of pollution will be a wrtam 
length of time ahead. It is conceivable that by frequent testmg o 
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the water, by keeping accurate records and charts, and by studying 
trends for a period of several years, he might learn to make such pre- 
dictions with considerable accuracy and still know little or nothing 
about the actual causes of the pollution. On the other hand, if he 

should visit the factory and learn the causes, he might increase the 
acciuracy of his forecasts. 
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humidity. Now at first thought it may seem quite impossible to have 
distinct masses with fairly well-defined boundaries in anything as 
fluid and continuous as the atmosphere. That it can be so considered 
may be illustrated in the following manner. If a quart of colored 
water is suddenly dashed into a large tub of clear water, the former 
will behave for a little time very much like a solid projectile. That is, 
it will penetrate as a whole, maintaining briefly its general shape. 
Then as its speed lessens, little swirls and eddies will develop along the 
bounding surface between the colored water and the clear. 

In the case of weather formation one of these masses of air begins 
its march after having been stationary over a particular region for 
some time. While thus located it has acquired the general tempera- 
ture and humidity characteristics of that area. Air which remains 
over the Gulf of Mexico for some days or weeks has a comparatively 
high temperature and large moisture content, and such a portion of 
the atmosphere is known to meteorologists as Tropical Gulf air. On 
the other hand, atmosphere over northern Canada, called Polar Con- 
tinental air, tends to be cold and dry. In like fashion Polar Atlantic 
air and Polar Pacific air are both moist but at a low temperature. 
Then when these moving masses of air, having different characteristics, 
come into contact atmospheric disturbances develop along the bound- 
ing surfaces, called fronts, just as the swirls and eddies developed be- 
tween the colored and clear water masses. These disturbances con- 
stitute the regions of rapidly changing conditions as a result of which 

we have weather changes. 

Since these fronts extend to considerable heights, their study is a 
three-dimensional problem and cannot be carried on by making obser- 
vations only on the surface of the earth, so that techniques for the 
collection of meteorological data at high altitudes have been increas- 
ingly necessary of recent years. Even before the wide application of 
air-mass analysis methods to weather forecasting, considerable informa- 
tion had been gained about the atmosphere at varying distances above 
the earth. Some of the early investigations were carried on with kites, 
some with captive balloons, and some with man-carrying balloons. 
By far the most important device for this work has been the sounding 
or meteorological balloon. This consists of a four- or five-foot gas bag 
carrying a recording instrument. The record, which is scratched auto- 
matically on a copper tape, includes temperature, humidity, and at- 
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mospheric pressure, at definite intervals throughout the time the bal- 
loon is in the air. The outfit ascends until the bag bursts after which 
the recording device descends by means of a parachute. With these 
balloons routine data is collected up to altitudes of from 1 2 to 1 6 miles. 
The world s record for such an ascent is 22 miles. The information 
gained in this fashion is immensely important from the standpoint of 
increasing our knowledge about the upper atmosphere but not so valu- 
able as far as weather forcasting is concerned, since the instruments 

may not be found and returned to the weather station for days or even 
weeks after the flight. 

The advent of air-mass analysis made necessary the use of some 
more rapid procedure. For several years the data used in forecasts were 
collected by airplane flights. These were made daily from some 36 
airports in different parts of the country. This method had two dis- 
advantages. In the first place the coverage of the nation was scarcely 
adequate, and in the second place, bad weather frequently interfered 
with the flight,!. Thus the very days that the data would have been 
most valuable were the days the planes were unable to collect it. More 
recently there has been developed a new type of sounding balloon 
which has now replaced the airplane flights. Instead of recording 
temperature, humidity, and atmospheric pressure, the instruments car- 
ried in this outfit automatically broadcast these data at 1 -minute in- 
tervals. Thus the weather man has the information for immediate use 
in preparmg his forecast. Here again the instruments descend by para- 
chute after the gas bag bursts. Red parachutes are used to make the 

evices easier to find and a reward is offered for their return to the 
weather bureau. 


The weather man of today has at his disposal an enormous amount 
m ormattou about the atmosphere, both on the earth’s surface and 

or^tnts have been mcreasingly accurate over recent years and can be 
ted upon today to be right some SO per cent or more of the time 


Discussion 


Questions 


mosjhe^"' “"“pi'"*, lithosphere, hydrosphete, and at- 

af L ert.’"'* ““““ “'■““'“"iPS the belief in a molten interio, 
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3. What experimental evidence is there that the center of the earth is 
ten to twelve times as dense as water? 

4. On what sort of evidence is the suggestion based that the center of 
the earth is composed of nickel and iron? 

5. State the four most abundant elements in the lithosphere, and the ap- 
proximate percentage of each. 

6. What are the continental shelves? 

7. Discuss the oceans with regard to extremes of depth and temperature. 

8. Explain the tempering effect on climate of large bodies of water. 

9. What evidence is there of the presence of atmosphere at heights of 
more than 125 miles above the earth? 

10. List constituents that make up 99.9 per cent or more of the atmosphere, 

11. Name the various strata in the atmosphere and state the physical char- 
acteristics of each. 

12. Discuss the particular differences between the troposphere and strato- 
sphere. 

13. Why do gases separate out in order of their density in the stratosphere 
and not in the troposphere. 

14. If you were making a balloon ascent what instrument would you need 
in order to know when you reached the top of the troposphere? Explain. 

15. Explain the fact that hydrogen makes up a high percentage of the 
upper part of the stratosphere when it is almost entirely absent from the 

troposphere. 

16. What determines the boundaries of the region of meteors? 

17. Discuss the role played by the sun in the formation of weather. 

18. Show by a diagram the location of the various wind belts on the 

earth’s surface. 

19. Explain the formation of rain, hail, snow, sleet, fog, frost, and dew. 

20. Find out what meteorological data are received at your local weather 

bureau and by what methods. 


Multiple Choice 

1. All of the following have been suggested with respect to the centro- 
sphere. Which one is moit conclusively substantiated by modem evide^? 
(a) The centrosphere is a liquid upon which the Uthosphete Boats. (*>) The 
centrosphere is a very hot gas. (c) The centrosphere is an alloy of nickel and 
iron, (d) The centrosphere has a density ten to twelve times that of water. 

2. The greatest depth of the ocean floor below sea level (a) is atout 
half the height of the highest mountain, (b) is about 10 miles, (c) is al»ut 
half as great as the distance to the top of the stratosphere, (d) is a bttie 
greater than the top of the highest mountain is above sea level, (e) is about 

twice the height of the highest mountain. 

3. If the temperature and relative humidity are 80 F. and 99 percent 
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respectively, (a) it is raining, (b) a rise of 10 degrees in the temperature 
will cause rain, (c) the temperature must drop before it can rain if no more 
moisture is absorbed, (d) any rise in temperature will necessarily be accom- 
panied by a rise in the relative humidity, (e) the relative humidity must de- 
crease before rain can fall, 

4. If it were not for the rotation of the earth, the belt of northeast trade 
winds would be a belt of — (a) north, (b) east, (c) south, (d) west — 
winds. 

5. If a barometer and a thermometer were to fall out of a balloon at a 
height of 7 miles over the equator — (a) the readings of both would increase, 
(b) the readings of both would decrease, (c) the barometer reading would 
rise and the thermometer fall, (d) the thermometer reading would rise and 
the barometer fall — all the way to the earth. 

True-False 

1. Data obtained from earthquake waves tend to support La Place’s idea 
of a molten central portion of the earth. 

2. The polar regions are colder than the tropics because of the greater 

thickness of the troposphere over the former which keeps out much of the 
sun’s heat. 

3. The upper boundary of the stratosphere is called the tropopause. 

4. Weather is confined to the troposphere. 

5 . Tie Region of Meteors may be defined as the zone in which these 
masses of metal and rock are believed to originate. 

6 . The gases of the atmosphere show a greater tendency to separate our 

m layers in order of their densities, in the stratosphere than in the tropo- 
sphere. ^ 

7 . The amount of atmosphere that surrounds a planet is determined in 
part by the mass of the planet itself, 

8. Frost and dew differ in that the former falls while the latter is formed 
near the ground. 

9. The kind of weather that we call good is usually associated with a 
downward now of air currents. 

10. Since water heats up and cools down more slowly than does land 
along the seashore breezes from the ocean toward the land would be expected 
to be more common durmg the morning than in the late afternoon. 




Chapter 8 

FACTORS WHICH CHANGE THE SURFACE OF 
THE EARTH 

In the preceding two chapters we were concerned with the earth as it 
now is. With this one we begin a survey of the events which led to 
its present state. In other words, we are about to ask the earth " how 
it got this way.” In doing this we shall first describe the various 
types of rock which compose the earth’s crust, second consider the 
agents which are at work changing its surface, third examine the clues 
to earth history, and finally see something of what that history actu- 
ally has been. This particular chapter is concerned with the first two 

of these points. 

Beginning of Earth Science 

Geology, the physical science that deals with these matters, is one 
of the youngest members of the natural science family, although the 
phenomena with which it is concerned have been in operation since 
the beginning of earth time. Some branches of science had attained 
a considerable growth by the time of the Renaissance. Astronomy, as 
we have already seen, was one such field. Mathematics was another. 
The field of geology, on the other hand, was almost non-existent as 
little as 1 2 5 or 1 5 0 years ago. Actually this is not particularly surpris- 
ing since as recently as 75 years ago the belief was still widespread 
that the earth had been created within the last 6,000 years m exactly 
its present form, that is, with all rock layers, fossils, mineral deposits, 
and so forth quite intact. So naturally there was little reason for the 
existence of a science which would concern itself with earth history 
when one assumed to begin with that the planet had almost no history. 
Geology began to come into its own when man finally recognized that 
Mother Earth would have to admit to an age far greater than the few 
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thousand years with which he had been so gallantly crediting her. In 
fact the best evidence today indicates that her birthdays must be num- 
bered in billions rather than in thousands. This evidence will be dis- 
cussed in the next chapter. 

Types of Rock in the Earth’s Crust 

The various chemical elements which are found in the earth’s 
crust were discussed in the preceding chapter. It will be recalled that 
eight are found to compose over 98 per cent of the lithosphere, with 
oxygen alone accounting for almost half. Another basis of classifica- 
tion of these materials groups them into four types of rock, namely 
igneous, sedimentary, metamorphic, and mantle. 


Igneous Rock 

The very name of igneous rock implies a connection with fire and 
heat. Actually, it is simply rock that was once molten and has now 
cooled and solidified. The source of the heat which produces this 
inolten rock, called magma, is not completely understood. At one 
time, as we have seen, it was believed that the entire central portion of 
the earth was molten, that is, was simply the fraction that remained 
of a globe that was once entirely in the form of a hot fluid. Another 
hypothesis attempted to explain the heat as being the result of contrac- 
tion of the earth. Calculations show that neither of these is at all 
adequate as far as providing enough heat is concerned. The theory 
that at the present time seems to be the most satisfactory, or as some- 
one has said, the least objectionable, pictures the heat as resulting from 
the energy emitted by radioactive substances like uranium and radium, 
igures based on estimated amounts of these materials present in the 
earth s crust indicate that suflScient heat would be provided by this 
phenomenon, if too much of it did not escape from the surface. 

Smee about 95 per cent of the earth’s crust is composed of igneous 
rock. Its average composition is essentially the same as that already 
mentioned for the lithosphere as a whole. Granite and basalt are two 

Basalt IS darker in color and is the heaviest of the rocks that are com- 
mon near the surface. Layers of it underlie the oceans and compose 
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most oceanic islands. It will become evident as we proceed that 
igneous rock is the fundamental type and serves as a primary source 
of the others. 


Sedimentary Rock 

This type of rock, as the name suggests, is the product of settling 
of some sort. It consists mostly of layers of material which at some 
time or other settled to the bottom of bodies of water, usually oceans. 
Although these sediments compose less than five per cent of the earth’s 
crust, they are spread out over some three-fourths of the total land 
area. Thicknesses vary from zero to eight or ten miles. The materials 
which make up the oldest of the sedimentary rocks came exclusively 
from igneous rock which was broken up by one means or another. 
Igneous material forms the primary source of even later sedimentary 
formations although these also contain other types of rock. From the 
standpoint of geological history, the principal importance of sedimen- 
tzry rock lies in the fact that it contains the fossils which are the 
essential clues to these past events. 

Metamorphic Rock 

The earth’s crust contains other rock deposits whose structural 
features and minerals differ from either of those discussed above. In- 
vestigation shows them to be rocks which once were igneous or sedi- 
mentary but which were changed into their present form. Conse- 
quently, they are called metamorphic rocks. The alterations which 
occur are both physical and chemical in nature. The principal agent 
of physical change is pressure which may squeeze the existing layers 
into new forms and shapies. Chemical agents include water and vari- 
ous gases which by their action produce new materials. Slate and 
marble are examples of metamorphic rock. Slate comes from an origi- 
nal deposit of mud which formed shale and then was changed into its 

present state. Marble is metamorphosed limestone. 

It should be noted that any given bit of rock material may go 
through a cycle which would include all three of these types. Meta- 
morphic rock, for example, may be forced down to a zone where term 
peratures are high enough to melt it. Thus it becomes magma which 
later solidifies and becomes igneous rock. This in turn may become 
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exposed, be broken up and deposited by water as a sediment. Later it 

may be acted upon by the agents mentioned and become metamorphic 
rock again. 

Mantle Rock 

Much of the material which we see about us on the earth’s surface 
cannot be included in any one of the above three forms. There re- 
mains the mantle of sand, mud, pebbles, and organic substances, whose 
upper foot or two we commonly call soil. This mixture is named 
mantle rock. Its thickness varies from zero in places where bedrock 

is exposed to hundreds of feet in jungle regions where decay proceeds 
at a rapid rate. 

Having defined the rock types which are found in the upper crust 
of the earth, let us now turn our attention to the main business of the 
chapter, as indicated by its title. Although poets sing of the " ever- 
lasting hills, and the Rock of Gibraltar is pictured as the very acme 
of solidarity, earth structures are anything but permanent. There are 
two groups of agents which are now and always have been busily en- 
gaged in altering the face of the earth in all sorts of ways. One of these 
comprises a set of what we may call " relief -levelling ” factors. These, 
if unhindered, would eventually reduce the high places and fill up the 
low areas of the earth’s surface until it was entirely covered with water. 
Opposing the gradation factors is a group of " relief-building ” agents 
whose tendency is just the opposite. Both sets are always at work al- 
though, as we shall see, at any given time one or the other may be 
dominant. 

Relief-Levelling Factors 

« The total work of these agents is usually included in the term 

gradation.” It includes the piecemeal removal and wearing down of 

igh regions, and the accumulation and deposit of the materials in low 
places. 

Temperature Variations 

An appreciable amount of rock erosion occurs because of changes 
m temperature. If you were to pour boiling water into a cold thick 
glass tumbler, you would not be greatly surprised to see the glass 



134 EARTH HISTORY [Chap. 8 

break. Two experimental facts explain this result. Fact number one 
is that glass, like most substances, expands as its temperature rises. 
Fact number two is that glass is a poor conductor of heat, that is, heat 
does not travel through it as readily as it does through materials like 
iron and copper. When the inside of the glass comes into contact with 
the hot water, it expands rather suddenly. Since the heat is not trans- 
mitted rapidly, the outside expands very slowly. As a result strains 
develop and the glass breaks. 

Similarly, rock is a poor conductor of heat. In localities where 
temperatures vary considerably between noon and midnight, outer 
layers of rock alternately expand and contract and finally crack and 
peel off, exposing new surfaces to the same forces. In some places 
these variations are as much as 100° F. within a 24-hour period. As 
a result large boulders are gradually worn away and disappear. Mas- 
sive outcroppings of rock are eroded and the material piled up at the 
base where it may be carried away by other weathering factors. Even 
when the large rock masses are not actually broken up, temperature 
variations open innumerable tiny cracks which admit water, carbon 
dioxide, and oxygen, and so aid the erosional work of the other factors. 

Water 

There are several different ways in which water enters into the 
total gradational work of the world. When it freezes, for example, it 
expands to about eleven-tenths of its former volume. If it happens 
to be tightly confined when this occurs, pressure as high as a ton per 
square inch may be exerted. Everyone is familiar with the unfortu- 
nate results of such expansion in water pipes and automobile radi- 
ators. Similarly, when it freezes in rock crevices, fragments may be 
broken off. In fact, practical use is made of the phenomenon in cer- 
tain European stone quarries. During the day holes are drilled in 
the rock along the desired lines of cleavage and filled with water. At 
night the water freezes, expands, and quarries out the huge blocks. 

The most effective of all the erosional agents is running water. 
Its source is rainfall or snowfall, of which the total annual volume 
is estimated to be some 30,000 cubic miles, sufficient to cover the en- 
tire earth to a depth of about one foot. Just now we are interested in 
the portion which runs off comparatively rapidly. This fraction va- 
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ries greatly from one place to another depending on such factors as 
slope, rate of rainfall, evaporation, condition of surface, nature and 
amount of vegetation, but on the whole averages about a third. As 
this water makes its way down slopes to form into ever larger and 
larger streams, it carries with it considerable amounts of various earth 
materials. These are removed from one place, transported for vary- 
ing distances grinding and abrading each other as they go, and are 



Fig. 48. The formation of gull! 
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finally deposited at a lower point, thus aiding in the general levelling 
process. The importance of this transfer is evident from the fact that 
the Mississippi River alone carries out and deposits in the Gulf of 
Mexico over 400 mOlion tons of mud and silt every year. 

Previous to a time a little over a century ago it was generally 
assumed that a valley was the result of some violent action such as 
an earthquake, and then was occupied by a river later on. The prin- 
cipal reason for this belief was that it " just wasn’t common sense ” 
to thmk that a river woold be able to carve out the vaUey or canyon 
rough which It traveled on its way to the ocean. But gradually 
thoughtful observers began to notice a number of striking features 
a out river valleys. Some of these were, that in general a rather defi- 
mte relationship exists between the size of a river and its valley, that 
streams almost always jom together at the same level, and that smaller 

urvariably flow into larger oner ar angler 'which are™ ‘L 
th the upstream direction. Cases were actually observed in which 
ivers broke from their channels, flowed across valleyless regions, and 
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very shortly cut new channels which were big enough to contain 
them. In the light of these experimental facts and others, it was finally 
recognized that rivers actually do carve out their own valleys. And 
once again, something that wasn’t common sense turned out to be 
true. Now let us trace briefly the sequence of events in the formation 
of a typical river valley. 



Fig. 49. The Grand Canyon of the Colorado River, a youthful valley. 

(Photo by George Grant, U. S. Dept, of the Interior.) 

Imagine a large, comparatively smooth area that has a fairly uni- 
form slope. As water flows over it from a source at the top, or as pre- 
cipitation wanders into the lower spots, choosing its own course, it 
carves out a trench or channel for itself (Fig. 48). The formation 
of a new river valley has started. The exact location of the channel 
will depend on the materials which compose the surface and its pre- 
existing irregularities, but its form will be marked by certain definite 
characteristics. For one thing, at this point in its history the slope 
is the steepest. The stream will flow rapidly and will perform most 
of its cutting vertically downward, so that a young valley character- 
istically is straight and has steep sides and a narrow bottom. The 
Grand Canyon of the Colorado river, shown in Fig. 49, is an excep- 
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tionally large example of such a valley. Later on, as the level of the 
bottom of the valley approaches that of the stream, lake, or ocean 
into which the river flows, the water moves more slowly, and so does 
more of its cutting horizontally, widening the valley. The decrease 
in speed also permits it to be more easily diverted from its straight 
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flood-plain of the Mississippi River showing meanders. 
(Photo by U. S. Army Air Corps. Pub. by authority Miss. River Commission. ) 

course. Cross currents may be set up by winds or because of ma- 
terial which falls into the stream from the sides. As a result of these 
currents, stream banks are eroded irregularly along opposite sides and 
river takes on a winding course as the valley approaches maturity. 
That these curves, descriptively called meanders, may become very 
pronounced is shown in the accompanying photograph (Fig. 50). 
Plac« are known in the United States where a boat may travel as 
much as 30 miles around such a meander and be only one mile from 
Its starting point. This narrow neck may be cut off in flood time and 
a new channel be established leaving an isolated hill. The net effect 

of diese operations is continually to widen the valley untU in old 
age It becomes a broad flood -plain. 
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So called erosional mountains are formed by niiuiing water in 
the manner just discussed. A plateau once existed at approximately 
the present level of the tops of such a group of mountains or hills. 
In the centuries since that time rivers and streams have carved out 
and carried away large quantities of the rock, forming great valleys 
above which the remaining portions may tower as mountains. The 
Catskills, Alleghenies, and southern Ohio hills are all examples of such 
formations. 


That part of the rainfall which neither runs off rapidly nor 
evaporates quickly soaks into the earth to become what is known as 
ground water. Although most of it soon returns to the air either 
directly from the soil or through plant transpiration, an appreciable 
amount makes its way beneath the surface. This water saturates a 
layer of the earth, the top of which we call the water table. In amount 
it is believed to be sufficient to form a shell having an average thick- 
ness of about 100 feet. Most of the erosional work of ground water 
is chemical in nature. As soon as it enters the earth it begins to dis- 
solve various materials. In addition to substances ordinarily soluble 
in water, these include some which become soluble under certain 
conditions of increased temperature and pressure which may be en- 
countered. Material is removed from one place, transported and 
later deposited somewhere else. In this fashion huge caves may be 
formed as, for example, the Carlsbad Caverns of New Mexico and 
Mammoth Cave in Kentucky. Subsequent deposit of the material 
results from such causes as lowering of temperature, relief of pressure, 
or precipitation because of mingling with other solutions. Deposits 
made in this fashion in rock crevices may result in valuable mineral 
veins, petrifaction of plant and animal remains, or other formations. 
Under conditions such that the underground flow of water is suffi- 
ciently rapid some mechanical erosional work is also performed. 

The wearing away of land by oceans is appreciable, although at 
present less extensive than that performed by running water or ground 
water. Such action is largely mechanical in nature, most of it being 
performed by waves breaking on the shore. When this occurs the 
water is violently agitated, causing pebbles and sand to grind together 
and act as tools to wear away the shore or cliff. Shore currents de- 
velop which aid in the weathering action. Tides also play a role, al* 
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though a small one, since they rise and fall comparatively slowly in 
most localities. Striking examples of the work of waves are found in 
Great Britain, where some of the chalk cliffs of Dover have been 
receding at rates as high as 1 5 feet per year, and where parts of the 
Yorkshire coast have been worn away a distance of 2 miles since the 
Roman conquest. The island of Heligoland in the North Sea is an- 
other place for which we have the record of the erosional action of 
waves. This island was reduced in circumference from some 120 
miles in 800 a.d, to about 8 miles in 1650 and finally to 3 miles in 
1900, at which time Germany fortified it and made it a naval base. 


Glaciers 

Glaciers constitute another important though temporary agent 
of erosion. The necessary and sufficient condition for the formation 
of a glacier is simply that, on the average, more snow shall fall during 
part of the year than can melt during the remainder so that an ac- 
cumulation of snow and ice is built up over a period of years. If 
this takes place over a large, comparatively level area, a so-called 
continental glacier results such as the one now found in Greenland. 
If the snowy dividends collect in a region of mountains and steep 
slopes, rivers of ice called valley glaciers form and move to lower levels 
under the influence of gravity. These perform important erosional 
work. Because of the rocks and other material frozen into the bottom 
of such a glacier, it acts exactly like a huge rasp or file as it moves 
across the surface of the earth. Valleys are made U-shaped, and large 
amounts of earth material are carried along as glaciers of this type 
proceed on their way. They continue their travels until they either 
reach the sea or encounter temperatures sufficiently high to cause them 
to melt. In the latter case the accumulated load of rock and other 
ebris IS piled up at the point where the rate of the glacier’s advance 
IS just balanced by the rate of melting. Such a deposit is called a 
mmal morame. Long Island has a geological history of this sort. 

a I yt Jlc'r r‘ " “ '”8' Such 

layer of glacal material covers most of the northern middle-western 
part of the United States and all of New York and New England. 
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Other Erosional Agents 

Factors of less importance include the wind, plants, and chemical 
effects of the atmosphere. In general we do not think of the wind as 
being powerful enough to perform any great amount of mechanical 
work, although when it reaches hurricane proportions pressures from 
50 to 100 pounds per square foot may be exerted. It works chiefly 



Fig. 51 . An example of a structure formed by wind-erosion, Petrified Na 
tional Forest, Arizona. (Lowell Stagner.) 


by picking up loose materials and using these as abrasives to grind 
up and wear away surfaces against and over which it blows. In other 
words, it performs in exactly the same manner as the commercial 
sand blast which man uses, though much more slowly. An example 
of wind-erosion is shown in Fig. 51. Another contribution which 
the wind makes to varying the appearance of the face of the earth is 
the action it has on loose sand. This material, under the action of the 
wind, drifts like snow and piles up at obstructions to form what are 
known as sand dunes. In regions where there are prevafling winds^ 
these dunes migrate because the sand is blown up the windward side 
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and across the top, after which it rolls down the leeward side. Rates 
of travel are usually less than 25 feet per year, but anything smaller 
than the dune which is in the way is relentlessly engulfed by it. 

Plants add their bit to the general process of making little stones 
out of big ones. Their weathering work is principally the result of 
roots creeping into rock crevices, expanding as they grow and thus 
cracking off pieces of the rock structure. Very large forces may be 
set up in such cases. Garden pea roots, for example, are capable of 
exerting pressures as high as 300 pounds per square inch. Most people 
are familiar with this sort of phenomenon in connection with the 
havoc often played by roots with tile drains. 

The chemical effects of the atmosphere are principally carbona- 
tion and oxidation. The carbon dioxide in the air unites with water 
to form carbonic acid, a weak acid which acts on rock. Oxygen in 
the air tends to unite with many substances so that oxidation of rock 
materials aids in the decomposition processes. 

All of the above agents work toward the general end of levelling 
off the surface of the earth. It has been estimated that if they were 
to proceed unhindered at their present rates, continents would be 
brought down to sea level in from 50 to 100 million years. Next we 
will turn our attention to the other group of factors, those which 
tend to counteract the work of the ones just discussed. 


Kelief-Building Factors 
Isostatic Movements 

First It should be noted that these movements with the formida- 
ble name are agents which are not seen directly but which are assumed 
9 exut in order to account for certain observed facts. These facts 
of two kinds the first of which concerns the work of running 
water discussed above. It will be mcalled that the Mississippi River 

lion r"T A T,'"”* “ '>■“ > mil- 

hon tons of mud and silt every day. In one year this would amount 

2«0 fe? r f T’" ’ *P'‘' of ■"<'« '1-^" 

. Adding to this the simjat work performed by all the other 
^usands of rivers and streams on rhe earth, it is evidint that each 

LL TwT d”“““ transferred from high land 

.teas to low land areas and ocean banns. It is abo true that this has 
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been going on for centuries and that as far as the surface of the earth 
is concerned, there are no agents which take these deposits back again. 
In other words, in Fig. 52 in which two conical plugs from the sur- 
face to the center of the earth are shown, it would seem that plugs 
like (a) taken from an ocean basin would be getting heavier aU the 

time, while those like (b) , from land areas, 
would grow increasingly lighter. Thus, 
from one kind of observed fact we reach 
the conclusion that plugs of the sort de- 
scribed should vary greatly and increas- 
ingly in weight. 

Now let us consider the second of the 
two kinds of experimental evidence. It 
happens that it is possible tc perform pen- 
dulum experiments as a result of which 
the relative weights of these sections of the 
earth can be determined. Many such in- 
vestigations have been carried out and the 
results have consistently indicated that 
the earth plugs all weigh approximately the same, regardless of the part 
of the world from which they are taken. This condition is called tsos- 
tasy which means literally ” standing the same,” and the earth is said to 
give evidence of always tending toward a state of isostasy. The first 
conclusion that we may draw from these experiments is that the ma- 
terial beneath the oceans has a greater density, i.e., weighs more per 
cubic foot, than that beneath the dry land where the plugs are longer. 
Then we may ask how these two experimental facts can be reconciled. 
On the one hand we see a constant one-way flow of material from 
one kind of region to another, while on the other hand the two regions 
seem to maintain equal weights. Obviously the two can be harmo- 
nized satisfactorily by assuming a flow of earth materials at consider- 
able depths below the surface, from regions under ocean basins to 
regions beneath dry land. These transfers are called hostatic move- 
merits and are the movements as a result of which the earth is believed 
to maintain its condition of approximate isostasy. In this way, says 
the theory of isostasy, as ocean basins become increasingly weighted 
down and continents relatively lighter because of the erosional work 



Fig. 52. Diagram showing 
two conical plugs taken out 
of the earth, one under the 
sea and the other under a 
mountainous region. 



THE EARTH’S SURFACE 


14: 


Chap. 8] 

of running water, there comes a time when the ocean bottoms sink 
This causes rock materials to flow laterally to regions beneath conti- 
nental areas, raising parts of them up and equalizing pressures again 
There are various surface phenomena which find a ready explana- 
tion on the basis of this theory. The simultaneous sinking of ocear 



Fig. J3. An example of rock folding, Alberta. (W. O. Thompson.) 

basms and rise of adjacent continental areas, for example, would be 
bound to cause disruptions of various sorts in rock layers beneath the 
surface. From this there might quite reasonably be expected to re- 
sult the phenomena which we call folding and faulting. In the former 
as the name implies, layers of rock are folded or wrinkled, as shown 
m fig. J3 Faulting, such as is pictured in Fig. 54 occurs when rock 

her side. Such displacements may be in any direction and vary from 
less than an inch to several miles VertiVrjl 

ereat rliffc TU i i ^ 

fats Ltd t u r 

ms, extending to heights of several thousand feet were formed in 
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this fashion. The large mountain chains of the world such as the 
Alps, the Rockies, the Apalachians, the Himalayas, and the Andes, 
were formed by folding and faulting. 

Further substantiation of isostatic movements comes from vari- 


ous continental areas that are rising or sinking. Elevation is known 



Fig. 54. A fault in metamorphic rock 
near Central City, Colorado. (Worces- 
ter s Geomorpholo^^iyy D. Van Nostrand 
Co., 1939.) 


to be occurring in the Great 
Lakes region along the Cana- 
dian border, exactly the sort of 
thing that would be expected 
to occur as a result of the de- 
crease in pressure which fol- 
lowed the disappearance of the 
last ice sheet from this region 
some 20,000 years ago. Other 
cases include northern Scandi- 
navia which is rising, and 
parts of the southern coast 
of Greenland which are sink- 
ing. The existence of so- 
called ” drowned river valleys 
also provide evidence of these 
crustal movements. Some of 
the fjords of Norway are glaci- 
ated river valleys which were 
carved out in the usual manner 
and then at some later time sank 


beneath the sea. The same is true of part of the valley of the Hudson 
River which can be traced out into the Atlantic Ocean for some 100 


miles beyond Sandy Hook. 


Earthquakes 

It has been said that of all nature’s spectacular phenomena, earth- 
quakes are the most terrifying in their effect on man. They seem W 
violate all his ideas of stability and trustworthiness that are implied m 
the term terra firma and leave him with nothing upon which to de- 
pend. Therefore, it was quite natural that for centuries earthquakes 
were accepted as expressions of the awful wrath of an angry God, 
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who used this impressive means of warning or punishing those with 
whom He was displeased. It should be noted, perhaps, that there was 
usually considerable disagreement among men as to just which people 
were being thus chastised. A few early attempts were made to ex- 
plain the tremors as due to natural causes but with little success. 
Among the Greeks, Democritus taught that they were due to heavy 
rains which soaked the earth and caused it to swell, while Anaximenes 

attributed them to prolonged droughts which cause the earth to dry 
out and crack open. 

The modern science of earthquakes, seismology, which has had al- 
most its entire growth within the last 100 years, is based on the ob- 
servation that the phenomenon simply consist of waves due to natural 
causes and traveling in the earth’s rocky shell. The causes are believed 
to be very much the same as those procedures by which man produces 
waves in the laboratory. There, waves are set up by friction as when 
a viohn string is bowed, by a sharp blow as when a gong is struck, or 
by the sudden snapping of a substance which has been under great 
tension. The first two of these are thought to enter to some extent 
into the production of minor tremors, but major earthquakes are be- 
lieved to be due to causes analogous to the last of the three. Under 
the great strains to which rock layers are subjected as isostatic move- 
inents proceed, deformation occurs. As tension increases still further 
there comes a time when the rock gives way, causing the resulting 
waves and rapid readjustments on the surface which constitute what 
we call an earthquake. This idea is substantiated by a study of the 
regions in which the phenomena occur most frequently. As will be 
seen from Fig. 5 5 these are belts which border ocean areas, the por- 
tions of the earth where surface effects of isostatic movements would 
most be expected. 

Accompanying a major earthquake there is always displacement 
either along fissures or faults that are already present in the bedrock 
or along ones that the quake itself opens. Such displacement may bJ 
both verncal and horizontal with the latter usually being the larger. 

the Sau Franc, SCO earthquake of 1 90« displacement occurred along 
an ex, s, mg rock fracture which has been traced for several hundred 
es. Durmg the quake, land on the west side of this fault moved 
north with respect to that on the east side as much as 20 feet in some 
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places, severing water mains, gas lines, roads, and fences for many 
miles. 

Several thousand earthquakes of sufScient intensity to register 
on modern instruments are recorded every year. Most of them occur in 
the belts mentioned above. Japan averages about four a day the year 
round and California some 200 each year, the great majority being 
so slight as to be noticeable only with instruments. The duration 
even of major earthquakes is seldom 
more than two minutes with the average 
being much less than one minute. The 
1906 California quake, for example, was 
of about average duration. Messina, 

Italy, was entirely destroyed by one 
which lasted but 3 5 seconds. 

The instrument which registers the 
passage of earthquake tremors is called a 
seismograph. A modern seismograph is 
a highly refined and quite complicated 
device, but the greatly simplified instru- 
ment shown in Fig. 56 will serve to illustrate the principles involved. 
Here we have a sohd base which is attached rigidly to bedrock. Upon 
It is mounted a revolving drum which carries a sheet of paper. Sus- 
pended from the cross arm is a heavy weight to which is attached a 
stylus adjusted to trace a line on the paper. As long as stylus and re- 
vo vmg drum do not move verticaUy with respect to each other, the line 
^1 be straight. But when an earthquake tremor passes through the 
bedriKk, the vertical component of the wave will cause the base, and 
therefore the drum, to move up and down. The suspended weight 
smce It hangs from a spring, will remain approximately stationary and 
wavy hne will be traced on the paper. In practice a second instru- 
ent arranged to react to horizontal waves would also be employed. 

earth!"T°^K"*’^ typical 

earthquake there are three distinct kinds of waves. The first one to 

reach Ae seismograph goes directly through the earth. It is a longi- 

i&e Chapter 28, pages 537-138, for definitions of fypes of waves. 


Fig. 56. Diagram of a simple 
seismograph. (After Croneis 
& Krumbein’s Down to Earth, 
University of Chicago Press. ) 
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the earth but somewhat less rapidly. This one is of the transverse 
variety . The third wave is the slowest of the group, but since it travels 
around the outside of the earth, it is the most destructive. 

We commonly think of earthquakes almost entirely in terms of 
the damage they do to us and to the little structures we erect on the 
surface of the earth. As a matter of fact, through the seismograph 
records they make, earthquakes are of considerable value. One of 
the uses to which such data are put is the determination of the center 
of the earthquake disturbance. It has been shown to be true that the 
time between the arrival of the first and second waves depends only 
on how far away the quake occurred. Since with modern seismographs 
it is possible to determine accurately the direction from which the 
waves come, the exact location of the disturbance may be found. 

From these data also we may learn certain things about the in- 
terior of the earth. The velocity with which a wave travels through 
any substance depends on the density and elasticity of that material. 
The quantitative relationships involved have been worked out care- 
fully and accurately in the laboratory. Now in reaching different 
seismographs scattered about the earth’s surface, the waves from a 
given quake will travel through materials at varying depths beneath 
the surface. For this reason, data on the velocities of the waves make 
it possible to determine the density and elasticity properties of the 
substances through which they passed. It is principally upon investi- 
gations of this sort that the conclusions about the interior of the earth, 
mentioned in the preceding chapter, are based. 


Vulcanism 

Magma or molten rock was mentioned briefly earlier in the chap- 
ter in connection with the discussion of igneous rock. Now we are 
concerned with various effects it has on the contours of the earths 
surface. Different types of igneous formations are illustrated in 

Fig. W. 

When magma is forced in between rock layers without reaching 
the surface, so-called igneous intrusions result. These are of several 
kinds. The magma may simply flow between horizontal layers of 
sedimentary rock and solidify in a large flat sheet of igneous rock called 
a sill. Such a sill composes the structure known as the Palisades of 
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the Hudson River. Or it may find its way into cracks and faults 
which cut through sedimentary layers. In such a case the solidified 
rock sheets will be more or less vertical and if subsequently exposed by 
erosion have the appearance of a huge stone wall. These are called 
dikes (Fig. 58) and may vary in thickness from hundreds of feet 
down to paper thinness. Or the intrusion may take place with suflS- 
dent pressure to bow up the layers of rock above it, forming hills or 



Fig. 57. Diagrammatic representation of several important phases of vulcan- 
isnri. At right is a volcanic cone built by alternating lava flows and layers of 
volcanic ash. The center shows an extinct volcano whose cone has been eroded 
^ay. Note hardened lava projecting above the surface as a volcanic plug 
Two sills are shown. At the left is shown an intrusion which domed the beds 

^oye It. At the extreme left is represented a dike. (After a drawing in Earth 
History by L. C. Snider, The Century Co., 1932.) 


so-called dome mountains on the surface of the earth. The Henry 

Mountains of Utah and the Black Hills of South Dakota were formed 
in this fashion. 

Of the various formations which result when magma finds its 
way to the surface, volcanoes are the best known. Volcanic erup- 
tions vary all the way from slow quiet outflows of lava to what are 
essentially explosions of great violence. In the former case an in- 
verted saucer-shaped mountain is built up by the hardening of suc- 
cessive layers of lava one above another. The cone of Mauna Loa 
IS typical of such a volcano. Its comparatively symmetrical form rises 
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14.000 feet above sea level. In fact the entire chain of the Hawaiian 
Islands was formed in this manner, rising to a maximum height of 

36.000 feet above the floor of the Pacific Ocean. At the other ex- 
treme are the eruptions of explosive violence. In these cases great 
clouds of ash and volcanic fragments may be thrown out, accompa- 
nied by little lava flow. The classic example of this occurred on the 
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Fig. 58 . One of the great Spanish Peaks-dikes, Colorado. Horizontal lines on 
the face of the dike indicate former position of sedimentary rocks which have 
been eroded away. (U. S. Geol. Survey.) 

island of Krakatoa in the Indian Ocean in 1 883. Here with almost no 
warning the island was Uterally blown to pieces. The noise of the 
explosion was heard for 3,000 miles and dust from it was carried by 

the atmosphere over the entire earth. 

Occasionally, instead of building large cones about a very few 
openings, exceptionally fluid lava will emerge from a large number of 
vents and spread out more or less evenly over a large territory. Such 
flows occurred repeatedly during the past few hundred thousand 
years (the most recent 8 to 10 thousand years ago) in the region we 
now know as the Columbia plateau in the northwestern part of the 
United States. More than 100,000 square miles of Washington, Ore- 
gon, Idaho, and northern California are covered with this sheet of 
lava which varies in thickness from 10 feet to several thousand. The 
only such lava flow of any extent in historic times occurred in Ice- 
land about the time of the American Revolution. Fissures opened 
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up joining together the craters of three volcanoes, and lava estimated 
at some 500 cubic miles flowed over the surrounding country within 
a period of about six months. One entire end of the island was com- 
pletely altered in topography, being changed from a hilly region to 
one consisting of a high plateau. 

Still another kind of formation may result when the lava which 
fills the neck of a volcano cools and hardens there as the volcano itself 
becomes extinct. If the softer surrounding parts of the cone are 
eroded away at some later time, this huge, more or less cylindrical 
shaft of igneous rock is left exposed. Such a structure is called a vol- 
canic plug. Devil’s Tower in Wyoming which rises some 600 feet 
above the surrounding territory had such an origin. 

The map shown in Fig. 5 5 indicates the major volcanic belts on 
the earth. Note that they, like earthquake belts, are concentrated 
along shore lines to a considerable extent. 

So we see that there are a number of agents constantly at work al- 
tering the appearance of the face of the earth. In the next two chapters, 
after having considered briefly the bases of calculation of the age of 
the earth, we shall examine the sorts of clues that man looks for in 
studying the earth’s history and then see some of the things he has 
learned about that history. 


Discussion 


Questions 


1. Define the several types of rock and give an example of each. 

2. Look up some information about one or two of the earlier theories 

that were advanced to explain the origin of the heat which melts rock be- 
neath the earth’s surface. 

3 . What are the approximate average percentages of iron and oxygen in 
igneous rock? 


4. Describe a sequence of conditions under which a given mass of rock 

materials might change from sedimentary to metamorphic to igneous and 
back to sedimentary again. 

5 . Define " relief-levelling ” and " relief-building ” agents. 

6. The work of which one of the various agents discussed would differ 

the most from what it is now if rock did not expand as it increased in tem- 
perature? Explam. 


7. Describe the life history of a typical river valley. 

8. Give several reasons for believing that rivers carve out their 
vallevs. 


own 
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9. What are meanders ” and what relation do they have to the for- 
mation of river valleys? 

10. Look up one or two specific examples of erosion by waves, other than 
those mentioned in this chapter. 

1 1 . Look up some information regarding the glacial history, if any, of your 
locality. 

12. What is the necessary and sufficient condition for the formation of a 
glacier in any region? 

13. Describe the experimental evidence on which the theory of isostasy is 
based. 

14. Mention two observed facts, other than the ones given in answer to 
the preceding question, which are in agreement with the theory of isostasy, 

15. Distinguish between folding and faulting. 

16. Describe a typical seismograph record and show what use can be made 
of it. 

17. What experiment, discussed in an earlier chapter, gives results con- 
cerning the nature of the earth’s interior which are in agreement with those 

obtained from earthquake data? 

18. Identify the following: sUl; dike; magma; volcanic plug; dome moun- 

tain. , / !_ • I j 

19. Look up additional information about the destruction of the island 

of Krakatoa in 1883. 


Multiple Choice 

1. The record of an earthquake, as recorded by a seismograph, consists 
of three waves, (a) two of which travel directly through the earth, (b) all 
of the same velocity and amplitude, (c) the most rapid of which causes the 
most destruction, (d) all of which enter into the scientists calculation of 
the location of the quake, (e) only one of which goes through the earth m- 


stead of around its surface. -.i, 

2. Magma which cools and hardens beneath the surface of the earth is 

called (a) lava, (b) conglomerate, (c) metamorphic rock, (d) mantle rock, 

r^rtere a very good conductor of heat, the amount of erosion 
due to which one of the following factors would differ the most from what 

h is now? (a) Running water, (b) Glaciers, (c) Ground water, (d) 

Temperature variations, (e) Freezing and thawing. „.;,f,ctorv ex- 

4 Which of .he foUowmg » ofc th, 

Variation in carbon dioxide content of the atmosphere, (e) tartuquax 


*”T”pendulum experiments performed at different points on 
surface give results which are most contradictory to which one 


the earth’s 

of the fol' 
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sta/cements? (a) Running water deposits heavier materials first and 
:er ones later, (b) Oceans originally consisted of fresh water, (c) An 

: foot of the materials which underlie the oceans weighs less 

luch as an average cubic foot of that under motmtainous regions. 

(d) Earthquakes are caused by drying and cracking of the lithosphere, (e) 
In times past, the oceans have covered a larger percentage of the earth’s sur- 
face than is now submerged. 

True-False 

I 

1. Most earthquakes occur in regions where isostatic movements would be 
most expected to take place. 

2. Geological evidence seems to indicate that throughout all of earth 
history, the forces of gradation have had the upper hand over the relief- 
building group. 

3- If a v^ey glacier melts at the same rate as it advances, the debris it 
deposits will be spread out evenly over a large area. 

4. If a valley has steep sides and contains a swiftly flowing stream, it is 
probably comparatively old. 

5. Fos^ are usually found in marble or slate deposits. 

Basalt and granite are both forms of igneous rock. 

In order to obtain the best results, a seismograph should be mounted 
on a soft rubber base. 

4 

8^ A so-caUed ** volcanic plug ” results when the sides of a volcano cave 
in, filling the neck and preventing further emotion. 


9. The peaks of the Rocky Mountains mark the level of what was once 

most of which was eroded awav leaving the mminf-siine n-ir- 
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Chapter 9 

CLUES TO EARTH’S HISTORY 

Sir James Jeans has said that if the Woolworth Tower were to be 
thought of as standing for geologic time, the length of human exist- 
ence could be represented by a nickel lying on the tower, and historic 
time by a sheet of paper on the nickel. Therefore it is obvious that 
any knowledge we acquire about the changes that have occurred on 
the surface of the earth since its beginning must be gained by some 
other means than direct observation by human beings. As a matter 
of fact, the only record man has of the earth’s history is the one it, 
itself, has written in the rocky shell about it. In reading this record 
the geologist is in much the same position as the detective working 
on a murder case. He must search for clues, set up tentative hypotheses 
from the clues, check and compare the hypotheses with each other, 
and in this fashion finally reach conclusions. These clues upon which 
the earth-detective depends will be our principal concern in this 

chapter. 

First, however, there are two introductory matters that must be 
mentioned. For one thing, the reader should have in mind a clear 
picture of the planetesimal hypothesis of the formation of the solar 
system, since in general it provides the language in which the earth s 
beginning is discussed today. For this he may look back at the discus- 
sion in Chapter 3. In the second place it seems desirable to give a 
little consideration to the evidence for the very great age which w( 
ascribe to this our favorite planet. 

The Age of the Earth 

We have already referred to the fact that as recently as a centurj 
ago it was a widely accepted belief that the earth had been in existenci 
only a few thousand years. This belief was chiefly due to a declara- 
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tion made by Archbishop Ussher of Ireland about the middle of the 
seventeenth century. On the basis of his interpretation of certain Bib- 
lical passages, the good Archbishop made some calculations and confi- 
dently announced to the world that the planet had been created on 
October 26, 4004 b.c. at 9 o clock in the morning. This was immedi- 
ately adopted by the church as being correct, and so it is not surprising 
that people in general were very slow to abandon it when later scientific 
evidence began to contradict it. Incidentally, it should be pointed 
out that the date mentioned was based on the Archbishop’s interpreta- 
tion of certain scriptural passages and therefore was his responsibility, 
not the Bible’s. In other words the fact that we now know the earth 


cannot possibly be so young should not be held against the Bible any- 
more than the fact that Laplace misinterpreted the nature of the rings 
of Saturn is taken as a reflection on the good name of that planet. 

Something like forty more or less scientific approaches have been 
made to the problem of determining the age of the earth. We will 
consider briefly three of these, two of which are now looked upon as 
quite unsatisfactory and one which as far as present evidence goes 
seems to be reliably founded. One of the earliest attempts to solve 
the problem assumed that the oceans were originally fresh water and 
then proceeded to calculate the time that would be necessary for 
them to acquire their present salt content. A simple division of the 
amount of salt now present by the average annual rate at which it 
has been carried to the sea through the ages would, of course, give 
a figure for the time the oceans have been in existence. This could 
then be taken as a minimum age for the earth. The difficulty lies in 
t e fact that there is no way of determining the average rate at which 
salt has been carried into the seas, nor of correcting for loss of salt 
from the sea during all the years. The present rate of deposit is cer- 
tainly much greater than it has been through much of the earth’s ex- 
istence, since during most of the time the slopes down which water 
flowed to the sea were much less steep than at present. This means 
that any figure obtained by this method is fat too low. Calculations 
made in this manner gave an age of something like 1 00 million years. 

Another method is based on the rate at which sedimentary rock 
^^SJ were built up. Again, the difficulty is that there is no reliable 
way of determining what rates of deposit have prevailed in the oast 
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Using present rates, the method has given results varying from 100 to 
300 million years which, as in the previous case, may be presumed to 
be too low. Present rates of deposit are unquestionably higher than 
an all-time average would be. In addition to this, the method takes 
no account of the periods of erosion between deposition phases. 

The method of determining the earth’s age which science today 
accepts as the most reliable is based on the peculiar behavior of a group 
of so-called ” radioactive ” substances. Since these materials will be 
discussed more fully in a later chapter,^ a brief word of description 
here will suffice. Atoms of such elements have the startling habit of 
occasionally shooting out certain of the fundamental particles of 
which they are made and in this manner becoming atoms of entirely 
different elements. This process is known as radioactive disintegration. 
The effect is somewhat as though a large brick factory building should 
suddenly shoot out a lot of bricks and become a theater, which after 
a time would emit more bricks and settle down into a dwelling house, 
which later on would repeat the procedure and continue its existence 
as a hamburg stand. In a similar fashion radioactive substances are 
grouped into series or chains. The heaviest of all the elements, ura- 
nium, heads one of these. When an atom of uranium disintegrates 
it becomes an atom of an element known as uranium X. Uranium X, 
in turn, decomposes into the third member of the series. This con- 
tinues on through radium, which is sixth in line, and finally ends with 
the fifteenth, which is lead. Here the process either stops or becomes 
too slow for us to detect as yet. The value of the phenomenon as a 
geological clock lies in the fact that the rates at which the disintegra- 
tion processes occur have been carefully observed and found to be 
quite constant for each element. It is known, for example, that some 
2 1 0 tons of uranium will give rise to one-thousandth of an ounce of 
lead each year. Consequently, when a rock deposit is found which 
contains both uranium and lead it is possible to calculate the time 
necessary for the formation of the latter from the former. At this 
point the careful reader may ask two questions, first, " What right has 
one to assume that all the lead present came from uranium? ’ and 
second, " What right has one to assume that rates of radioactive dis- 
integration have always been the same as they are today? Wi 

1 Sec Chapter 26, page ^8^* 
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regard to the first of these, nature has been very kind, because the lead 
that comes from uranium has an atomic weight slightly different from 
that of ordinary lead and so is easily identified. The justification for 
assuming present rates of radioactive decay to have existed in the past 
lies in the fact that man himself has been quite unable to change these 
rates in any way. He has subjected the elements to high and low 
temperatures, high and low pressures, strong electric and magnetic 
fields, in fact to every sort of extreme environment he could devise, 
and all without apparent effect on the speed with which their disin- 
tegration programs proceed. 

The greatest age that has been obtained to date for a specific rock 
structure, calculated by the above method, is 1,850,000,000 years, 
which would give an absolute minimum age for the earth. Various 
other considerations which have to do with the probable extent of the 
earth’s early infancy before solid rock deposits and radioactive disinte- 
gration entered the picture lead geologists to talk in terms of a total 
age of from 2,000,000,000 to 4,000,000,000 years as a reasonable 
minimum, with the possibility that it may be much older. 

Rock Correlations as Clues to Earth’s History 

A considerable amount of information about the sequence of 
geological events in any given region can be obtained from rock layers 
themselves without regard to their fossil content. Our purposes in 
this connection can perhaps be served best by considering a number of 
specific examples. Since the scope of this book makes it neither pos- 
sible nor desu-able to attempt to explore exhaustively the possibilities 
in rock formations, it must be emphasized that the following consti- 
tute simply a few typical illustration and the possibilities they offer 
as sources of geological information. 

Examples of Conclusions Drawn from Rock Formations 

We will begin with the fundamental principle that if a series 
of layers of sedimentary rock are exposed, the uppermost is assumed 
to have been deposited most recently, the second next most recently 
and so forth. This seems almost too obvious to need stating and yet 
even here, one must not be too hasty in any given case since it some- 
imes happens that folding completely inverts a series of rock layers, 
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The kind of rock in a given deposit may be of value as a clue to 
earth conditions at the time the material was deposited. The presence 
of an extensive bed of limestone indicates that the region was under 
water during deposition. One may also infer that the surrounding 
territory was comparatively low and flat since otherwise streams would 
have carried in mud and silt or coarser materials. Large limestone de- 
posits also are generally taken to imply the existence of certain forms 
of marine life, since today beds of this sort are laid down through 
the agency of such organisms. 

Now, if this layer of limestone is covered with a layer of shale 
or sandstone, it is evident that after the limestone was deposited, lands 
adjacent to the sea were raised with respect to the ocean bed, causing 
streams to flow more rapidly and transport earth materials. The re- 
verse of this series of events would be inferred to have taken place if the 
shale or sandstone bed is just beneath the limestone. 

If the two layers mentioned above, namely limestone and shale, 
were laid down successively without the area having been raised out 
of the water at any time, one would be deposited evenly upon the 
other. In other words the plane or surface of division between the 
two would be smooth and unbroken, a formation which is known as 
a conformity. If, on the other hand, there was a period of time be- 
tween the deposition of the adjacent layers during which the lower 
one was out of the water and exposed to erosion, the dividing surface 
would be uneven and jagged, a phenomenon called an unconformity 
(see Fig. 59). So the existence of a conformity or an unconformity 
between two rock strata provides information concerning the sequence 
of events when the layers were deposited. The degree of coarseness of 
the material in a sedimentary bed is a clue to the sort of slopes that 
existed in the territory surrounding the region. The steeper the 
slopes, the more rapid are the rates at which streams flow, and the 
greater are their capabilities for transporting rock materials. 

Glaciers leave behind them various clues as to their general nature 
and behavior. Grooves are cut in the rock over which one of these 
rivers of ice passes, providing information as to its direction of travel. 
The maximum vertical thickness of a valley glacier may be dewr- 
mined by observing the upper limit of the glacial debris along the sides 
of the valley. The present distribution of rocks carried by the glacier 
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will indicate something about its type and its fate since, as was sug- 
gested in the preceding chapter, a glacier that melts as rapidly as it 
advances piles up the debris in a great ridge, while one that disappears 
owing to a change in the climate, deposits its load of rock more or less 
evenly over a large area. The former size of a continental glacier will 
of course be indicated by the extent of the region covered with the 
debris. 



Fig. 59. Nearly honzontal beds of alluvium (A) of Late Cenozoic resting by 
unconformity upon tilted beds of marine sandstone and shale (B) of Middle 

California at Los Angeles. (Miller’s 
Htsfortcal Geology, D. Van Nostrand Co., 1937.) 


Former crustal movements may often be inferred from present 
positions of rock structures. Consider, for example, the formation 

shown m (a) of Fig. 60, m which are found approximately vertical 
rock strata overlaid with horizontal layers. The history of such a 
formation might be as follows. Since aU sedimentary rock layers are 
eposited in a horizontal position, or nearly so, it may be assumed that 

»ere bowed up mto the form shown in (r) . Then, after , long pe- 
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riod of being out of the water and therefore subject to the agents of 
erosion, the structure was worn down to the form seen m (d). When 
at some later time new crustal movements caused the region again to 

be engulfed by the sea, other sedi- 
mentary strata were deposited on 
top of the weathered vertical ones. 
At a still later date it emerged from 
the water a second time and finally 
was found by man in the form 
originally pictured in (a). Such a 
series of events could produce this 
sort of formation. Whether or not 
any given structure had exactly 
this history would be determined 
by careful investigation of all avail- 
able clues in the vicinity. 





One more example will con- 
clude our discussion of rock corre- 
lation case histories. Suppose a 
horizontal layer of igneous rock is 
discovered sandwiched between 
two layers of sedimentary rock. 
The problem is to determine 
whether it was intruded between 
the two as in the formation of a 


iO 



(d) 


Fig. 60 . Diagram illustrating his- 
torv' of a formation consisting of 


sill, as discussed previous!]', or 
whether it simply flowed out over 
the surface of the earth and was 
later covered with a layer of sedi- 
ment. Careful examination of the 
rock in contact with the igneous 
material will settle the question. 


horizontal rock layers supenm- temperature of lava or 

posed on almost vertical ones. 

heat markings on rock with which it comes In contact. 
tion is a sill these markings will be found both above and below the 
igneous layer. If. however, it was formed in the second manner, the 
marks will be found only in the sedimentary layer below. 
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Limitations of Rock Correlation Clues 

Before considering the second type of clue to earth history, the 
limitations of the rock correlation method must be mentioned. By 
procedures of the sort just discussed it is possible to work out a fairly 
complete picture of the sequence of geological events for any given 
region. However, any complete picture of the history of the earth 
as a whole requires that one be able to say, for example, not only that 
the layers of rock in northern Ohio were deposited in a certain order, 
but also that any given layer in Ohio was deposited at a certain time 
with respect to a layer in Canada, or Europe, or some other part of 
the world. For such purposes rock correlation methods alone are quite 
inadequate. Rocks, as we have seen, are of only a few types. The 
rocks of any one type resemble each other very closely regardless of 
the time they were formed. Limestone which was deposited millions 
of years ago may not differ in the least from limestone that is being 
deposited today. The same is true of igneous, sedimentary, and meta- 
morphic strata. For information that will lead to worldwide correla- 
tions of geological events we must turn to the other type of clue. 

Fossil Remains as Clues to Earth’s History 

The fossil remains of plant and animal organisms offer the only 

satisfactory and reliable basis for relating geological events of large 

areas of the world to any sort of an absolute time scale. It should 

be noted that the ideal method of dating rock layers would be always 

io have available igneous intrusions containing radioactive elements. 

But It happens that 75 percent or more of sedimentary rock strata 
lack any sort of igneous intrusions. 


Kinds of Fossils 

In its geological use, the term » fossil » has a somewhat wider 
apphcation than is usuaUy associated with it. In earth science fossils 
may he thought of as including "any traces of plants or animals 
which havmg been buried in rock-forming mud or sand, are preserved 
m such a condition that they give information about the organism or 

DC grouped mto several types. ^ 

Snider, L. C., Earth Historyj 


P* 47. New York: Century Co., 1^52. 
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Rarest among fossils are organisms which have been completely 
preserved. Such remains are found, for the most part, in ice, amber, 
or oil, since these substances serve to protect the soft parts of the or- 
ganism. A few hairy mammoths that lived at about the time of the 
last glacial age have been discovered intact, refrigerated in the ice 
of Alaska and Siberia. Several were so well preserved that the meat 
was eaten by dogs, and at least one case has been reported in which 
steaks from one of these extinct cousins of the modern elephant were 
served at a scientific dinner. A few members of the wooly rhinoceros 
family have been discovered preserved in the oil-saturated soil of parts 
of Poland. Since both mammoth and rhinoceros date back only some 
thousands of years, they are not of great value from the standpoint 
of early geological history. The oldest of the completely preserved 
specimens are insects, many of which have been found encased in 
amber. Some of these date back as much as 30 or 40 million years. 

The unaltered remains of the hard parts of organisms are found 
much more commonly. These include bones, teeth, tusks, claws, 
horns, and fins. Important examples of this type of fossil are the 
dinosaur remains which have been recovered from certain rock de- 
posits in our Great Plains region, and the skeletons of the sabre-toothed 
tiger, some 800 of which have been found in the asphalt beds of 
California. These remains are of animals which had their day in the 
sun a few millions of years ago. 

Specimens of any great geological age have usually been altered 
in some way or other. Plants, for instance, are often preserved by 
carbonization. This usually occurs when the organism, which may 
be anything from a leaf to an entire tree, falls into the water and is 
buried under sediment. During the processes of incomplete decay, 
under these conditions, hydrogen and oxygen escape, leaving the resi- 
due with an ever increasing percentage of carbon. These carbonized 
remains may retain in fairly exact detail the markings and struc- 
tures of the original organism. Almost everyone has seen such fossil 
remains in coal. Then there are a large number of mineralizing or 
petrifying agents whose action results in the replacement of plant and 
animal remains by other materials. Here the structure is often re- 
produced and preserved for hundreds of millions of years in micro- 
scopic detail. Petrified wood is an example of such a formation. 
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Finally there are those things which are evidences of the former 
existence of living organisms, although never actually a part of them. 
The shell of a snail may have been buried in a type of sediment which 
packs tightly about it and hardens. Then if the shell is dissolved out, 
a mold is left. From such molds casts can be made which reproduce 
the surface features of the buried object. Sometimes natural processes 
refill such a mold making a natural cast. Although not important 
as clues to earth history, a number of spectacular cases of such molds 
were unearthed in the excavation of Pompeii. Many human beings as 
well as other animals were caught and completely buried in the lava 
flow. Careful excavation m modern times has made it possible to 
prepare casts from the molds thus made in igneous rock. 

In this group of fossils also there must be included such forma- 
tions as dinosaur footprints, stomach stones of certain ancient reptiles, 

worm burrows, and similar things which provide information about 
organisms that once lived on the earth. 


Abundance of Fossils 

In comparison with the great multitudes of living organisms 
that have existed upon the earth, the number of fossils that man can 
hope to find is extremely small. In the first place the vast majority 
of plants and animals, when they die, leave no trace of ever having 
existed. Most plants decay or are eaten by animals. Most animals 
are eaten by other animals or decompose soon after death. So that, 
in order to stand a chance of becoming fossilized, an organism 
must m general be buried very shortly after it dies. For this reason 
marme life is more likely to be preserved than land life. It is evident 
that only a few perish under circumstances such that the remains even 
can start along the road to " fossildom.” Then of these few, many 
wil be destroyed as time goes on. Some will be dissolved out and not 
replaced. Others wiU be ruined by the forces of metamorphosis. If 
se mentary rock melts and forms magma, any fossils it contains will 
e estroyed. Finally of the organisms that do become fossilized and 

CMS to so little of the entire amount of sedimentary rock in the 

N'vertbK his total fossU discoveries are large 
ind remarkably complete and connected. ® 
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It should perhaps be mentioned that only within relatively recent 
times have fossils been generally accepted as being the remains of 
organisms that once lived on the earth. Down through the ages many 
theories were advanced to account for the existence in rock of these 
interesting specimens. Some people thought they were spontaneously 
generated. Others believed them to be in the nature of “ seconds ” 
which God had discarded during His activities incident to creation. 
Another theory pictured them as the remains of organisms which 
perished in Noah’s flood. When they were first being used as evidences 
of evolution, the suggestion was advanced that they had been planted 
in the earth by the Almighty in order to test man’s faith. It was 
really only about the beginning of the nineteenth century that their 
true nature began to be fairly widely recognized. 


The Use of Fossils in Dating Rock Layers 

Modern use of fossil records as clues to geological history is based 
on the fundamental principle that if fossils of a certain organism are 
found in a layer of sedimentary rock, then that layer was de- 
posited at the time that particular organism was in existence on 

the earth. 


In using fossils as a basis for fixing the sequence of deposition 
of rock strata in various parts of the earth, one begins with a region 
in which the layers of rock lie flat, one above the other, and have not 
been distorted by folding. In such a locality the fossils in as many 
layers as possible are carefully studied and classified. Then with re- 
gard to each stratum one determines the kind of rock it is, the kinds 
of fossils that are peculiar to it, and the ones which are most abundant. 
These records then serve more or less as standards with which rock 
strata in other regions can be compared and consequently dated. By 
working in this manner from place to place a geologist can build up 

general sequences which simplify the dating of new regions. 

In order to give one or two examples it will be necessary to an- 
ticipate the next chapter, to the extent of mentioning that well- 
connected geological history is divided by man into three eras, which 
for the time being we will designate simply as I, II, and III. Now it 

happens that no mammal bones have ever been found m of 
T of small mammals in rocks of era II. Therefore 
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•whenever bones of large animals of this type are found in rock strata, 
those layers are recognized as belonging to era III. Similarly large 
numbers of fossils of certain crablike animals called trilobites have 
been found in rocks of era I but none have ever turned up in era II or 
era III strata. Consequently, the presence of a fossilized trilobitc in a 
sedimentary bed dates it as belonging to the first of the three divisions. 
Certain other marine organisms, on the other hand, are found only 
in rock layers of eras II and III and so serve to date those beds. 

Lest this whole procedure sound somewhat arbitrary it should 
be emphasized that in all the investigations that have been made, the 
record is absolutely consistent. It will be evident even from the above 
few examples, that the discovery of a large mammal bone in a lower 
rock layer or even in the same layer with trilobite fossils would com- 
pletely discredit the whole procedure. But no such case has ever been 
found in all the thousands of locations that have been studied. The 
same is true of all the other forms which enter into this use of fossil 
remains. Since this complete coherence does exist, one feels justified 
in assuming the correctness and reliability of the method. 

One other point that may be mentioned in this connection is the 

fact that the use of fossils as indicators of rock age assumes that 

plants and animals have changed with time. Suppose that sabre- 

toothed tigers had always existed, were still roaming the earth, and had 

not changed in form. Then the discovery of the remains of one in a 

rock bed would mean nothing in terms of dating that stratum. The 

very fact that change has occurred, that new forms have appeared and 

others become extinct, is the thing that makes the procedure of rock 
dating possible. 

Fossils also are good clues to former climatic and topographical 
conditions, since certain types of organisms are known to be peculiar 
to certain environments. The presence in ancient rocks in Greenland 
of fossils of plants which require a warm climate indicates that when 
those rocks were formed, mild temperatures prevailed in that north- 
erly region. Or, the fact that large numbers of fossils of marine ani- 
mals are found in rock of era I near the tops of the Appalachians proves 
that region to have been beneath the sea during that period of time. 
Or apin, the presence of coral, which today is found almost entirely 
within 20 degrees of the equator, in era I strata in regions which now 
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have temperate or cold climates, indicates the existence of very wide- 
spread mild climatic conditions when those rocks were laid down. 

One might continue almost indefinitely to cite examples like those 
above to show the use that man can make both of rock layers them- 
selves and of the fossils in them in discovering the earth’s history. 
For our purposes, these will serve to illustrate the possibilities involved. 
But it should be mentioned that our method of approach to the prob- 
lem carries with it the danger of leaving the reader with an overly 
simplified picture of the procedure. The geologist working in the 
field does not take a hurried glance at one or two rock layers and a 
couple of fossils that they may contain, and then launch into an ex- 
tensive and dogmatic declaration of the geological history of the re- 
gion. As a matter of fact, probably no better examples of careful, 
cautious procedure, in line with the scientific method, can be found in 
all science than m the field of historical geology. We have cited 
merely a few specific examples in order to illustrate the procedures 
and reasoning employed. In actual work conclusions are drawn only 
after all available clues have been exhaustively studied, and checked 

and rechecked against each other. 


Discussion 


Questions 


1. Mention the principal features of the planetesimal hypothesis of the 

origin of the solar system. j 

2. Describe and criticize the three scientific approaches, mentioned in 

this chapter, to the determination of the age of the earth. 

3. Look up at least one method, other than the ones discussed m this 

chapter, which has been advanced for calculating the ap of the earth. 
Tpind out what is meant by the statement, “ the half-hfe of radium is 

’'dS.ss the .ignificoc. ot eo.fomhties ^ uotonfonthties in detet- 

d. ^hdity of 

e»h,h.d.g 

10. Suggest a reason why the snorter v 
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given kind of organism was in existence, the more valuable are its fossils for 
the determination of geological history. 

11. Mention several ways in which plant and animal remains are changed 
to produce fossils of the altered remains ” type. 

12. Discuss the chances that any given plant or animal which is alive 

today has of becoming a fossil that will be studied by future generations of 
geologists. 

13. Referring back to the preceding question, on an average how do the 
chances of any given marine animal becoming fossilized compare with those 
of a land animal? 

14. Give reasons for the statement that, ** Finding the leg-bone of a horse 
in the same layer of sedimentary rock with a trilobite fossil would be dis- 
astrous to the line of argument employed by geologists in arriving at their 
conclusions about geological history.” 

15. Under what sort of circumstances might not the discovery mentioned 
in the preceding question be disastrous to geological argument? 

16. In what way does the geological argument from fossil evidence de- 
pend on plants and animals having changed with time? 

Multiple Choice 

1. Which one of the following is true and offers the best reason for con- 
sidering the radioactive disintegration method the most accurate for deter- 
mining the age of the earth? (a) It is the most recent, (b) Man has been 
unable to vary rates of radioactive decomposition, (c) It gives a maximum 
instead of a minimum figure, (d) It was the first to be used and therefore 
has been checked over a longer period than any other, (e) It agrees most 
closely with Archbishop Ussher*s figure. 

2. Which of the following would offer the best basis for concluding that 
a certain layer of sandstone in California was deposited at about the same 
time as one in Florida? (a) Are about the same distance below the surface, 
(b) Are the same number of rock layers beneath the surface, (c) Have ex- 
actly the same chemical composition, (d) Have same physical characteristics 
such as density, tensile strength, etc. (e) Contain similar fossil remains. 

3. An ‘unconformity” is (a) a fault or crack along which an earth- 
quake has occurred, (b) the plane of division between two layers of lava which 
failed to fuse together, (c) a fossil discovery which does not agree with other 
evidence, (d) a vertical plane of cleavage caused by isostatic movements, 

(e) a certain type of division plane or boundary between adjacent layers of 
sedimentary rock. 

4. Other things being equal, the fossils most valuable in fixing the age 
of a rock deposit are those of organisms that (a) were the largest of their 
^nd (b) were m existence for only a short time, (c) existed in the greatest 
abundance in a given area, (d) changed very Uttle over very long periods 
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5. In the light of present day evidence, if reliable radioactive calculations 
place the age of one rock deposit at 1 billion years and of another at 2 billion 
years, one may conclude that (a) the earth is actually about 1.5 billion years 
old, (b) the discrepancy proves the method unreliable, (c) the earth is at 
least 2 billion years old, (d) the earth cannot be more than 1 billion years old. 

True-False 

1. The vast majority of plants and animals leave no trace in the earth of 
ever having existed. 

2. Bones of large mammals are usually found in rocks of considerable 
geological age. 

3. No fossils of marine animals are ever found on mountain tops. 

4. All the scientific methods of calculating the earth’s age give minimum 

figures rather than maximum. 

5. The greater the similarity of structure of an ancient and a modern 

organism, the more valuable are fossil remains of the former. 

6 . The presence of a conformity between two rock layers indicates no 

withdrawal of the sea between the times of their being deposited. 

7. The fossils of greatest age have usually been altered. 

8. Rock correlation methods find their greatest value in dating rock 

deposits in widely separated regions, with respect to each other. 

9 . Limestone is never deposited under water. 

10. In general marine forms of life stand a better chance of being fossil- 
ized than do land forms. 
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GEOLOGICAL HISTORY 



In this chapter we shall turn our attention to some of the information 
that rocks and fossils give us about actual events in earth history. For 
convenience in discussing the red-letter days in the life of the earth 
it is desirable to divide its life span of several billion years into smaller 
intervals. In our consideration of the subject we will discuss and cor- 
relate the two bases upon which such a time division is made. 

Geological Cycles 

The first of the two schemes is one determined by the earth itself, 
not one imposed upon it by man. First we shall define some terms in 
connection with geological cycles and then consider a typical cycle 
in detail. 

Definition of Terms 

It will be recalled that in our discussion of " leveling off ” versus 
" building up ” factors in Chapter 8 the point was made that at any 
given time one set or the other might be dominant. The evidence in- 
dicates that this position of dominance does not shift back and forth 
in a haphazard fashion but alternates in a definite periodic manner. 
The history of the earth’s crust has been one of a series of cycles, each 
of which may be thought of as having had two phases. These are 
called revolution and submergence respectively. The revolution stage 
is a comparatively short period of disturbance on the earth’s surface 
and comes as the climax of an interval during which the building-up 
agents have been in the ascendancy. The submergence stage is at the 
opposite extreme and results from the forces of erosion having held 
the upper hand for a time. It is a period of comparative geological 
quiet and lasts much longer than does the revolution phase. The in- 
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terval from one revolution to the next, or, in other words, the period 
covered by one revolution plus one submergence is called a major 
geological cycle. Such a cycle is, on the average, 150 to 200 million 
years in length. 

Conditions at Maximum Submergence 

Maximum submergence occurs when, because of a period of 
dominance of gradational factors, the leveling-off of the earth’s sur- 
face has reached its greatest extent. At such a point a large propor- 
tion of the earth’s surface is covered with water. Few or no mountains 
are visible, and even hills are largely absent. The regions that remain 
unsubmerged are reduced to islands, the rest of the continental areas 
forming the bottoms of shallow seas. 

Since there are no steep slopes, mechanical erosion by running 
water is at a minimum. There is a very considerable amount of chem- 
ical erosion in progress, since so much territory is in contact with 
water. Extensive limestone deposits are typical of a period of sub- 
mergence. 

The combination of widespread seas and a lack of hills and moun- 
tains on the exposed land makes for warm, moist, uniform climatic 
conditions over much of the earth. The reason for this may be il- 
lustrated by the manner in which a vessel of water is heated on the 
stove. In such a case, although the heat is applied at the bottom only, 
the temperature of the entire amount will rise quite uniformly if the 
water is able to circulate freely throughout the container. This is 
due to the convection currents that are set up. The existence of such 
currents in the atmosphere has already been described in a previous 
chapter in connection with the discussion of winds. In the same 
manner, if both water and air are free to circulate on and about the 
earth, temperatures in all latitudes will be fairly high and quite uni- 
form although, as previously discussed, the sun’s heat is being applied 
principally in the equatorial regions. Such a state of affairs prevai s 
during submergence. At this stage of a geological cycle t 
neither desert regions nor areas covered with glaciers. Water, whic 
at other times is tied up in the form of ice around the poles, is released 
to swell the total volume of the oceans and aid in engulfing the con- 


tinents. 
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Obviously, the conditions just described would be ideal for the 
existence of marine plant and animal life. Consequently, at sub- 
mergence points in the cycles that have occurred since life began on 
the earth, such forms have been widespread and abundant. Land life 
during such an interval naturally is quite limited because of the rela- 
tively small amount of dry land. Even here, however, it should be 
pointed out that as far as climate is concerned, what dry land does 
exist ofiFers a fairly ideal environment. 

Conditions as a Revolution Approaches 

The wane of the submergence phase and the approach of the 
next revolution is heralded by a general raising of the continents. 
This is accompanied by the beginning of mountain formation. 

As slopes become greater, streams flow faster and so mechanical 

erosion increases. Therefore, one might expect to find the layers of 

limestone mentioned above overlaid by layers of shale-forming mud 

and silt, which in turn would be covered with strata of still coarser 
deposits. 

As the rising land begins to interfere with the free circulation of 
air and water, the climate ceases to be so uniform throughout the 
world. This decreasing uniformity means that greater extremes of 
temperature develop in the seas, affecting marine life adversely. As 
will be brought out in the next section, there is not, however, a cor- 
responding increase and spread in forms of land life. 

Conditions at the Climax of a Revolution 

At this point m the cycle, the greatest extremes of altitude, tem- 
perature, and humidity are found on the earth. The continents are 
«gely exposed with only small areas along the edges being submerged. 
The earth’s surHce is marked by great high plains and plateaus, young 
rugged mountams, and deep valleys containing swiftly flowing streams. 

Because of the steep slopes and rapid streams, large amounts of 

coarse material are carried out and deposited on the ocean beds. The 

amount of chemical erosion occurring at this time is probably about 

the same as at the stage of greatest submergence, but, because of the 

^ormous mcrease in mechanical weathering, it comprises a minimum 
percentage of the total erosion. 
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At this time the free circulation of water and atmosphere is most 
seriously interfered with. Average temperature conditions in some 
parts of the world are ideal for the accumulation of glaciers, while 
a tropical climate prevails in other localities. In some areas it may 
rain only once in several years, while others receive hundreds of inches 

per year. 

The fact that this stage of the cycle finds a maximum amount 
of dry land exposed, might at first lead one to expect a correspondingly 
abundant and widespread existence of land life. But such is not the 
case because, as a result of the temperature and humidity conditions 
mentioned above, much of the dry land offers far from ideal condi- 
tions for land life. What has happened is that during these periods 
of revolution the most rapid evolution in life forms has occurred. As 
the environment becomes increasingly severe with the approach of a 
revolution, types of organisms which have become specialized are 
faced with the choice either of changing with the environment or of 
becoming extinct. Specific examples in this connection will be men- 
tioned later in the chapter. 


Conditions as a Submergence Approaches 

Trends at this stage are essentially the opposite of those discussed 
for the period leading up to a revolution. Erosion is now dommant 
over building. Mountains and hills are worn away and the materia 
deposited in the lowlands and on sea floors. Largely because of thu 
deposition of sediment on the continental shelves, sea leve is raise 
and the oceans encroach on the continents. A progr^sively smaUer 
percentage of total erosion is mechanical in nature. Climatic condi 
C o«r .he earth increase in uniformity and b^ome more and 

more favorable for the growth and spread of marine life. 

Since man’s ettistence on the earth has been enttrely confin d to 

a brierLterval near dte climax of a revolution, he neve' W 
the prospect of the decreasing dry land which comes w. A Wr«^ 

counter some millions of years from now unless, m 

manages by his own effort to eliminate hunself from the face ot » 

earth ThI effect on human affairs of Ae approach of .hu next g 
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in the geological cycle provides material for interesting speculation, 
In the first place, oceans would not have to rise a great deal to engulf 
a considerable area of what is now dry land. An increase in sea level 
of 500 feet, which is just slightly more than 1 per cent of the oceans’ 
present maximum depth, would bring the Gulf of Mexico up to Cin- 
cinnati, while a 1,000-foot rise would take it to the arctic regions. 
With such a rise all land life would be forced to confine itself to a 
smaller and smaller area. One can imagine the wars that would be 
fought, always with the noblest of expressed motives, over this steadily 
dwindling bit of dry land. Yet, what to man would be a major catas- 
trophe, from the standpoint of the earth would be but the natural 
recurrence of a particular stage in the normal geological cycle, a stage 
that is reached merely because, for a time, leveling becomes dominant 
over building. It would no more represent a calamity to the earth 
than does the seasonal drying up of a pond which results in wiping 
out its particular frog or fish population. 

In the above paragraphs we have traced the characteristics of 

various stages of the geological cycle. There is well-established fossil 

evidence for the occurrence of three such cycles covering the last half 

billion or so years and every reason to suppose that these three were 

preceded by others of like nature. It should be remembered that in 

these major cycles the trends have been world-wide. Superposed 

upon these there have been many minor cycles, similar in nature but 

less extreme and more localized. In other words, the earth does not 

move smoothly and uniformly from one stage to the next of a major 

cycle but rather in a slow spasmodic fashion through a series of minor 
disturbances. 

Now we will turn our attention to a second basis upon which 

earth history is subdivided, after which we will fit specific events into 
the picture. 


Geological Eras 

The second scheme of division is a man-made one which divides 
ea^ time mto intervals called eras. These in turn are further di- 
vided into smaller units known as periods. 
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Names of the Eras 

The general pattern in terms of which the eras are given names 
is somewhat analogous to that which serves as a basis for the division 
of human history. >X'hat may be thought of as well-recorded human 
history begins with the appearance of peoples who left written records. 
Similarly, well-recorded earth history may be defined as beginning 
with the appearance on the earth of plants and animals which left 
fairly complete and well-connected fossil records. We divide wdl- 
fecorded human history into three parts, namely ancient, medieval 
and modern. Of these, ancient history covers the greatest extent of 
time, medieval the next greatest, and modern the least. In an analo- 
gous fashion, well-recorded earth history is separated into three in- 
tervals called eras. From the stage of development of life at the time, 
as evidenced by the fossil remains of plants and animals, these are 
name Paleozoic or era of old life, Mesozoic or era of intermediate life, 
and Cenozoic or era of recent life. Here also, the most recent covers 
the least time and so on back through the three. These are the eras 
that were designated as I, II, and III respectively in the previous 

chapter. i- l i. 

Then in human history there is a period of time earlier than that 

for which we have written records. This interval, which exceeds 

historic time in length, we call prehistoric time. During it ^ 
some human life in existence and some scattered records are availa^ 
but we do not have a well-connected world-wide story of human de- 
velopment throughout these prehistoric ages. Likewise in earth histofy 
there was a time preceding the Paleozoic era when life ex.st<^ on the 
earth but for which fossU records either are missing entirely or ut 
poorly preserved and unconnected. These geological pndustonc 
times are divided into two eras which, in chronological order, are 
called Archeozoic or era of earliest life, and Proterozoic or era 


earlier life- , . 

We have no exact knowledge of events during earth time betort 

the beginning of life. Aothoritte divide it into eithet oo. ot 

eras. Our purposes will be served adequately if we consider it aU In 

belong to the Azoic era or era of no life. 
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The boundaries between eras are determined in general by major 
revolutions. As was mentioned previously, eras are subdivided into 
periods largely on the basis of the occurrence of minor geological dis- 
turbances. 


Principal Events 

Since a detailed description of even the outstanding events of 
geological history would make much too long a story for inclusion 
in this book, this part of the discussion has been largely put mto 
table form. Table 5 will give the reader an idea of the relative lengths 
of the various eras. The extent of each one, as shown in the second 
column, is an estimate based on an assximed total geological age of 
three billion years. The last column gives the lengths of the eras as 
they would be on a scale model for which all earth time is set equal to 
one calendar year. Points to be particularly noted are that more than 
half of the earth’s present life had elapsed before the beginning of 
what we have called well-recorded earth history, that each era was 
longer than the one that followed it, and that the present one, the 
Cenozoic, has extended over only a tiny fraction of the total. 


Table 


Era 

Azoic 

Archeozoic 

Proterozoic 

Paleozoic 

Mesozoic 

Cenozoic 


Lengths of Eras Assuming Earth to be 

Three Billion Years Ou) 

Extent on Scale of 

Length in Millions 

All Earth-Time == 

of Years 

I Year 

1000 

Jan. 1 to May 13 

800 

May 14 to Aug. 13 

6S0 

Aug. 14 to Oct. 28 

3$0 

Oct. 29 to Dec. 8 

140 

Dec. 9 to Dec. 25 

60 

Dec. 26 to Dec. 31 


1 After table in Down to Barth, Cronds and Krumbein, p. 28J. 


Chicago: Unie. Press, 


19i6. 


Next let us call the reader’s attention to Fig. 62 in which the 
three geological cycle, of weU-^rded 

intery*al of time. It wUl be noted that the Paleozoic era included tw 
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»f the major cycles while the third one extended ow the two moet 

ecent eras. 

Now, with the relationships of Table 5 and Fig. 62 in mind, the 
■cader is in a position to study Table 6. Here the eras and periods 
irc listed in chronological order and for each one there are given 



Fig 63. Map showing sea and land areas in North America about *e 
of the first Paleozoic cycle. White areas are land, shaded ones, water. (From 

maps by B. Willis. C. Schuchert. and R. Chamberlin.) 

of the main geological events, the principal economic 

the chief forms of life. It will be noted that the geol^icJ 

mentioned are almost exclusively those occurring on the North 
ican continent since it would be impossible m the space avadablc to 

tell a world-wide story. 
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rABLE 6. A Table which Lists Briefly the Geological Description 
AND Conditions of Life for Each of the Eras and Periods of 

Earth History 


Ira Period Description Life 

An era by definition. Assumed 
to cover period from earth’s 
3 S origin to beginning of life. None 

i o Events would include acquisi- 

® tion by earth of atmosphere 
and hydrosphere. 



Archeozoic rock underlies al- 
most all other strata. Large- 
ly metamorphic and igneous. 
Types of former indicate sedi- 
ments of era much the same as 
those of today. Latter types 
indicate great volcanic activ- 
ity. Examples of Archeozoic 
rock include Laurentian High- 
lands, core of Rockies, and parts 
of Ozarks and Black Hills. 
Era ended with raising up of 
Canadian Shield, called the 
Laurentian Revolution. 


Fossil remains confined to a few 
sponges and blue-green algae. 
Presence of large limestone and 
graphite beds taken as pre- 
sumptive evidence of life since 
living organisms involved in 
making such deposits. Con- 
clusions regarding events based 
largely on rock criteria. Dearth 
of fossils does not indicate 
paucity of life since meta- 
morphism would destroy most 
fossil remains. 




Rock still predominantly meta- 
morphic although some sedi- 
ment. Two periods of glacia- 
tion. During first, regions as 
far apart as North America, 
Australia, and Africa covered 
with ice sheets. Valuable min- 
eral deposits include Lake Su- 
perior iron ore, Michigan cop- 
per, and Canadian gold, silver, 
and nickel. 


Direct evidence confined to a 
few fossil remains of one-celled 
plants, sponges, and worms. 
As in rock of the preceding era, 
large deposits of limestone and 
graphite imply the existence of 
various forms of plant and ani- 
mal life. 
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Era Period 


Description 


Life 


o — • 

o ^ 
Ji © 

Cm ^ 


Ki 

1 

u 


At beginning of period large 
mountain ranges along eastern 
and western coasts of North 
America, called Appalachia and 
Cascadia respectively. Only 
submerged portions of conti- 
nent were trough-like depres- 
sions along inland edges of 
these mountains. By the close 
of the period about a third of 
continent submerged. Rock of 
period contains gold in Black 
Hills and lead in Missouri. 


fi 

o 

• wn 
> 
o 
•o 

u 

0 


By middle of period about 60% 
of North America submerged 
( See Fig. 63). Taconic Moun- 
tains formed. Products of 
Ordovician rock include oil and 
gas in Ohio, Indiana, Kentucky 
and Oklahoma; also lead and 
zinc in Illinois, Wisconsin, and 

Iowa. 


c 

*c 

in 


Marks beginning of well re- 
corded earth history. Fossil 
evidence indicates abundant 
life. Many forms of inverte- 
brates including trilobites and 
brachiopods. No vertebrate 
fossils ever found in Cambrian 
rock. 


s 

•a 

o 

t 

Q 


Most of North America cov- 
ered by shallow seas which ex- 
tended from Gulf of Mexico to 
Arctic Ocean and from New 
York to Iowa. Major disturb- 
ance at close of period marked 
end of first Paleozoic major cy- 
cle. Important products in- 
clude salt and gypsum in Ohio 
and New York, and Appalach- 

ian iron ore. 

Close of period marked by rais- 
ing up of Acadian Mountains. 

chief North American product 

of Devonian rock is limestone 
used in Portland cement. 


Increasing abundance and com- 
plexity of invertebrate life. 
Appearance of first vertebrates. 
Only 1 0 or n of the thousand 
or more forms of Cambrian life 
survived the minor revolution 
to become part of the several 
thousand forms known in the 
Ordovician. 

First appearance of true fishes, 
scorpions, and air breathers 
First coral reefs formed. 


Dominant forms of life were 
fishes, among which was a prm- 
itivc type of shark. Bony fish 
small and few in number. Ap- 
pearance of first amphibi^- 

.... lani^ VP9etatlOn« 
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Era Period Description 




Greatest submergence of North 
g America between Ordovician 
gj and present. Raising up of Ap- 
palachians begun toward close 
.2 of period. Products are Bed- 
S ford limestone of Indiana and 
Berea sandstone of Ohio. 


No outstanding innovations in 
life forms. Widespread warm 
seas offered Ideal environment 
for marine plants and animals. 



During most of period Canada 
was above water while a large 
^ shallow sea covered western 
.2 U. S. Some 90% of all coal 
rt mined in North America today 
^ comes from rock of this period, 
g including almost all mined east 
^ of Kansas. Other Pennsylva* 
nian products include large pe- 
troleum deposits in Oklahoma 
and Kansas. 


Amphibians dominant form of 
animal life. Dominant plants 
were huge club mosses and their 
relatives which constituted the 
vegetation from which today’s 
most valuable coal deposits 
came. Oldest fossils of reptiles 
found in Pennsylvanian rock. 


Permian was a period of moun- 
tain building throughout the 
world. Also included greatest 
g glaciation world has known. 
*g Appalachians were completed 
by close of period. Among im- 
portant products are large 
Texas petroleum deposits, and 
phosphate in Wyoming, Mon- 
tana, Utah, and Idaho. 


Being a period of revolution, 
Permian was marked by many 
changes in life forms. Verte- 
brate land life consisted of 
amphibians and reptiles which 
had evolved into entirely dif- 
ferent species by beginning of 
next period. Similar trans- 
formations occurred in land 
plants. 


u o 
^ 2 


u 


With this period earth entered 
upon third major cycle of well 
recorded earth history. North 
America almost entirely ex- 
posed at beginning, but Pacific 
Ocean began to encroach to- 
ward period’s close. Scarcely 
any mineral products of value 
in Triassic rock. 


Period marked by rise of rep- 
tiles as evidenced by appear- 
ance of dinosaurs as well as of 
forms which could swim and 
fly. Mammals appeared but 
were small and unimportant. 
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Era Period 


Description 
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Jurassic seas covered much of 
western U. S. Eastern part of 
country exposed throughout 
period. Oceans gradually re- 
ceded toward close of period, 
the end being marked in the 
U. S, by the raising up of Si- 
erra Nevada Mountains. Rock 
contains some important gold 
deposits in California and coal 
in Alaska. 

Period marked in North Amer- 
ica by repeated advances and re- 
cessions of oceans. At maxi- 
mum submergence a 1,000- 
mile-wide sea joined Arctic 
Ocean and Gulf of Mexico. 
Revolution which began to- 
ward close of period is not yet 
finished. Rocky Mountains 
raised up at this time. Princi- 
pal products of Cretaceous rock 
are coal and oil, the latter from 
Texas and Mexico. About one- 
sixth of all petroleum produced 
thus far comes from rock of 
this period. 

Tertiary period taken to in- 
clude all but last million years 
of Cenozoic era. Maximum 
submergence early in period 
when Gulf extended north to 
Ohio River. At close of pe- 
riod North America was much 
as now. Andes, Alps, Hima- 
layas, and Pyrenees all raised up 
in Tertiary. About half of all 
petroleum produced in world 
comes from rock of this period. 
Other valuable products are 
copper, silver, and lead. 


Lifr^ 

First birds appeared. They 
were distinctly reptile-like in 
appearance and evidently 
evolved from that form. Rep- 
tiles continued to advance and 
attained dominance so that 
Mesozoic era often called the 
Age of Reptiles.” 


Reptiles reached their greatest 
development. Climax came 
with appearance of huge dirw- 
saurs, some of which reached 
lengths of 100 feet and weighed 
30 tons (sec Fig. 64). By close 
of period flowering plants were 

widespread as also were many 
types of trees. The latter were 

similar in form to modern trees 
but of different species. 


Rapid evolution of new forms 
of plants and animab. Dino- 
saurs entirely disappeared be- 
cause of inability to adapt 
themselves to changing condi- 
tions. Reptiles as a whole be- 
came of minor importance and 
mammals acquired dominance. 
Most mammals of thb period 
belonged to species no longer in 
existence. Fossils of primitive 
primates found in Tertiary 
rocks. 
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Era Period Description 




Quaternary began with advent 
of interval of widespread gla- 
ciation. Evidences of advance 
and recession of at least four 
ice sheets over parts of North 
b America, the last one with- 
£ drawing some 20,000 years ago. 
% Interval since this last ice age 
(y known geologically as ** the 
present.” Impossible to be cer- 
tain whether ice ages are over 
with until next revolution, or 
whether earth is now simply be- 
tween two of them. 


Life 

So-called " Age of Man ” be- 
gan with Quaternary. Earliest 
man of period belonged to 
species known as Dawn Man. 
Modern man, or Homo sapiens, 
appeared about close of last ice 
age. This brings Neolithic man 
into the picture at 11:57 p.m. 
on December 31 of the one- 
year scale model described in 
Table 5. 



Fig. 64. Tie longer of all known dinosaurs, a sauropod, Diplodocus. A 

mounted skeleton m the Carnegie Museum of Pittsburgh measures 87 feet 

long. Restored by C R. Knight under the direction of H. F. Osborn. 
(Courtesy American Museum of Natural History.) 

This very hurried tour through geological history with brief side 
excursions into the fields of life and economic products probably 
should not be concluded without some mention of the earth’s future. 
Naturally predictions about the geological future can be made only 
m ter^ of the past. On such a basis it seems fairly safe to prophesy 
that, barrmg some great cosmic catastrophe such as coUision with an- 
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other heavenly body or similar occurrence, our planet will continue 
to move calmly and inexorably through one geological cycle after 
another, quite undisturbed and unaffected by the antics and activities 
of man and the other living creatures which live their brief life spans 
upon its ever-changing surface. 


Questions 

Discussion 

1. Define the terms " revolution ” and " submergence ” as applied to geo- 
logical cycles and relate them to the two types of agents discussed in Chap- 
ter 8. 

2. List the principal characteristics of earth contours, climate, and life 
to be expected at each of the following points m a major geological cycle: 
(a) At maximum submergence; (b) At climax of a revolution; (c) Half- 
way from a submergence to a revolution. 

3. Relate the discussion of weather in Chapter 7 to the fact that approach- 
ing revolution brings with it increasing extremes of ramfall over the surface 

of the earth. 

4. Explain why it is that the greatest glaciers and largest deserts occur 
on the earth at the same point in the geological cycle rather than at opposite 

phases. 

5. Find out how close to your locality the oceans would be brought by 

a rise in sea level of 500 feet; of 1,000 feet. 

6. Describe the analogy drawn in this chapter between the three periods 

of human history and the three eras of so-called well-recorded earth history. 

7. Well-recorded earth history covers approximately what fraction of 

total earth-time? i i . u a * 

8. Name three events that are assumed to have occurred durmg the Azoic 


9. State reasons why Archeozoic and Proterozoic rock would be expected 
to be much more largely metamorphic in nature th^ Mesozoic rock. 

1 0. During what era did the first widespread glacial age for which we 

have good evidence occur and how extensive was the glaciation? 

11. Name the eras indicated in each of the following; 
a Era in which man made his earliest appearance. 

b. Era during which the uplift of the Rocky Mountams began, 
f Era that corresponds to medieval human history. 
d Era during which amphibians reached their greatest development. 
e. An era during which the Gulf of Mexico and the Arctic Ocean wer 

12. !hy*.2^1‘"oVw.ll-t.c»^d.d »rth history with the l«. 
three major geological cycles. 



Chap. 10] GEOLOGICAL HISTORY 185 

13. When did the Caledonian revolution occur? 

14. Compare the life in the last cycle of the Paleozoic era with that of the 
Mesozoic era with regard to types and abundance. 

15. On what sort of a basis are eras divided into periods? 

16 . Identify as to era and period, the rocks in which the following are 
found: (a) Lake Superior region iron ore; (b) Pennsylvania coal; (c) Penn- 
sylvania oil; (d) California gold. 

17. Give at least two reasons why no man ever used a domesticated dino- 
saur as a beast of burden. 

18. In what era did all of the following occur: mammals made their ap- 
pearance; the earliest birds came upon the scene; flowering plants began, 

19. What are the names and the relative lengths of the two periods into 
which the Cenozoic era is divided? 

20. The earth is believed to be at what point in the geological cycle at the 
present time? Give reasons. 

21. What is the principal North American economic product of Ceno- 
zoic rock? 

22. Find out all you can about the geological history of your own locality. 

Multiple Choice 

1. In the analogy between human and earth history, ancient in the former 
corresponds to the — (a) Proterozoic, (b) Archeozoic, (c) Cenozoic, (d) 
Paleozoic, (e) Mesozoic — era. 

2. List all of the following that would be true at the climax of a major 
geological revolution, (a) Minimum distribution of marine life over the 
surface of the earth, (b) Greatest extremes of rainfall over the earth, (c) 
Most favorable conditions for both glaciers and deserts to exist on the earth 
at the same time, (d) Maximum continental area out of the sea. (e) Com- 
paratively rapid evolution of plant and animal forms. 

5. During which era were the most valuable coal deposits laid down? 

(a) Archeozoic, (b) Azoic, (c) Cenozoic. (d) Mesozoic, (e) Paleozoic, 
(f) Proterozoic. 

4. Which one of the above eras is known as the *' age of reptiles ”? 

5. If the entire age of the earth is set equal to 1 year, man has been in 
existence (a) about 10 seconds, (b) between 1 and 5 minutes, (c) almost 2 
weeks, (d) about 1^4 days, (e) 30 seconds. 

True-False 

1. The last glacial age in North America is believed to have ended less 
than 40,000 years ago. 

2. Paleolithic man lived during the Paleozoic era, 

3. Erosional processes proceed much more rapidly at maximum revolu- 
tion than at the climax of a submergence. 
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4. Greatest uniformity of climate over the earth and most rapid evolu- 
tion of life occur at the same stage of the geological cycle. 

The last three geological cycles have included three geological eras. 

6. There is presumptive evidence of the existence of life at a time earlier 
than that at which fossil records begin. 

7. Geological eras are subdivided into periods. 

8. More than half of the earth’s total history is without well-connected 
fossil records. 

9 . The greatest submergence of North America occurred during tht 
Paleozoic era. 

10. Dinosaurs are believed to have disappeared chiefly because of the attack: 
made on them by large carnivorous mammals. 
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NUMBERS AND NUMBER SYSTEMS 


Introduction 

In his travels along the road of scientific progress, man has discovered 
from time to time that further advance required the development of 
additional tools. Among the most important such tools have been 
numbers, number systems, and the various branches of mathematics. 
In a book of this sort it would be neither possible nor desirable to 
treat all of these in detail, but we will try to see something of the 
origin and development of numbers and number systems, and investi- 
gate certain of the concepts involved in their manipulation. 

In view of the fact that the very mention of anything even 
faintly suggestive of mathematics seems to throw so many people into 
a kind of mental panic, let us begin this discussion by seeing how an 
outstanding scientist of the present day looks upon this bugaboo. In 
his book. Mathematics for the Millions, Lancelot Hogben presents a 
concept of the term which is well worth our consideration. He sug- 
gests that mathematics should be thought of simply as a language of 
size in contrast to our ordinary, everyday language, which is one of 
sort or kind. This language of size provides a medium for answering 
such questions as " How much? ” or " How many? ” whereas the 
language with which we are more familiar makes it possible to answer 
such queries as, » What kind? ” or " What sort? ” In discussing this 
pomt, Hogben ^ tells the following story about Diderot, the French 
encyclopedist, and Euler, the most famous mathematician of his day: 

Diderot was staying at the Russian court, where his elegant flippancy 
was entertai^g the nobihty. Fearing that the faith of her retainers was at 
stake, the Tsanta commissioned Euler to debate with Diderot in public. 

1 Hogben, Mathematics for the Millions, p. 13. New York: Norton & Co 1937 
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Diderot was informed that a mathematician had established a proof of the 
existence of God. He was summoned to the court without being told the 
name of his opponent. Before the assembled court, Euler accosted him with 
the following pronouncement, which was uttered with due gravity: 

" -f 

= -v; done Dieu existe — repondez! ” 

n 

Algebra, however, was Arabic to Diderot. Unfortunately he did not realize 
what the trouble was. Had he realized that algebra is just a language in 
which we describe the sizes of things in contrast to the ordinary language 
which we use to describe the sorts of things in the world, he would have 
asked Euler to translate the first half of the sentence into French. Trans- 
lated freely into English, it may be rendered, " A number x can be got by 
first adding a number a to a number b multiplied by itself a certain number 
of times, and then dividing the whole by the number of b’s multiplied to- 
gether. So God exists after all. What have you got to say now? ” . . . 
Euler’s troubles would have begun when the court wanted to know how the 
second part of the sentence follows from the first part. Like many of us, 
Diderot had stage-fright when confronted with a sentence in size language. 
He left the court abruptly amid the titters of the assembly, confined himself 
to his chambers, demanded a safe conduct, and promptly returned to France. 


Our modern world is so organized that most of us are consider- 
ably more familiar with size language than was poor Diderot. At 
least, most of us have learned to talk it fairly well, although we may 
write it somewhat less readily. Our everyday life is so concerned with 
numbers that we have to be able to speak the language of size with 
some facility. To quote Mr. Hogben ' again, 


The first men who dwelt in cities were talking animals. The man of the 
machine age is a calculating animal. We live today in a welter of figures: 
cookery recipes, railway time tables, unemployment aggregates, fines, taxes, 
war debts, overtime schedules, speed limits, bowling averages, betting odds, 
billiard scores, calories, babies’ weights, clinical temperatures, rainfall, hours 
of sunshine, motoring records, power indices, gas meter readings, bank rates, 
freight rates, death rates, discount, interest, lotteries, wave-lengths, and tire 
pressures. Every night, when he winds up his watch, the modern man ad- 
justs a scientific instrument of a precision and delicacy unimaginable to the 
most cunning artificers of Alexandria in its prime. So much is commonplace. 
What escapes our notice is that in doing these things we have learned to use 
devices which presented tremendous difficulties to the most brilliant mathe- 
maticians of antiquity. Ratios, limits, accelerati^s are not 
tions dimly apprehended by the solitary genius. They are photographed upon 

2 Ibid., p. 16. 
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every page of our existence. . . . We constantly find that we have no diffi- 
culty in answering questions which tortured the minds of very clever mathe- 
maticians in ancient times. This is not because you and 1 are very clever peo- 
ple. It is because we inherit a social culture which has suffered the impact of 
^material forces foreign to the intellectual life of the ancient world. The 
most brilliant intellect is a prisoner within its own social inheritance. 

The above quotation concerns principally the relation of this 
size language to our everyday lives. As might be supposed, it is of 
even greater and more fundamental importance when we confine the 
discussion to science. The reader will recall that science was defined 
in Chapter 1 as that body of knowledge which has been obtained 
by controlled, quantitative investigation.” The very wording of this 
definition suggests that a body of knowledge is scientific just to the 
extent that its results can be expressed in numerical form. To express 
results numerically means that the quantities involved must be meas- 
ured, and these both imply the use of a language of size. The matter 
of measurement and units of measurement will be considered in detail 

in the next chapter. Now we will proceed to the main business of 
this chapter, as previously mentioned. 


Number Names and Bases 
From Counting to Number Names 

Man’s use of numbers may be traced back to his first attempts to 

count things. His first use of counting probably was due to two 

needs, both connected with agricultural pursuits. The first concerned 

the matter of keeping track of his flocks and herds. It was necessary 

to have some means of knowing how many animals there were, and 

what the mcreases and decreases amounted to. As long as the flocks 

were small, he gave names to the individual animals and checked them 

y going over the list, a process of the sort we follow today in " human 

flocks when we call the roll. But this method was scarcely practical 

wit arge herds, and counting provided a solution to the problem. 

The other need was that of counting time. When man began to plant 

gram and domesucate anmafe which bear their young at certain times 

of the year, he needed to be able to keep track of the seasons with a 
rair degree of accuracy. 

For many generations after he began to count, man gave no names 
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to his numbers but used what may be called " counters.” The most 
important of these were his fingers, whose use in such a cormection 
has not entirely disappeared today as evidenced by bidding procedures 
on the grain exchange and by the public speaker who thus counts off 
his “ firstly,” “ secondly,” and " thirdly.” In addition to fingers and 
toes, other objects such as pebbles and sticks were used. Later on man 
began to attach names to his numbers. Building up a complete set 
of number names is a very complicated and difficrilt job and progress 
was slow. As a matter of fact, there are tribes in existence today who 
have no names for numbers greater than three or four. For larger 
quantities they simply use a word which means several or many. 

It is interesting to note that primitive man’s number names in- 
variably referred to some specific object or appUcation directly con- 
nected with that number. The Chinese word for " two ” is the same 
as the word for ears. Other peoples have used words which mean 
" eyes ” or " wings ” to signify “ two.” Certain Indian tribes m Para- 
guay use for " four ” a word whose literal translation is " ostrich toes.” 
The Zulus have a word for " six ” which means " taking the thumb,” 
that is, a full hand of five fingers plus the thumb from the other hand. 
For a long time man was quite unable to think of numbers in the ab- 
stract. To reach that advanced state of mind he had to make the 
same transition that every child makes in school when he progresses 
from an understanding of the concrete 

5 oranges -j- 2 oranges = 7 oranges, 

to an appreciation of the abstract, 

5 + 2 = 7. 

The latter statement marks a considerable advance in thinking since 
it is a mathematical fact that can apply not only to oranges but also 
to stars, or dollars, or pounds of butter, or anything else. 

Number System Bases 

Our number system, which is of the decimal variety, makes use 
of a base of 10. We count up to 10 and then start over again with 
10 plus 1, or 1 1 ; 10 plus 2, or 12; and so forth. This idea of counting 
things in groups seems to have been hit upon by man rather ear y m 
his mathematical history, and all sorts of number bases have been 
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employed. It will be obvious that for any given scale or base, there 
must be at least as many symbols as there are numbers in the base. In 
our scale of 10 we use the 0 and the digits 1, 2, }, 4, 1, 6, 7, 8, and 9. 
From 9 on we repeat, using zero as a place-holding symbol. Since 
man’s fingers and toes figured so importantly in his early counting 
procedures it was quite natural that they should become bases of num- 
ber scales. Consequently, almost all number systems that have ever 
been used have employed five or some multiple of five as a base, with 
ten being the most popular. 

Some early peoples counted in twenties. Vestiges of this prac- 
tice remain today in the use by the French of such expressions as 
" quatre vingt ” or " four twenties ” instead of eighty. The frequent 
Biblical references to score in such expressions as " three score and 
ten ” also indicate this use of a base of 20. The early Babylonians 
counted with a system that had 60 as its base, which meant that they 

had to have separate and distinct number names and symbols for all 
digits up to 60. 

Some of our common relations such as 1 2 units = 1 dozen, 

12 inches = 1 foot, 12 ounces = 1 pound troy, indicate that a base 

of 12 has also had some use in the past. In fact, such a duodecimal 

system has some definite advantages over a decimal one. For one 

thing, fractions are more easily manipulated in such a scheme because 

of the fact that 12 is evenly divisible by 1, 2, 3, 4, and 6, whereas 

only 1, 2, and J can be divided an exact, whole number of times 
into 10, 

The Writing of Numbers 
The Beginning of Number Writing 

When man reached such a state of advancement that he wanted 
to write and record numbers as well as talk about them, a whole new 
set of difficulties entered the picture. For a while he was able to get 
along by combining number writing with picture writing, indicating 
^ertam number of objects by simply drawing pictures of that many. 

1 he American Indian who wished to record the fact that three men 
took a six-day canoe trip, drew a picture which showed a canoe with 
three men m it and alongside, six pictures of the sun. The mathemati- 
cal limitations of such a number system are obvious. 
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It is probable that the first actual numbers used by man were 
simply marks such as notches in sticks, or lines drawn on stone, the 
number of notches or lines indicating the desired numeral. So the 
writing of numbers began apparently with a procedure of the sort 
which we today call " tallying.” Some of the problems that arose 
in going from such a system to our present-day methods can be best 
discussed by considering a few specific examples. 

The Roman Number System 

In the Roman system of numerals, which is more or less familiar 
to most people, the use of the symbols I, II, and III seems to bear out 
the previous suggestion with regard to tallying. There is some evi- 
dence that the use of V for five resulted from the practice of drawing 
a slanting line across four vertical ones. X, or ten, may have come 
from combining two V’s, one inverted. The use of IIII for four was 
replaced by IV when the latter proved less difficult to recognize. In 
IV and also in IX, we see the operation of a sort of principle of position, 
in that the I has a little different significance when it appears to the 
left of V or X than when on the right. We shall see a little later that 
a much more valuable use of this idea of giving significance to the 
position of a symbol entered the picture when zero was invented. 

An important shortcoming of Roman numerals as well as of 
many other early systems was that many more symbols were required 
than those for the first ten numbers. Thus XXXXX proved too cum- 
bersome as a symbol for 50 and L was adopted. Then came C for 100, 
D for 500, M for 1,000. In other words, as larger and larger num- 
bers came into use, new symbols were constantly being required. It 
should be noted that the Roman was a decimal system. 

The Greek Number System 

The Greeks also used a decimal system. They had, however, two 
separate methods of writing numbers. The earlier of these employed 
symbols which were connected with the initial letters of the number 
names. About 500 b.c. there came into use a notation in which^e 
letters of the Greek alphabet also served to represent nunibers. Ihe 
table given below will make clear the manner in which the numbers 
... Lsned to l.t.,t. In order ro ..count for dl the n.^.ry 
numbers it was necessary to add three letters from an older Greek 
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alphabet. Two of these appear in the table as symbols for 90 and 900. 
It will be noted that lower case letters were used and followed by a 
short line to indicate that they represented numbers rather than let- 
ters. A stroke placed before a symbol meant that it was to have 1,000 
times its normal value, while the combination of an M with it multi- 
plied it by 10,000. 


Table 7.i Sample Numbers Written in Greek Notation. 

= 1,2, 3 ... 9, 10 
La’, ly' . . . Ld' = 11, 12, 13 ... 19 
k',X',/ . • • ir',9' = 20,30,40 . . . 80,90 
Ka', k/3', \a', X/3', etc. = 21, 22, 31, 32, etc. 
p', c', r’ . . . 0 )', = 100, 200, 300 .. . 800, 900 

pia', p/cy', upjS', etc. = 111, 123, 842, etc. 

/a 7/3 /y, etc. = 1000, 2000, 3000, etc. 

p y 

M, M, M, etc. = 10,000, 20,000, 30,000, etc. 

1 American Council of Education, The Story of N umbers , p. 15. 


The Mayan Number System 


Both the Roman and Greek, as well as most other ancient systems, 
lacked the one element which makes it possible to write numbers of 
any and all sizes with only as many symbols as the value of the base 
of the system. That element is the zero, and it is one of the most 


important features of our modern way of writing numbers. The 
earliest use of zero, as well as of the principle of position, probably 
occurred in the number system developed by the Mayas of Central 
America and Southern Mexico. The system they employed was a 
vigesimal one, that is, it had a base of 2 0 and so it was necessary to ha ve 
symbols for all numbers from one to 19. These were made by com- 
bining dots and bars, the former counting one each and the latter five. 
The symbol for zero is shown below. The following table shows a 
typical group of these numbers, all less than 20. 


Table 8. A Group of Numbers Smaller Than 20, 




IN Mayan Notation. 

0 = 

<n> 

7= .. 

1 = 

• 

10 - 

2 = 

• • 

11 =_i_ 

4 = 

« • • « 

15 = == 

5 = 

— 

19 = *•*» 
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For numbers larger than 19, a principle of position came into 
operation. We make use of this idea in our number system by having 
what we call units place, tens place, hundreds place, and so on. We un- 
derstand that to place a niunber symbol in the tens column multiplies 
its face value by 10, or to put it in the hundreds column multipli« it 
by 10 times 10, or 100. The Mayan application of this principle was 
difFerent from ours in two main respects. In the first place, they wrote 
their numbers vertically instead of horizontally with the lowest po- 
sition corresponding to our umts place. Then, since the system was 
based on twenty instead of ten, a symbol written in the second po- 
sition from the bottom had 20 times its value in the lower place. For 
reasons connected with Mayan use of an official year of 20 X 18 or 
360 days, placing a number in the third position from the bottom 
multiplied its value by 20 X 18, instead of by 20 X 20 as would 
have been the case if the system had been entirely analagous 
to ours. The fourth position gave a value of 20 X 18 X 20 to the 
symbol. The highest number found in the various inscriptions of 
the Mayas that have been studied is one of more than 12 milhon. 
A few illustrations of numbers larger than 1 9 written in the Mayan 

notation are given in Table 9. 

Table 9. Analtsis op a Group of Larger Numbers Written 

IN Mayan System. 


Arabic b/iajan Lowest Position znd Position 
20-*= 0 + 0X20) 

jrd Fositim 

79 = ^ = 

19 

-1- (3 X 20) 


• • • • 

193 = = 

13 

+ (9 X 20) 


II 

II 

0 

+ (0 X 20) 

+ (1 X 20 X 18) 

• 

2176 = ® = 

16 

+ (0 X 20) 

+ (6 X 20 X 18) 


One more able may be of intereat in comparing the yanous^ 
am, of writing numbem Table 10 liao a aeria ^nombeta w^ 

are ahown aa they wooU be written in the other dnee achemea that 

have beeii consideteiL 


s 

V 
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3, List as many of your activities on an average day as you can and 
check all those which in any way involve numbers or measurement. 

4. Trace the development of numbers from counting to the adoption 
of names for specific numbers. 

L In a number system with a base of eight, what might be the names 
of the numbers which, in the decimal system, we call four, nine, sixteen, and 
one himdred? 

6. Answer the above question substituting a base of five. 

7. List a few advantages that a number system with a base of twelve 
might have over our present system. 

8. Suggest a reason for the fact that most number systems have used 
some multiple of five as a base. 

9. Mention several reasons for believing that number bases of twenty and 
twelve have had some use in the past. 

10. Discuss the importance of a symbol for zero in a number system. 

11. Mention five numbers that can be written with fewer symbols in the 
Roman numeral system than in ours. 

12. Mention several ways in which the Greek number system differed from 
the Roman. 

13. Write your age, your weight, and your house number in Roman, 
Arabic, and Mayan numerals. 

14. Trace the principal points in the development and spread of the Hindu- 
Arabic system of numerals. 

15. Write 1492, 1066, 23, and 739 as Roman numerals and then add them 
using the system of Roman numeral addition described in this chapter, 

16. Write 345 and 7 as Roman numbers and then multiply them together 
according to the method described in this chapter. 


Multiple Choice 

1. The mvention of zero (a) occurred very early in mathematical his- 

tory, (b) would have been impossible in any but a decimal system of numbers, 

(c) is generally attributed to Galileo, (d) increased the usefulness of the 

other digits for writing large numbers, (e) occurred first in the Roman 
numeral system. 

2. We would write the Roman number MLXVI as (a) 1492 (h) 1066 

(c) 1606, (d) 1776, (e) 1516. ’ 

3. In a number system with a base of eight instead of ten, which one of 

the followmg would represent the number that we call 9> fal 7 fb^ 10 
(c) n, (d) 17, (e) 21. ^ ^ ^ ^ ’ 

/ ^ systems (one or more) have or had a zero? 

(a) Hmdu-Arabic, (b) Mayan, (c) Roman, (d) Greek. 

5. In Ae Mayan system of notation, the second position from the bottom 
corresponded to our (a) units, (b) tens, (c) hundreds, (d) thousands, place. 
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True-False 

1. The ease with which multiplication can be carried out in the Roman 
numeral system was one of the principal reasons for the world*s slowness in 
adopting the Hindu-Arabic notation. 

2. Diderot was an outstanding mathematician of the seventeenth century. 

3. In our number system the quotient of any number divided by zero 
is zero. 

4. The Hindus are believed to have been the principal contributors to 
the development of the Hindu-Arabic system of numerals. 

5. Neither the Greek nor the Roman number systems contained any sym- 
bol which was used as a place holder in the way that our notation employs 

the zero. 

6. Neither multiplication nor division could be performed by the Romans. 

7. Early man learned to use numbers abstractly long before he was able 

to apply them to specific objects. 

8. The extensive use of multiples of five as bases for early number systems 
is believed to have been due largely to the fact that early man recognized only 

five planets. 

9. CIV - = : : : 

10. = CMII 



M.an and the Tools of Science 


Chapter 12 

mns OF MEASUREMENT 


The Role of Measurement 

Lord Kelvin, a noted English scientist of the last century, once said, 
" When you can measure what you are talking about and express it 
In numbers, you know something about it. When you cannot measure 
it and express It in numbers, your knowledge is of a meager and un- 
satisfactory kind. It may be the beginning of knowledge but you 
have scarcely advanced in your thinking to the stage of a science.” 
While the reader may or may not be inclined to accept this as an ac- 
curate test of knowledge, it is significant that in most fields of human 
endeavor the trend is constantly In the direction of more accurate 
measurement of more different quantities, and the expression of re- 
sults In numerical form. 

Certain of the scientific fields have advanced to such a point that 
they are called " exact sciences.” In these the concepts involve quan- 
tities, most of which man is able to measure with a fair degree of ac- 
curacy. In other words, they are fields which lend themselves rather 
readily to the controlled, quantitative sort of investigation discussed 
in the first chapter. Other sciences involve things which are more 
difl&cult to measure, concepts and quantities that man is not yet capa- 
ble of investigating experimentally with the same degree of quanti- 
tative control employed in the first group. These are not yet spoken 
of as exact sciences, but they are constantly moving in the direction 
of greater exactness, and greater accuracy of measurement. 

The importance of measurement is not confined to the fields 
which we commonly call scientific. It affects almost every activity 
of our daily lives. One can illustrate this by tracing the events of a 

sort of composite average man’s day. He may arise in the morning 
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from a bed whose length and breadth have been standardized so that 
mattress, springs, and bed will fit together, although manufactured 
in different localities. The innerspring mattress itself has in it a spe- 
cific number of coils of wire of measured size, and with measured 
properties of elasticity, and fatigue. He may shave with a straight or 
safety razor whose properties are best for that purpose as a result of 
measured alloys, and measured conditions of temperature during man- 
ufacture. Or he may use an electric razor, the parts of which are so 
accurately made that they fit together within thousandths or tens of 
thousandths of inches. The clothing he wears, the food he eats, the 
news he reads, the house he lives in, the car he drives, in fact essentially 
all the activities of this typical man’s typical day have had some con- 
tact with careful measurement. 

Now measurement of any kind implies the existence of units in 
which the measurements can be made. It is certain of these that will 
be our primary concern in this chapter. 

Fundamental Units of Measurement 

Of the many kinds of quantities that we have occasion to measure 
in science, three are outstanding in an interesting and peculiar way. 
It happens that the units in which we measure almost all of the rest 
can be expressed in terms of one or more of the units of measurement 
of this favored trio. These three quantities are length, mass, and time, 
and their units are caUed " fundamental.” The others are spoken of 
as " derived ” and will be discussed and Ulustrated at the end of the 

chapter. 

Units of Length , i i l u 

In the first place, it is necessary to understand clearly that the 
procedure which we caU measuring length is always a matter of com- 
paring one length with another. To say that a man is six feet taU 
is to say that he is six times as tall as a certam distance which we have 
agreed to caU a foot. This is obvious, of course, but it mvolves two 
ideas which have been of immense importance in the development of 

units of all kinds. / 

Historical Background. — The first idea concerns the m 

accuracy of Jefiuitlon of the unit. Any length that we meaaure n. 
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feet will be accurate only to the extent that we have been precise in 
defining a foot. The primitive man who was building a crude hut or 
dugout canoe had no need of extremely accurate units. Our modern 
world, on the other hand, in which, for example, one low priced auto- 
mobile engine has over 30 points of contact in which tolerances of 
less than three ten-thousandths of an inch are permitted, requires very 
accurately defined units of measurement. 

The second point has to do with the increase in standardization 
of units as time goes on. If the reader and his cousin in another state 
are to have the same idea of the height of a six-foot man, they must 
have the same definition of a foot. Here again is a matter that was 
unimportant to early man, since he had little to do with people at 
great distances from his own village. But it becomes exceedingly im- 
portant in our present day civilization in which communication and 
transportation have made an actual fact of the ancient cliche, '' It’s a 
small world.” It is essential that widely separated localities either use 
the same units, or define accurately the ones they do use in terms of 
the others. 

It was natural that units of length should have their origin in 
the sizes of various parts of the human body. We may imagine one 
of our very early ancestors who wished to make a bow or spear exactly 

in the next village. Since 
his friend would hardly find it safe to lend him the weapon long 
enough to be used as a model, what would be more natural than that 
he should measure its dimensions in arm lengths, or hand breadths, 

and proceed to make a copy? As we have suggested, any lack of 
accuracy in 
civilization. 

The records indicate that most of our units of length had some 
such anatomical origin. The Egyptian cubit was the distance from 
the elbow to the tip of the middle finger. The fathom was the length 
of the two arms outstretched. The yard was defined, at one time, as 
the distance from the point of the nose to the end of the thumb with 
the arm outstretched, and at another, as the distance around the 
waist. A span was the distance from the end of the thumb to the tip 
of the httle finger, a palm the breadth of the four fingers, and the 
digit the breadth of the first finger. By checking on yourself you 


such units was no particular drawback at this stage of 


like the one possessed by his Paleolithic pal 
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can show that approximately, your cubit equals twice your span; your 
span is three times your palm; and your palm is four times your digit. 

As soon as the necessity for greater accuracy and standardization 
began to be felt, we find the trend in these directions starting. Cer- 
tain units came to be defined, either as averages or in terms of one 
specific individual or object. In 1324 Edward II of England decreed 



Fig. 65. Early definition of the 
inch and foot. (Courtesy Ford 
Motor Co.) 



Fig. 66. Early definition of the rod. 
(Courtesy Ford Motor Co.) 


that an inch should be the sum of the lengths of three barley grams 
taken from the middle of the ear (Fig. 65 ). By averaging over three 
grains a less variable inch would be established than if the definition had 
been simply three times the length of one grain of barley. A similar 
recognition of this averaging principle is found m a sixteenth c^- 
tury German rule for determining the length of a rod (Fig. 66 ). The 
instructions read, " Stand at the door of church on Sunday morning 
and bid sixteen men to stop, tall ones and small ones, as they leave 
the church ; then make them put their left feet one behind the other, 
and the length thus obtained shall be a right and lawful rod to measure 
and survey land with, and the sixteenth part of it shall be a "ght an 
lawful foot.” Here again was a definition which, although a little 
awkward, was considerably better than one which defined a rod as 
sixteen times the length of a man’s foot. Henry I of England applied 
the other method of achieving accuracy of definition by decreemg 
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that a yard should be the distance from the tip of his own nose to 
the end of his own thumb when his arm was outstretched. 

From these crude beginnings the measurement of length has ad- 
vanced until today we have units that are well standardized and de- 
fined with great accuracy. 

Commonly Used Units. — Of the two groups of length units in 
fairly common use today we are most familiar with the so-called Eng- 
lish system, which includes the inch, foot, and yard. There are, how- 
ever, some obvious advantages in a decimal system in which each unit is 
ten times the next smaller and one-tenth of the next larger. The 
metric system is such an arrangement with the meter being its funda- 
mental unit of length. By attaching to the word " meter ” a series 

Table 11. Metric Prefixes and Their Application to Units of 

Length and Mass 


Prefix 

Length 

Mass 

kilo 

(1000) 

kilometer 

kilogram 

hecta 

( 100) 

hectameter 

hectagram 

deka 

( 10) 

dekameter 

dekagram 



meter 

gram 

deci 

( -1) 

decimeter 

decigram 

centi 

( -01) 

centimeter 

centigram 

milli 

( .001) 

millimeter 

milligram 


of prefixes having the meanings shown in parenthesis in the accom- 
panying table, the various multiples and fractions of this standard 
distance are defined. The same prefixes may be used in the measure- 
ment of weight, area, volume, or any other quantity, once the funda- 
mental unit has been defined. In the case of the meter it was originally 
intended that this basic unit should equal one ten-millionth of the 
distance from the equator to the North Pole. While such a basis may 
have had some theoretical advantages, it was a little inconvenient for 
practical comparison purposes. At the present time the fundamental 
definition of the meter is simply the distance between two scratches 
on a certain platinum-iridium bar kept at a particular temperature in 
the French bureau of weights and measures. 

Legal Length Standard. — Although in the United States we 
use English units for most of our length measurements, it is a fact 
that for a number of years the meter has been our fundamental legal 
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standard. About 1893 Congress passed a law making the meter the 
legal standard for the United States and defining the yard as 3600/3937 
of this meter. Since all other English units can be expressed as frac- 
tions or multiples of the yard, as soon as it was accurately defined, 
all were so defined. From the definition of the yard the reader will 
notice that it is just a little shorter than a meter, in fact just 3.37 inches 
shorter. The two units are compared in Fig. 67. 




Fig. 67. Diagram showing comparative lengths of the meter and the yard. 

A word may be said concerning the accuracy of length measure- 
ment that is possible today. We have already mentioned one example 
of the permissible tolerances in automobile engines. The acme of 
precision is probably exemplified by the C. E. Johansson Standard 
Gage Blocks. These gage blocks, manufactured by the Johansson 
Division of the Ford Motor Company, are rectangular pieces of tool 
steel used as length standards in the automotive and other industries. 
Several of the blocks are shown in use in Fig. 68. They are finished to 
guaranteed accuracies of one, two, four, or eight millionths of an 
inch, depending on requirements. One millionth of an inch is some 
3,000 times finer than the thickness of a human hair or a sheet of 
newspaper. This illustrates the accuracy that is achieved in our pres- 
ent-day world and which makes possible the mass production of the pre- 
cision machinery that we use every day. 

Units of Mass 

Historical Background. — Our modern units of mass have his- 
torical backgrounds similar to those of the length units. At first, 
weights of objects were simply compared with other objects which 
happened to be at hand. Stones with weights marked on them have 
been found in deposits dating back to 3400 b.c. Here again, as the 
need for greater accuracy and standardization arose, it was supphed 
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until today the precision that is possible in the measurement of weight 
compares favorably with that just discussed for length. 

The English system of weight units includes the familiar ounce, 
pound, and ton. The ounce can be traced back to Rome where the 
weight of a cubic foot of water was taken as the standard unit. This 



Fig. 68. Photo showing the Johansson Gage Blocks in use. (Courtesy Ford 
Motor Co.) 

was divided into a thousand smaller units called ounces. The weight of 
a pint of wine was taken as the standard pound in early English units. 

Commonly Used Units. — As has been suggested, the metric 
system of weights makes use of the same set of prefixes as described 
for length units, attaching them in this case to the gram. The gram 
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was intended to be the fundamental unit and was defined as the 
weight of a cubic centimeter of water at its temperature of greatest 
density. Now, however, the legal metric standard of weight is a 
platinum-iridium cylinder weighing one kilogram and located with 
the standard meter at the French bureau of weights and measures. 
The United States is on the metric system of weights also since Con- 
gress has defined a pound as 
1/2.204622 kilograms. In other 
words, a kilogram equals approxi- 
mately 2 Yi poimds. Fig. 69 illus- 
trates the relationship between the 
pound and the kilogram. 

Units of Time 

The units in which we meas- 

IKiioGOAM 2.2 Pounds 




Fig. 69. Diagram illustrating com- 
parative sizes of the kilogram and 
the pound. 


ure time are of two kinds, those 
determined by the relative mo- 
tions of the sun, moon, and earth, 
which we may call natural units, 

and those which man himself has invented. The former include the 
day, month, and year, and the latter the week, hour, minute, and 

second. 

Natural Units. — The first of the natural units to be recognized 
and used by man was undoubtedly the day, determined by the rota- 

tion of the earth on its axis. 

The lunar month, which we no longer find very important, im- 
pressed itself on our primitive ancestors as the time required for the 
moon to go through its cycle of phases. Its length is approximately 

^^The third of the natural units, the year, is established by the 
revolution of the earth about the sun and contains between 365 and 
366 days. It was probably first marked off m terms of seasons or 
events such as summers, or winters, or snows or harvests. Somewhat 
later it was more accurately determined from observations made on 
the stars. It is a fact that any given star appears to nse a httle ear er 
each night throughout the year. If we should fix om attention on 
the first star to rise after sunset tonight, we would find its time of 
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rising a little earlier each night until just one year from tonight when 
again, it would be the first to come up after sunset. By making such 
observations on Sirius, the priests of Egypt established a year of 3^1 
days as early as 4200 b.c. 

Earlier in this book we have mentioned one other natural unit 
of time, the Saros, which marks the interval between successive eclipses 
of the sun. It has no practical value to us since it is some 6 5 8 5 ^3 
days, or 1 8 and a fraction years, in length. 

Man-Made Units. — It should be said of all the man-made units 
of time that their lengths are quite arbitrary, since nature in no way 
marks them off. The idea of dividing days into groups smaller than 
a month, with a day or rest in each division, has been common among 
many peoples for many centuries, the number of days in a group 
varying from four to ten. Just where or when the seven-day week 
originated is not known. It came to us from the Romans but it was 
in existence before their civilization. The Hebrews have used it since 
early times but probably did not invent it. 

Regardless of what people first used the seven-day week, it is 
almost certain that it originated because of worship of the seven 
heavenly bodies with which the ancients were familiar. The names 
which the days still have indicate the existence at some time of the 
belief that each of these celestial spheres ruled over the earth for one 
day out of every seven. Sunday, Monday, and Saturday suggest 
Sun’s day. Moon’s day, and Saturn’s day. In Tuesday, Wednesday, 
Thursday, and Friday we have the days of the Saxon deities Tiw, 

Woden, Thor, and Frigg, corresponding to Mars, Mercury, Jupiter, 
and Venus respectively. 

The use of the hour dates back at least to the Babylonians, since 
they were responsible for its division into minutes and seconds. But 
It was the Romans who were responsible for the spread of its use 
throughout the civdized world. The Roman hour differed from the 
one that we use today in that the daylight was divided into twelve 
equal parts, each called an hour, as was also the darkness. There were 
twenty-four hours m a day but they were varying hours which 
changed length with the seasons. This system seems to have worked 
fairly satisfactorily until the invention of mechanical clocks. It was 
too much to expect a clock to speed up and slow down to fit the varv- 
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ing amounts of daylight and darkneu during the year, although there 
are records of a Japanese clock which partially solved the problem 
by having two faces, one for winter and the other for summer. A 
better solution proved to be the present practice of dividing the en- 
tire day into twenty-four equal hours. A day of this length is in 
almost universal use now, although others have been tried. The 
Chinese at one time had a ten-hour day. Following the French Revo- 
lution both the number of hours in a day and days in a week were 
changed, in line with the usual procedure after such political dis- 
turbances of assuming that " whatever was, was wrong.” 

The division of the hour into minutes and the minute into sec- 
onds was made by the Babylonians, to whom the number 60 had 

great significance. 

Of these various divisions of time, the second b chosen as the 
scientific standard. A little multiplication will prove that there are 
86,400 seconds in a day. Now if we think of the day as the time be- 
tween successive passages of the sun across the meridian, we find that 
it varies a little during the year. Consequently, the day’s length 
is averaged over a period of one year and the second is defined as 
" one 86,400th of the average time between successive passages of 

the sun across the meridian.” 


The Calendar 


Man used the natural time units of day, lunar or moon month, 
and solar year for a good many generations before he made any at- 
tempt to put them together into a calendar. When one docs try 
to devise such a system certain very troublesome situations arise. 
These come about largely because of the following relationships: 

A lunar month equals 29 days, 12 hours, 43 -f minutes; 

A solar year equals 12.36 lunar months; 

A solar year equals 365 days, 5 hours, 48-1- minutes. 

In these relationships a lunar month may be defined « the tunc ta- 
tween successive new moons, a solar year as the period of the earths 
revolution about the sun, and a day as the period of the earth s rotation 


It wiU be noted that not one of the three units is an exact ^ole 
multiple of any other. The problem which this fact mttoduces 
when one attempts to devise a calendar may be dlustrated as foUows: 
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Suppose we should decide to set up a calendar using an exact solar 
year as our basic unit. If we start the first year at exactly midnight 
of a certain day, the second year will start 5 hours and 49 minutes 
after midnight of December 31. Also, if we wait to start our first 
year until we can have a new moon occur just at midnight, then at 
the end of the year we will have .36 of a month left over before 
the first new moon of the second year. Whichever one of the three 
units we might choose as basic, the others would cause trouble if we 
wanted day, month, and year all to begin at the same time. Before 
looking at our present calendar, let us see how some ancient peoples 
met these problems. 

Early Calendars 

The Babylonians were among the first nations to devise a calen- 
dar. Their early calendar was set up on the basis of a year of 360 
days, divided into 12 months of 30 days each. It was intended that 
the months should be lunar months, each starting with a new moon. 
This was because the day of a new moon had important significance 
in various of their religious rites. Also, they believed that the day 
of a full moon was very evil and that to allow the light of such a 
moon to fall on one would affect the mind and produce the condi- 
tion that came to be called lunacy. The practice of starting each 
month with a new moon apparently made it easier for people to 
figure just when these harmful full moon times would occur. 

But a 30 -day month is over 11 hours longer than the time be- 
tween successive new moons. So occasionally it would happen that 
the new moon would arrive on the last day of a month instead of on 
the first day of the next one. When this was about to happen the 
priests announced that the thirtieth day would be omitted from that 

month, and in this way 29-day months made their way into the cal- 
endar. 

Serious diflSculties also came from the use of a 360-day year. 
Suppose we were to begin next January to put such a calendar into 
operation. The first New Year’s Eve would come at the usual season. 
But since the earth would take no account of our streamlined year 
but would continue to take approximately 365 >/4 days to travel around 
Jts orbit, the second New Year’s Eve would occur 5 days earlier 
m the winter. The third one would be 10 Vi days too early and so 
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on until after some 34 years we would be celebrating that particular 
holiday in the middle of the summer. Exactly this sort of thing 
began to occur with the Babylonians and, since their months and 
feast days were mostly named for certain seasonal events, the problem 
was a serious one. A citizen of Babylon, after a certain number of 
years, would find the Month of Plowing appearing on the calendar 
about harvest season, or the Feast of New Mown Hay coming 
in the middle of winter. Again the task of adjustment was delegated 
to the priests. Whenever they recognized that the situation was be- 
coming serious, they announced that the current month would be 
repeated. It was as though at the end of some certain June, we would 
all agree that we liked June so well we would just hold it over for 
another 30 days. By this somewhat haphazard introduction of occa- 
sional years of 1 3 months, dates and seasons were kept approximately 
in their correct relationship. 

The Greek calendar was similar to the Babylonian except that the 
extra months were inserted according to a definite procedure. The 
Greek astronomer Meton devised a rule that had appeared during the 
latter part of the Babylonian civilization. This system divided regular 
years into groups of nineteen called great years. By specifying 
seven of these as 1 3 -month years, and the others as the 12-month years, 
proper relationships were maintained. The Jewish calendar in use 

today is based on a similar plan. 

In the early Roman republic, the Insertion of the extra months 

was again placed in the hands of the priests. Romans of that day 
were generally quite politically conscious and the priesthood was no 
exception. They recognized the advantages of having friendly offi- 
cials in power and began to see to it that the men they liked held office 
for 13-month years while the others were allowed only the 12-month 
years for their tenure. After a few years of favoring politics over 
astronomy in the determination of extra-month years, the calendar 

was in hopeless confusion. 

The Julian Calendar . , i • 

The condition of the Roman calendar was so bad by the time 

Julius Caesar came to power that he decided to abandon it entirely 

and devise a new one. With the aid of Egyptian astronomers, a cal- 
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endar based on a year of 365 day* was worked out. In order to avoid 
starting years at a time of day other than midnight, the practice of 
giving every fourth year an extra day and calling it a leap year was 
adopted. In the Julian calendar every year evenly divisible by four 
was such a year. The practice of beginning each month with a new 
moon was abandoned. The year was simply divided into 1 2 months 
without regard to the moon’s phases. The number of days in each 
month as we now have them goes back to the Julian calendar where 
certain religious and political considerations entered into their de- 
termination. We also owe the names of the months to the Romans. 
January, March, April, May and June were named in honor of cer- 
tain gods or groups of gods. February came from a religious festival. 
July and August obviously commemorate the Caesars, Julius and 
Augustus. September, October, November and December were the 
seventh, eighth, ninth and tenth months respectively at a time when 
the Romans began their calendar year with March instead of January. 

The Gregorian Calendar 

It will be noted that a year of 365 days is about 1 1 minutes toe 
long. Such an error was negligible over a period of a few years but 
became of some importance after several centuries had elapsed. By 
the sixteenth century it amounted to some 10 days, so that feast 
days which were established in the fourth century were just that 
much out of step with the seasons in 1500. This led to a revision 
of the Julian calendar by Pope Gregory XIII. Since the Julian cal- 
endar was a little too long, the error could be corrected by making 
ordinary years of some of the leap years. With the aid of Italian 
astronomers Pope Gregory worked out a new leap year rule which is 
the one that we still follow. It may be stated as follows: 

Century years shall be leap years only if they are evenly divisible 
by 400; all others, if evenly divisible by 4. 

That meant that, of the years 1600, 1700, 1800, 1900, only 1600 

would be a leap year by the Gregorian calendar, although all would 
be by the Julian system. 

In Roman Catholic countries the Gregorian calendar was put 
into operation in the faU of 1582. In order to get the calendar dates 
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back to their proper seasonal relationships, the 10 days from Octo- 
ber 5 to October 14 inclusive were omitted. The English speaking 
countries continued to use the Julian calendar until 1752. By that 
time the discrepancy amounted to 1 1 days, so the English government 
ruled that the day after September 2, 1752, should be September 14. 
Although a great number of mass meetings were held at which people 
protested that their rulers were robbing them of 11 days, the plan 
went into effect on schedule. 

The Gregorian calendar will maintain proper seasonal relation- 
ships until the year 4000 a.d. If one day is dropped out every four 
thousand years from that date on, it is believed that no serious diffi- 
culties will develop until about the year 20,000 a.d. Beyond that 
we perhaps need not concern ourselves just now. 

Proposed Calendar Changes 

From an astronomical standpoint, as we have seen, the present 
calendar is practically perfect. It now has the additional advantage 
of being in use in all the important countries of the world, Rumania 
and Turkey having adopted it since the close of the first World War. 

At the same time it does have certain drawbacks and consider- 
able objection has been made to it, particularly by business men. 
Months do not all have the same number of days in them. The 
same is true of half and quarter years. Weeks do not fit evenly into 
either months or years. These things make the comparison of busi- 
ness for different periods difficult, and introduce various problems 

in connection with salary and wage schedules. 

Therefore the League of Nations appointed a committee to 
study the question of calendar reform. Of the almost 200 plans 
submitted, the following basic outline has received the most favor- 
able comment. The proposed calendar year would consist of 13 
months of 28 days each which would account for 364 days. The 
extra day, which would be a world holiday, would be a part of no 
week or month. Leap years would have two such holidays. Each 
month would have exactly four weeks in it; every month would 
start with the first day of the week; any given date would always 
faU on the same day of the week; and printed calendars would be the 
same every year. However, the adoption of such a plan by any large 
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number of nations seems unlikely in the very near future, and the 
troubles involved in changing over would not be worth while un- 
less a considerable portion of the world did concur. 

Derived Units of Measurement 

Units of length, mass, and time have been described as being 
fundamental because of the fact that almost all other units can be ex- 
pressed in terms of one or more of the three. The measurement of area 
provides an excellent example of this. We commonly express the area 
of a surface in such units as square inches, square feet, square miles. 
But the inch, the foot, and the mile are all units of length. Thus, to get 
an area unit, we have taken one of the fundamental units and 
squared it. 

Similarly, to measure volume we use units such as cubic inches, 
cubic feet, and cubic miles, all of which are the cubes of fundamental 
units of measurement. Volume units like liters and gallons can be 
defined in terms of others that are cubes of lengths. 

As an example of a measure that involves two of the funda- 
mental units we may consider speed. One’s automobile speedometer 
measures this quantity in terms of miles per hour. In other words, 
this unit of speed equals a fundamental unit, the mile, divided by 
another fundamental unit, the hour, or in general, length or distance 
divided by time. 

This holds for most imits of measurement. Ginsequently those 
of the latter type are called " derived ” units to distinguish them 
from the three “ fundamental ” units from which they come. 

Questions 

Discussion 

1. Define fundamental and derived units and give examples of both kinds. 

2. Why is it more important today to define units of measurement ac- 
curately than it was one or two hundred years ago? 

3. What difference would it make if the legal definition of a foot as used 

m California were to be an inch or so different from that employed by the 
people of New York? 

4. Why was it better to define the rod as " the sum of the lengths of 

Ae left feet of sixteen men ” than as " sixteen times the length of a man’s 
left foot ”? 
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5. Give both the original and the present-day legal definition of the 
following: (a) Yard; (b) Gram; (c) Meter. 

6. List the prefixes employed in the metric systems of units and state the 
meaning of each. 

7. Express your height in meters and your weight in kilograms. 

8. Distinguish between natural and man-made units of time and give ex- 
amples of each. 

9. How would you define a lunar month? A calendar month? 

10. Explain why the solar year, the lunar month, and the day do not all 
fit together into a satisfactory calendar. 

11. Look up additional information concerning the early history of the 
week, the hour, the minute, and the second. 

12. State the scientific definition of a second of time. 

13. How did the Babylonians and the Romans meet the problems con- 
nected with making a calendar that would contain days, months, and years? 

14. Distinguish between the Julian and Gregorian calendars. 

15. What was the last year that was not a leap year but would have been 
on the Julian calendar, and when will the next one be? 

16. Explain fully why it was necessary to omit all the days from Sep- 
tember 3 to September 13 inclusive in 1752 when the Gregorian calendar 
was adopted in England? 

17. Look up additional information on the disadvantages of our present 
calendar and on proposed new calendars and either discuss the question or 

write an essay on it. 


Multiple Choice 

1. Arrange the following possible definitions of a yard in order from 
poorest to best, (a) The distance from the governor’s nose to the end of 
his thumb when his arm is outstretched, (b) Three times the length of just 
anyone’s foot, (c) One-fifth the sum of the lengths of the left feet of fifteen 
men chosen at random, (d) An exact fraction of the length of a certain 
metallic bar. (e) Three times the average length of the left feet of any two 

ITICR* L T 1* 

2 . Of the following years, list all that would be leap years on the Julian 
calendar but not on the Gregorian, (a) 1066, (b) 1776, (c) 1400, (d) 1492, 

(e) 1700. , ■ L 

}. Butter at 40 cents per pound is — (a) much more expensive v ) * 

little more expensive than, (c) exactly the same price as, (d) a little cheaper 

than, (e) much cheaper than - butter at 80 cents per kilogram. 

4. If next January, we should begin to operate on the basis of a calendar 

year of exactly 365 days; 100 years from now, the 4th of July would come 
(a) at the same season that it now does, (b) less than a monA earlier m 
suLer lha. no., (c) in tht middle of .inter, (d) at abont the seamn 
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that Labor Day now occurs, (e) about a month later in the summer than 
now. 

5. Units of pressure are derived units; which one of the following com- 
binations of fundamental units gives a commonly used unit of pressure? 
(a) Length X weight X (b) Length- / time*, (c) Weight / 

length-, (d) Weight / time^. (e) Length X weight. 

True-False 

1. A million millimeters equals one kilometer. 

2. A true solar year is a little less than 365 ^ days in length. 

3. The names of the months of the year can be traced back to the names 
of the heavenly bodies known to the ancients. 

4. The quantity of gasoline that can be purchased for a dollar would be 
expressed in units which would be of the derived rather than the funda- 
mental type. 

5. A true lunar month is shorter than one-twelfth of the time it takes 
the earth to complete one revolution about the sun. 

6. Of the four natural units of time, no one can be divided an exact 
whole number of times into any other. 

7. Taken over a 400-year period, the average number of days in a year 
would be slightly less on the Gregorian calendar than on the Julian. 

8. A six-foot man is more than two meters tall. 

9. The gram was originally designed to be equal to the weight of on^ 
thousandth of a cubic foot of water. 

10. In the metric system, the prefix " milli ” means “ one thousand.” 
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The first part of this book was concerned with man’s acquisition of 
knowledge about the universe In general, and his own planet in par- 
ticular. In these cases, we were considering phenomena over which 
man has no control. He can learn what the characteristics of the 
planets are and how they behave, what the changes in the earth’s 
surface have been and probably will be, but nothing he is able to 
do can make them very different. He has discovered, though, that 
the methods of science can be applied in other fields to change the 
conditions under which he lives. And by applying these techniques 
he has greatly transformed his environment. We may not all agree 
on whether or not he has made the world a better place in which to 
live, but it can hardly be denied that he has made it different. 

’ Consequently the rest of this book will concern the applications 
man has made of his scientific knowledge in the modification of his 
own environment. As discussed in the preface, these applications 
may be somewhat roughly divided into two groups. Man has learned 
much, on the one hand, about the composition and possible uses of 
actual substances, or materials, that is, the stuff of the world. On 
the other hand, he has enormously increased his knowledge of energy. 
He is learning more all the time about ways of using it, of changing 
it from one kind to another, and of getting it from one place to 
another. Although they overlap to some extent, these divisions can 

serve fairly satisfactorily as a basis for our discussion. 

In the next few chapters we shall be concerned with ^hat man 

has learned about materials. As we look about us we see hundreds 
of different substances. To discuss each individually as something 
entirely separate and different from all the rest, would be a hopel^ 
task. But we may speculate, as did our ancestors at a fairly J 
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date, as to the possibility of there being some sort of fundamental na- 
ture to all of them which would greatly simplify our studies. 

We may illustrate the problem in the following fashion. Here, 
for example, are a theater, a cathedral, a business block, a dwelling 
house, a garage, and a hamburg stand, no one of which very closely 
resembles any other. Yet they may have the same basic nature in 
that they are all built of four kinds of fundamental building mate- 
rials: brick, stone, steel and wood. In an analogous fashion, it was 
recognized at a fairly early time that it would be very desirable to 
discover that the multitude of objects and substances in the universe 
are all made of a comparatively few fundamental building blocks of 
nature. The reasons for believing that such fundamental blocks 
exist, the number of them, and how they behave will concern us in 
this chapter and the next one. 

Early History of the Problem 
Primitive Man’s Knowledge 

The relationship of primitive man to the world about him was 
a very practical one. Almost all of his time was required to supply 
his material wants of food, shelter, a certain amount of clothing, tools, 
and weapons. By methods of trial and error he learned to use certain 
materials which were easy to obtain, such as wood, skins, stone, and 
eventually, a few metals. It was many centuries before he became at 
all curious about questions of a more theoretical nature. As we have 
seen, his first such speculations concerned the stars and planets. Later 
he began to wonder about problems concerning the nature of matter, 
of heat, of light, and other phenomena. 

Theories of the Greeks 

Man soon recognized that there were just two possibilities with 
regard to the fundamental nature of matter. For one, it might be 
continuous. That is, one might be able to break a piece of iron in 
two, then divide one of the halves, again divide one of the quarters 
and so on indefinitely, never reachmg a fundamental particle that 
could not be divided. Or, on the other hand, matter might be dis- 
continuous or atomic in nature which would mean, in the above 
example, that one would eventually reach a fundamental particle 
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or atom that could not be further divided. In this case, any piece of 
iron or any quantity of matter at all would have to consist of an exact, 
whole number of atoms, just as a sand pile, regardless of size or shape, 
has in it an exact whole number of sand particles. 

The Greeks seem to have been about the first people to theorize 
about this problem. Leucippus (about 460 b.c.) and Democritus 
(460-370 B.c.) were among the earliest proponents of an atomic the- 
ory. Many of their ideas, although based on little or no actual ex- 
periment, have proved quite sound in the 
light of our modern knowledge. Sir Wil- 
liam Dampier states,^ " Whatever may be its 
value in philosophy, in science the Democ- 
ritean atomic theory is nearer to the views 
now held than any of the systems which 
preceded or replaced it, and its virtual sup- 
pression under the destructive criticism of 
Plato and Aristotle must, from the scientific 
standpoint, be counted a misfortune.” 

Aristotle (384-322 B.c.) rejected the 
atomic theory because certain of its con- 
clusions did not agree with some of his phil- 
osophical speculations on other aspects of 
nature. As a result of his great prestige, the idea was generally aban- 
doned for the time being. He did, however, advocate a simplification 
of matter in that he believed all forms could be reduced to a few ele- 
mental kinds. By processes of reasoning which were supported by no 
experimental evidence whatsoever, he arrived at the conclusion that all 
matter in the universe was composed of four elements: fire, earth, air, 
and water. These he linked with four qualities or attributes of hot- 
ness, coldness, wetness and dryness, in the manner shown in Fig. 70. 
There was such a beautiful unity about this picture that it seemed as 
though it just couldn’t be wrong. Therefore to everyone for the next 
1800 years, air was hot and wet, fire was hot and dry, eart was ry 
and cold, and water was cold and wet. As a matter of fact, such a 
picture, erroneous as it was, did represent a step in the right direction 
since it was an attempt to reduce all forms of material substance 

comparatively few fundamental kinds. 

1 Damp.cr. Sir V.lli.m, /I H/i/or, 0 / Srir««. p. 27. New York: MacmJUn, - 


Fig. 70. Diagram illustrat- 
ing the relationship taught 
by Aristotle to exist be- 
tween the four elements 
and the four attributes. 
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Revival of an Atomic Theory 

Galileo adopted the general idea of an atomic nature of matter 
as fitting in well with his experiments on moving bodies. The form 
of the theory was revised by the physicist, Gassendi, around 1660, so 
that at that time matter was pictured as composed of small, hard, 
spherical particles called atoms. Almost nothing was specified as to 
the properties of the atoms themselves. 

The atomic hypothesis was little more than speculation until 
the quantitative nature of various chemical reactions was established 
during the eighteenth century. A series of experiments by Bergman, 
Black, Cavendish, and Lavoisier during the period from 1750 to 1800 
formed the basis of the atomic picture advanced by the English school- 
master, John Dalton (1766-1844), in 1807. Since Dalton’s basic 
postulates did not greatly differ from those of the present kinetic theory 
of matter and heat, we will proceed to a discussion of the experimental 
background of the latter. 

Experimental Facts Leading up to 
Our Present Picture of Matter 

The story of our present picture of matter may be thought of 
as falling naturally into two episodes. The complete history of a 
brick house would involve the construction of the house from bricks 
and the manufacture of bricks from simpler constituents. Similarly 
the first part of the story of the present accepted theory of matter 
deals with bulk matter being composed of atoms. The second epi- 
sode, based on the revolutionary discoveries of the last few decades, 
deals with conclusions about the constitution of the atom itself. 
Since this second part involves certain electrical phenomena, our dis- 
cussion of it will have to wait until a later chapter. Only the first 
episode will concern us at present. 

The set of postulates which we believe, at the present time, gives 
us a fair description of the atomic nature of matter is known as the 
“ Kinetic Theory.” As we shall see, it involves both matter and heat. 
Our approach to it here, as far as possible, will be along the route 
prescribed by the scientific method. First we shall discuss a repre- 
sentative group of experimental facts about matter, that is, things 
we know are true. Then we shall set up the basic assumptions of 
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the kinetic theory and ask, " Does this theory account in a reasonable 
fashion for the experimental facts we have discussed? ” It must be 
remembered that any scientific theory is satisfactory exactly to the 
extent that it does account for experimental phenomena and no 
further. To answer the above question completely, we would, of 
course, have to treat the numerical relationships between phenomena. 
Since such a quantitative discussion would lead us into mathematics 
beyond the scope of this book we will confine ourselves here for the 
most part to the qualitative aspects of the question and ask the reader 
to accept on faith that quantitatively also there is reasonable agree- 
ment, It should be mentioned that this procedure carries with it 
the danger of over-simplification. The reader should, therefore, be 
warned against thinking that all the difficulties have been solved and 
that our theories of matter are perfect. Fortunately there are still 
imperfections and problems to be solved in connection with most of 
them. Otherwise science would indeed be dull. 


Kinds of Matter 

By the time Dalton advanced his atomic theory of the nature 
of matter the existence of several different kinds of substances was 
recognized. Some knowledge of the principal characteristics of these 
types is essential to an understanding of other experimental facts 

about matter. 

Elements. — Before stating a definition of an element that will 
be satisfactory here, let us see how these materials were defined by 
John Dalton, He had discovered that there were a number of sub- 
stances which defied all his efforts to break them down into simpler 
materials. He reasoned, however, that if he were to attempt to sub- 
divide one of them indefinitely, in the manner described earlier m 
the chapter for a piece of iron, he would eventually get a smaUest 
possible particle of the material, one which could not be further de- 
composed. This ultimate particle of an element he called an atom. 
Consequently he would have defined an element as a substance that 
could not be decomposed into simpler ones. It happens, however, 
that within comparatively recent times, atoms of almost every known 
element have been broken up. This has been done in the so-called 
» atom-smashing ” experiments that have received a considerable 
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amount of publicity. Some discussion of the methods employed in 
these experiments and of their relation to atomic energy occurs in 
Chapter 26 in connection with what we have called the second episode 
in the story of matter. Since one of the results of these investigations 
is that atoms are decomposed into simpler things, it is clear that 
Dalton’s definition of an element must be modified. For the purposes 
of this discussion we can state it as, " An element is a substance which 
cannot be broken down into simpler materials without disrupting the 
atom.” 

John Dalton knew of about 20 different elements in 1807. To- 
day we know of some 92, of which, at ordinary pressures and tem- 
peratures, two are liquids, some ten are gases, and the rest are solids. It 
has already been stated that 61 have been found in the sun, about 30 
in meteorites, and many on other stars and planets. It is important 
to note that there is no evidence of the existence anywhere in the 
universe of elements other than these. Therefore it seems to be true 
that every one of the hundreds of thousands of different materials 
of which we have knowledge is a combination of one or more of not 
over 92 building blocks. 

Now let us turn to Table 12. Here the elements are listed in 
alphabetical order in the first column. In the second column the 
chemical symbol for each element is given. It should be emphasized 
that these symbols are more than just abbreviations for the elements. 
Each one has a definite quantitative significance, representing quite 
definite!’, one atom of the element concerned. 

Atoms of the elements have been found to have definite weights. 
We saw back in Chapter 12 that the process of weighing anything is 
simply one of comparing its weight with that of a recognized stand- 
ard unit. In the case of butter or meat that unit is usually the pound. 
But, because atoms weigh so little, it is desirable to define a different 
standard unit. Originally this standard was established by giving 
hydrogen, the lightest element, an atomic weight of one and expressing 
the others in relation to it. Today oxygen is considered to be a more 
satisfactory standard and the oxygen atom is arbitrarily given a weight 

of 16. The actual unit of atomic weights is 1/16 the weight of an 
oxygen atom. 
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Table 12. Alphabetical List oe the Elements 


Element 

Symbol 

Aluminum 

A\ 

Antimony 

Sb 

Argon 

A 

Arsenic 

As 

Barium 

Ba 

Beryllium 

Be 

Bismuth 

Bi 

Boron 

B 

Bromine 

Br 

Cadmium 

Cd 

Calcium 

Ca 

Carbon 

C 

Cerium 

Ce 

Cesium 

Cs 

Chlorine 

Cl 

Chromium 

Cr 

Cobalt 

Co 

Columbium 

Cb 

Copper 

Cu 

Dysprosium 

Dy 

Erbium 

Er 

Europium 

Eu 

Fluorine 

F 

Gadolinium 

Gd 

Gallium 

Ga 

Germanium 

Ge 

Gold 

Au 

Hafnium 

Hf 

Helium 

He 

Holmium 

Ho 

Hydrogen 

H 

Indium 

In 

Iodine 

I 

Iridium 

Ir 

Iron 

Fe 

Krypton 

Kr 

Lanthanum 

La 

Lead 

Pb 

Lithium 

Li 

Lutecium 

Lu 

Magnesium 

Mg 

Manganese 

Mn 

Mercury 

Hg 


Atomic Wcij(hf 

Atomic Kumbfr 

26.97 

13 

121.76 

51 

39.94 

18 

74.91 

33 

137.36 

56 

9.02 

4 

209.00 

83 

10.82 

5 

79.916 

35 

112.41 

48 

40.08 

20 

12.00 

6 

140.13 

58 

132.91 

55 

35.457 

17 

52.01 

24 

58.94 

27 

92.91 

41 

63.57 

29 

162.46 

66 

167.64 

68 

152.0 

63 

19.00 

9 

157.3 

64 

69.72 

31 

72.60 

32 

197.2 

79 

178.6 

72 

4.002 

2 

163.5 

67 

1.0078 

1 

114.76 

49 

126.92 

53 

193.1 

77 

55.84 

26 

83.7 

36 

138.92 

57 

207.22 

82 

6.940 

3 

175.0 

71 

24.32 

12 

54.93 

25 

200.61 

80 
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Element 

Symbol 

Atomic Weight Atomic Number 

Molybdenum 

Mo 

96.0 

42 

Neodymium 

Nd 

144.27 

60 

Neon 

Ne 

20.183 

10 

Neptimium 

Np 

239 

93 

Nickel 

Ni 

58.69 

28 

Nitrogen 

N 

14.008 

7 

Osmium 

Os 

191.5 

76 

Oxygen 

O 

16.0000 

8 

Palladium 

Pd 

106.7 

46 

Phosphorus 

P 

31.02 

15 

Platinum 

Pt 

195.23 

78 

Plutonium 

Pu 

239 

94 

Potassium 

K 

39.096 

19 

Praseodymium 

Pr 

140.92 

59 

Protactinium 

Pa 

231 

91 

Radium 

Ra 

226.05 

88 

Radon 

Rn 

222 

86 

Rhenium 

Re 

186.31 

75 

Rhodium 

Rh 

102.91 

45 

Rubidium 

Rb 

85.44 

37 

Ruthenium 

Ru 

101.7 

44 

Samarium 

Sm 

150.43 

62 

Scandium 

Sc 

45.10 

21 

Seleniiun 

Se 

78.96 

34 

Silicon 

Si 

28.06 

14 

Silver 

Ag 

107.880 

47 

Sodium 

Na 

22.997 

11 

Strontium 

Sr 

87.63 

38 

Sulfur 

S 

32.06 

16 

Tantalum 

Ta 

180.88 

73 

Tellurium 

Te 

127.61 

52 

Terbium 

Tb 

159.2 

65 

Thallium 

T1 

204.39 

81 

Thorium 

Th 

232.12 

90 

Thulium 

Tm 

169.4 

69 

Tin 

Sn 

118.70 

50 

Titanium 

Ti 

47.90 

22 

Tungsten 

W 

184.0 

74 

Uranium 

U 

238.14 

92 

Vanadium 

V 

50.95 

23 

Xenon 

Xe 

131.3 

54 

Ytterbium 

Yb 

173.04 

70 

Yttrium 

Y 

88.92 

39 

Zinc 

Zn 

65.38 

30 

Zirconiiim 

Zr 

91.22 

40 
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A much more important way of listing the elements is shown 
in Table 13. In 1863 an English chemist named Newlands hap- 
pened to arrange the elements known at that time in order of in- 
creasing atomic weights. In studying his list he noticed that for 
the most part each element resembled closely, in physical and chemical 
properties, the eighth element following it. He announced this 
discover)^ which he called his " Law of Octaves,” but the exceptions 
were so numerous that his work was never taken very seriously. 
Then some six years later the Russian chemist Mendeleef stated his 
Periodic Law to the effect that, '' the physical and chemical proper- 
ties of the elements are periodic functions of their atomic weights.” 
It is his arrangement of the elements in tabular form which consti- 
tutes the Periodic Table, shown in Table 13, a classification that has 
been called one of the greatest generalizations of all science. A few 
facts concerning the table should be mentioned. 

It will be noted that in general atomic weights increase readmg 


from left to right across the table. There are several exceptions to 
this, but the table is consistent in that all the elements are arranged 
from left to right along the rows, taking the rows from top to bot- 
tom, in order of increasing " atomic number.” An exact definition 
of atomic number will have to await our discussion of the inside 
of the atom in Chapter 26. It should be said here, though, that 


using number instead of weight as the basis of arrangement serves 
to eliminate most of the inconsistencies that were present in New- 


land’s table and in Mendeleef ’s earliest ones. When the elements 


are placed in this fashion, those in the same vertical column in gen- 
eral have similar properties. One important function of the Peri- 
odic Table has been as an aid in the discovery of new elements. When 
Mendeleef first prepared it, the table contained a number of blank 
places which were presumed to represent elements not yet discovered. 
The search for such an absentee was aided greatly by the fact that 
some idea of its properties could be obtained by studying the other 
members of the same vertical column. Similarly, by noting the 
atomic weights of those just preceding and following it in ^ 
zontal row, an approximate determination of its weight could 
made. The search for the missing members of the element am y 
was simplified and many of the gaps were filled rather quickly. 
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Another value that the table had was the fact that its implications 
seemed to suggest the advisability of increased investigation of the 
inside of the atom. Similarities in properties of atoms indicated the 
possibility of similarities in internal structure rather than the ex- 
istence of 92 entirely different and unlike building blocks of nature. 

To summarize, then, the simplest of the kinds of matter we 
are discussing here is the element and the smallest division of an ele- 
ment is an atom. 

Compounds. — There are several kinds of matter that can be 
more or less easily decomposed into simpler substances. The first of 
these to concern us is the group known as compounds. As an exam- 
ple we will consider the one compound for which practically every- 
one in the world knows the chemical formula, that is, water or H.O. 
This formula means that water is composed of hydrogen and oxygen 
in the ratio of two atoms of the former to one of the latter. Now if 
we were to take a quantity of water and divide it again and again, 
as described previously for iron, we would eventually reach a point 
where there remained just two atoms of hydrogen and one of oxygen. 
This least possible amount of water is called a molecule. Any fur- 
ther division would result in our having, not water, but separate 
atoms of the simpler substances, hydrogen and oxygen. Similarly, 
table salt has the formula NaCl, which means that one atom of sodium 
(Na) and one atom of chlorine (Cl) are combined in one molecule 
of salt. It will be obvious that a chemical formula has just as specific 
a meaning as does a symbol, standing for one molecule of a compound 


in the above examples. . . l r u 

Perhaps the outstanding property of compounds is the fact that 

they possess definite composition. In other words, every mo ecu e o 

a riven compound has in it the same number of the same kmds of 

atoms as every other molecule. Water is always H.O and table ^t » 

always NaCl. We do not sometimes find water which is H^O or 

or salt represented by Na.CI, or Na.a, or some other combmatum. 

This is important as a distinguishing feature of compound^ 

Now if nature has only 92 different elements or budding blKks 

with which to work, it is obvious that many changes must take p ace 

during the formation and decomposition of the great num 

Ibstances we see about us. Such transformations as concern 
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changing of substances into other substances are called chemical 
changes or reactions. It is desirable that we acquire at least a passing 
acquaintance with the shorthand method by which such reactions are 
described. 

But first, as a crude example, let us consider the change that 
occurs in a freight train when it is entirely uncoupled, or decomposed 
into its constituents. One might write a comparatively long para- 
graph describing the results of detaching from each other all the cars 
of our hypothetical train. On the other hand, one might take care 
of the essentials of the phenomenon by writing simply. 


Freight train = Engine -f- 17 Cars -|- Caboose 


We have simplified our description by using that most terrifying of 
bugaboos, an equation. But, like most bugaboos, closer examina- 
tion shows it to be quite harmless. This one is simply a more efficient 
way of describing something that happened, in this case the breaking 
up of a freight train. 

Already, the reader will have realized that we have been attempt- 
ing, as it were, to " sneak up on him ” with a chemical equation, for 
a chemical equation performs exactly the same function for a chemi- 
cal reaction as the above equation did for the railway yard occurrence. 
Suppose, for example, we set out to describe the results of passing an 
electric current through water. We find experimentally that the 
reaction which occurs results in decomposing the water into its con- 
stituents, hydrogen and oxygen. Thus at first thought we might 
write, 

H,0 = H + O, 


This can be strongly objected to on two counts. In the first 
place, it isn t an equation. The very word implies equality and here 
we have two atoms of hydrogen on one side of the equality sign and 
only one on the other. The second objection is that it does not tell 
a complete, true story. There are some gases in which, under normal 
^ditions, the atoms, like people at a dance, group themselves in pairs. 
These are said to be diatomic (two atom) gases. Hydrogen and oxy- 
gen belong to this group. Other gases, such as helium, contain atoms 
which are of a more independent nature and are said to be monatomic 
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(one atom). To represent accurately this experimental fact, the hy- 
drogen and oxygen in our experiment must be written as Hz and Oj. 
Making this correction in our alleged equation we have, 

HzO = Hz + Oz. 

But it still isn’t an equation. The other objection can be eliminated 
by taking more water to begin with. Thus, when the proper coeffi- 
cients are inserted, a process known as balancing, we get, 

2 HzO 2H2 “k O2. 

In one short line this expression correctly describes the results of our 
experiment, both qualitatively and quantitatively. To say the same 
thing and avoid an equation we would have to write something like 
“ when an electric current is passed through water, the water is de 
composed into its constituents, hydrogen and oxygen, in a manner 
such that from every two molecules of water, each molecule being 
composed of two atoms of hydrogen and one of oxygen, there are 
obtained two molecules of hydrogen, each of which consists of two 
atoms of hydrogen, and one molecule of oxygen having in it two 

oxygen atoms.” 

As one more example, suppose we wish to describe the reaction 
that occurs when hydrochloric acid is poured on aluminum. Experi- 
mentally, we find that a gas, hydrogen, is given off, and that there re- 
mains in the test tube a substance which proves to be a compound of 
the elements aluminum and chlorine, called aluminum chloride. The 
equation which completely describes this chemical occurrence is 

2A1 + 6HC1 -> 3Hz + 2 AICI 3 

which simply says that, 

2 atoms of aluminum + 6 molecules of hydrochloric acid 3 mole- 
cules of diatomic hydrogen + 2 molecules of aluminum chloride 

Summarizing here then, a chemical equation has the prima^ 
function of describing the results of a given chemical reaction To 
be satisfactory it must actually be an equation, i.e. be balanced, an 

must tell as complete a story as possible. 

Other Kinds of Matter. — Three other combmations or types oi 

matter should be mentioned. Mixtures are exemplified by the sort 
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of thing one would get by stirring dry sand and sugar together. As 
the name implies, merely a physical mixing up of the constituents oc- 
curs with no chemical reactions involved, either in making the mix- 
ture or in decomposing it. 

Solutions, on the other hand, constitute a somewhat closer com- 
bination of the substances involved, as for example, sugar dissolved 
in water. The combination is not such that a compound is formed 
since the property of definite composition is not present. In the ex- 
ample mentioned, for instance, a wide variety of amounts of sugar 
might be dissolved in the same volume of water. 

A group of substances known as Colloids will be discussed in 
Chapter 18. 


States of Matter and Some Properties of Each 

In the above paragraphs we have considered certain facts about 
the kinds of matter that exist. Now, let us remind the reader of our 
aim in this chapter and the next as expressed earlier. We are engaged 
now m examining some typical experimental facts about matter with 
the purpose of eventually arriving at a theory of its nature which will 
be in agreement with the observed data. Many of the familiar facts 
about substances have to do with the three states in which matter ex- 
ists, namely as solids, liquids, and gases. 

Solids. The first thing to be noted about solids is the character- 
istic by which we commonly distinguish them from the other two 
states, that is, the fact that they are able to maintain their shape in 
three dimensions. They neither flow as do liquids, nor expand and 
fill all available space as do gases. This immediately suggests to us 
that there must be fairly large forces of some sort holding the mole- 
cules together. That these forces are very large may be seen from 

fact that It requires some 2 5 tons to pull apart a bar of rivet iron of 
1 square inch cross-section. 

Solids also exhibit very great resistance to compression. In fact 
It « almost impossible to compress them at all. At first this might 
ead us to assume that the molecules must be packed tightly against 

Aow us that solids can be made 
to diffme shghtly mto each other. For example, if a block of lead 

nd a block of gold are bound tightly together, the contact surface- 
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having been shaved clean, and left for some time, flecks of gold will 
be found to have penetrated the lead while bits of lead may be seen 
in the gold. Since this could scarcely happen if molecules are jammed 
together, we are forced to assume that even in solids, the molecules 
are separated by spaces. This same evidence would lead us also to sus- 
pect that the molecules are in motion. Already, you see, we are begin- 
ning to make assumptions about the nature of matter, assumptions 

that must be checked by other evidence. 

Liquids. - — Liquids neither maintain shape as do solids nor fill 

all available space as do gases. They adopt a sort of middle-of-the- 
road policy, flowing to fit the shape of the container but at the same 
time maintaining what may be called a free surface. This would 
seem to suggest that the forces of attraction between the molecules 
are appreciable but too small to overcome the force of gravity tending 


to make the liquid flow. 

Liquids resist compression almost as much as do solids. If this 
were not true, we would have no such devices as hydraulic brakes, 
elevators, or barber chairs. You would not care to have hydraulic 
brakes on your automobile if the liquid itself was easily compressed 

when you pushed on the brake pedal. 

Liquids are found, in general, to diffuse more readily than solids 

but much less easily than gases. If our assumption about space be- 
tween molecules in the case of solids was correct, this would suggest 


that in liquids the separation is still greater. ., i • 

The familiar phenomenon of evaporation must be considered in 

our picture of liquids. The two experimental facts of importance 
are first, that liquids do evaporate, and second, that the rate of evapo- 
ration increases with the temperature. It is common knowledge that, 
other things being equal, clothes dry faster on warm days than on 
cold ones, and that the water in the humidifier of the furnace evap 
rates more rapidly with a fire in the furnace than without one. These 
facts also must be made to appear reasonable in the light of any satis- 
factory theory which we may advance. 

Gases — Gases, of course, do not even maintain a free sur 

but expand and fill all the space available. A new tank of 
• ^ ,11 ,nd it is still full after half or after nine-tenths of the 

gas hai been used. This would seem to indicate that the forces e- 
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tween molecules which were large in the case of solids, smaller 
but appreciable in liquids, have now become so small as to be neg- 
ligible. 

In the matter of diffusion we find that gases exhibit the phe- 
nomenon to a much greater extent than do either solids or liquids. 
A little perfume set free in one corner can soon be detected through- 
out the room. The vapor from onions or cabbage cooking in the 
kitchen seems to experience little diffi- 
culty in moving through and with the at- 
mosphere to the front door. In line with 
our tentative conclusions from this phe- 
nomenon in solids and liquids, we would 
suspect that comparatively large separa- 
tion exists between molectiles of gases. 

The question of compression in gases 
is tied up with a group of relationships 
called the gas laws. They are a set of 
three experimental laws relating pressure 
and volume, pressure and temperature, 
and volume and temperature, respectively, 

of an enclosed gas. For our purposes it Fig, 71. Diagram illustrat- 

will be sufficient if we consider the first experimental facts 

two of these. expressed by Boyle’s law. 

Everyone is familiar with the fact that gases are easily compressed 
or coined to smaller volumes. Fig. 71 shows a cylinder in which 
there is an airtight plunger or piston. The air or other gas in the 
cylinder occupies a certain volume and exerts a certain pressure on 
the piston as well as on the sides and bottom of the cylinder, just as 
the au- m an automobile tire may exert a pressure of 30 or 3 J pounds 
per square mch above atmospheric pressure. Now, as to the question 
of the relationship between the pressure and volume, it is obvious that 
It we increase the pressure on the piston, it wHl move down the cylin- 
der and the volume of gas will be diminished. In other words, as 
one of th^ factors gets larger, the other becomes smaUer. Such a 
sutement IS qualitative. Careful experiment shows that numerically, 

L/Z relationship is what is known as an iWse p/o- 

Portton. This means that if the pressure on the piston is doubled. 
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the volume becomes exactly one-half as great; or if the pressure is 
tripled the volume is reduced to one-third its original value. These 
experimental facts are stated in what is known as Boyle’s law, as 
follows : 

If the temperature is kept constant, the volume of an enclosed 
mass of gas varies inversely tvith its pressure. 

The second gas law relates pressure and temperature of a simi- 
larly enclosed mass of gas when the volume remains the same. Con- 
sider the airtight cylinder shown in Fig. 72. It is filled with air or 

other gas at room temperature. This gas 
exerts a certain pressure on the inside of the 
cylinder, a pressure which is indicated on 
the attached gauge. Now it is a matter of 
common knowledge that if we were to place 
this cylinder on the stove and heat the gas 
in it, the pressure would become greater. In 
this fashion pressure is built up in a pressure 
cooker, or in automobile tires on a hot day. 
In other words we have here two factors, 
pressure and temperature, so related that 
as one gets larger the other also increases. 
Again, careful experiment would show the 
numerical relationship between the two to 
be what is known as a direct proportion. 
This means that the pressure will be doubled 
if the temperature is doubled, or tripled if 

the temperature becomes three times as large. It must be stated that 
the temperature referred to here is one based on neither the Fahrenhei 
nor Centigrade scales, but on what is known as the Absolute scal^ 
This basis of temperature measurement will be defined and discussed in 
the next chapter. The relationship between pressure and tempem- 
ture of a gas bears the name of the Gay-Lussac Uw and may be stated 

as follows: 

If the volume is kept constant, the pressure on an enclosed mass 
of gas will vary directly with its absolute temperature. 



Fig. 72. Diagram illustrat- 
ing the experimental facts 
expressed by the Gay- 
Lussac law. 
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All of these facts represent things about gases that must be con- 
sidered in any theory which is advanced as to the nature of matter. 


The Phenomenon of Change of State 

We have just been discussing the states in which matter is found. 
We know that our ordinary temperatures determine largely the par- 
ticular state in which we commonly know any given substance. For 
example, we are quite familiar with water in all three states of solid, 
liquid and gas. Iron, on the other hand, we usually think of as being 



Fig. 73. Schematic representation of variation in temperature of HgO during 
the tune a quantity of it is heated from 0® F, to 2 12® F. 

a solid although everyone knows it can be melted. We have always 

thought of carbon dioxide as a gas until recent years, when we have also 

become acquainted with it in its solid state as the refrigerant known 

by the somewhat misleading name of " dry ice.” In fact, all known 

gases have been liquefied and solidified. Now, when we investigate 

this process of changing materials from one state to another, we ob- 
serve a peculiar phenomenon. 

As an example we will discuss a typical experiment of changing 
ice into water and then the water into steam. Assume that we have 
placed in a vessel a piece of ice at a temperature of 0 “ F. Then we place 
the vessel over a slow flame, and with the entire apparatus well insu- 
lated let the heat from the flame be absorbed by the ice. To check 
just what happens, we take the temperature of the H^O at one minute 
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intervals throughout the experiment. The graph in Fig. 73 indicates 
schematically, although not to scale, the sort of results we might get 
in a typical procedure of this sort. Let us examine these data care- 
fully. The ice, being considerably below freezing at the beginning, 
must be heated to 32° F. before it begins to melt. Consequently the 
first part of the graph, up to point , indicates that the substance 
increased in temperature as it absorbed heat. This of course is the 
usual effect of the application of heat to a material. The part of 
the graph from W to X, however, shows that here was a period of 
time during which the heat, although it was being supplied at the 
same rate, caused no increase in temperature whatsoever. What is 
observed to occur during this time is the change of the solid into the 
liquid. At W it was all ice and just beginning to melt. Just at X 
it was completely melted and was all water. Evidently, then, this 

heat went into causing a change of state. 

From X to Y, the usual effect of rise in temperature with ab- 
sorption of heat is indicated, as the water is raised from 32° F. to 
212° F. Beginning at 212° F., as point Y is reached, we agam find 
heat being used to cause a change of state rather than to increase the 
temperature. Here the change is from a liquid to a vapor, or, in our 
example, from water to steam. Once the vaporizing process is com- 
plete at Z, more heat will again cause the temperature to rise. 

These amounts of heat that are absorbed during changes of 
state are called latent or hidden heat, in somewhat the same sense that 
commencement orators speak of the latent possibilities in graduatmg 
classes In the latter case they mean possibUities that may or may 
not make themselves known at a later time; in the former we mean 
Lat that may coma back out again. I. will coma back out, m fact, 
tha procass is ravarsad because heat that is absorbed during the chang 

to a liquid or a liquid to a gas will be emitud whan 4a 

vanor condenses or the liquid changes to a solid. 

From the standpoint of our search for a satisfaato^ tko^jf 
matter this means that whether we like it or not, heat is forcing im 

into the picture. In other words we cannot hope to get t a “""P 
sty of ,h fundamental nature of matter unless we get »rne id. 
If whit heat is, since it seems to play a leading role m switching mat 

ter about among its various states. 

The first part of the next chapter concerns itself with the qu 
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tion of the nature of heat, after which we will be in a position to dis 
cuss the theory that ties the two together. 


Discussion 


Questions 


discontinu- 


1 . Explain the difference between a " continuous ” and a 
ous ” state of matter. 

2 . What effect did the teachings of Aristotle have on the development of 
an atomic theory of the nature of matter? 

3. Name Aristotle’s four elements and four attributes and relate them to 
each other. 

4. Mention several ways in which our ideas about elements and atoms 
differ from those held by John Dalton. 

5. Find out what element is represented by each of the following chemi- 
cal symbols and state whether each is a solid, a liquid, or a gas at ordinary 
temperatures: Al; C; Au; He; I; Fe; Mg; Mn; Hg; Ne; K; Na; Ag; U; Zn. 

6. Show how the periodic table aided in the discovery of new elements. 

7. Distinguish between elements, compounds, and mixtures, and give ex- 
amples of each. 

8 . Give a definition of a balanced chemical equation. 

9. Look up some chemical equations, other than the ones given in this 
chapter, and find out all you can about the reactions described. 

10. Find out how to balance the following equations: 

1. CaO -I- HCl ^ CaClj -f H^O 

2 . H,0 + Fe -> Fe,0, -j- 

3. Cu -|- Oj -» Cu^O 

4. NH 3 -f O 3 NO + H 3 O 

11. List several bases on which we commonly distinguish solids from liq- 
uids and liquids from gases. ^ 

12 . Compare solids, liquids, and gases with one another as to compressi- 
bility and rates of diffusion. 

13. State Boyle’s law and the Gay-Lussac law and show what they mean 
When applied to a given mass of gas enclosed in a cylinder. 

14. Draw a graph indicating the changes that occur in the state of H O 

when It IS heated from 0°to 220°F. ^ 

JtiT, “"y “pl»««ion ot 

from fLzbg'?^" ^ 

Multiple Choice 

1 . Helium has an atomic weight of 4; therefore (a) a cubic foot of it 
eig s ounces; (b) 4 atoms of it weigh a gram; (c) Id atoms of it weigh 
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i\ much 1 % 4 Jiom< of o«vgen; (d) a moircuW of it contjini 4 atomt; («) m 

jioni of It A'Cl^h^ x\ much a% 4 atomi of oaynen. 

2. CircJl rc^i^iancc to comprcttion i% a property of (a) Itquida, and 

gases, (b) solids and liquids but not gases, (c) solids only, (d) liqusdi only. 

^c) solids and gases but not liquids. 

Volume caries mserselv siith pressure in enclosed (a) solids, liquids, 

and gases, (b) vd.ds and liquids. <c) ssdids and gases but mK l»quH*s. id) 
liquids only, (e) gases oniv. 

4. Aristotle believed that (a) there could be no such condition as a tew 
fundamental elements out of which cvcrcthinR made, (b) there were 

come 20 elements inttead of the '♦2 wc now kn..w. ,c) ewr^thin^ could 
be shown to be composed of hydroxen. (d) there were lour elerrsent. namels. 

c.irth. Jtr. hrc. and w ater. / c , 

S 'X h.ch two of the following must txcur before scMtse perfume that is 

spilled in one corner of a room can be detected in the opposue corrser? (i) 

Melting; (b) Diffusion; (c) 1 ree/ing; (d) F vapsiration; (e) ( ompress-m. 

True-False 

1. The earliest suggestion made bv anyone that matter might be atomK in 

nitiire was made about the time of Galileo. 

T-^he name of the Russian chemist. Mcndclcef. is associated with the 

discovery of the difference between elements and compounds. 

t The procedure of sawing a large piece of w^ into a number of sma 

pieces represents a physical rather than a chemical change. 

4 . The following equation is balanced. 

, on. ol n:„:n,„ f.»n c»nr~n* 

„ ... on„. 

U.ion,hip ..««n pressure end solnnre o( en enclosed 

■"'TT; is posuble for e subsrrnce ro rbsorb her. nirboo. r. .be sen. .in. 

rising in temperature. ■ k, nf 12- therefore 16 atoms of carf 

10. Carbon has an atomic weight of 12, tne 

weigh the same as 12 atoms of oxygen. 
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Chapter 14 

THE NATURE OF MATTER {Continued) 

( — 3 c.-rrj t > t > 

The Nature of Heat 

The phenomenon discussed at the close of the preceding chapter in- 
dicates that we must make our peace with the nature of heat before 
we can reach a satisfactory picture of the nature of matter. There- 
fore, we shall digress in that direction during the first part of this 
chapter. 

It may have occurred to the reader at some time or other to won- 
der just what happens to a vessel of water when it is heated, or just 
what this thing called heat is. This is another of the problems with 
which early man became concerned. He soon began to advance hy- 
potheses about it. Before tracing the development of any of these 
theories it will be necessary to define a few terms and concepts. 

Heat and Temperature 

It is important that we have clearly in mind the relationship be- 
tween the quantities, heat and temperature. Although they are often 
confused, a little thought will demonstrate that they are not at all 
identical. The amount of heat that would raise a cup of water from 
room temperature to boiling would increase the temperature of a large 
kettle of water only a few degrees. Rather than being simply differ- 
ent names for the same thing, the relationship may be thought of as 
one of cause and effect, as the above illustration suggests. When a 
substance absorbs heat the usual effect is an increase in temperature, 
^en It gives off heat, it usually drops in temperature. Note the use 
of the word " usual,” in view of the fact that we discovered in the 
ast chapter that the effect of absorption or emission of heat is some- 
times a change of state and not a change of temperature. 
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Since the more common effect is variation in temperature we find 
it necessary to be able to measure temperature. A device that per- 
forms this function is called a thermometer, and here we may mark 
up another first for Galileo. The principle of his first thermometer, 
or thermoscope as he called it, is shown in Fig. 74. The bulb of the 
flask contained an amount of air so that the water stood at some point 
in the neck, as L. Everyone is familiar with the fact that most sub- 
stances expand as they rise in temperature. In this 
case, such a rise would cause the air to expand, forcing 
the water down. On the other hand, if the tempera- 
ture dropped, the air would cool and contract, and the 
water would rise in the neck of the flask. The opera- 
tion of Galileo’s thermometer was, therefore, the re- 
verse of the kind with which we are familiar. It is 
important to note that the entire operation depended 
on a change that occurred in matter as heat was ab- 
sorbed. Similarly, the operation of every temperature 
measuring device depends on some property of matter 

that varies as heat is emitted or absorbed. 

Our common mercury and alcohol thermometers, 

like Galileo’s thermoscope, operate as a result of the ex- 
pansion of some substance. By knowing how the vol- 
umes of these materials vary with absorption or emis- 
sion of heat, we are able to fix scales on them and get a 

numerical measurement of what we call temperature. 
The standard thermometer in use today, that is t e one 
bv which others are calibrated, is a gas thermorneten 

The u,ually used ,s hydrogen, ahhough Wi- be 

°f te.;ta,ures that can he covered wi.h <be. ^"ds ess 

than a d.gtee above absolute aero up a most » „ a 

white heat. The value of this particular typ 
standard lies in the fact that it obeys accurately the gas laws 

temperature ranges. are based on othei 

Other eyPee Chapter 1 we dis. 

ctLd^r'th— le which is employed in measuring star tern- 



Fig. 74. Design 
of Galileo’s 

thermoscopc, 

or first ther- 
mometer. 
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peratures. The basis of its operation is the fact that, under certain 
conditions, temperature differences will cause an electric current to 
flow, the magnitude of the current depending on the difference in 
temperature. A device called the bolometer operates as a result of the 
experimental fact that the resistance which certain materials offer to 
the flow of electricity varies with the temperature of the substance. 
Furnace temperatures are sometimes determined with a series of ob- 
jects called Seegar’s cones. These cones have different melting points 
so that by finding which ones melt in the furnace, the temperature 
can be determined with a fair degree of accuracy. 

With regard to temperature scales there are three which must be 
considered. Two of these are the more or less familiar Fahrenheit and 
Centigrade. The third is the Absolute or Kelvin scale which was men- 
tioned in the preceding chapter in connection with the behavior of 
gases, and which will be taken up in detail later in this chapter. 

It should be understood, that for any scale of temperature meas- 
urement to be satisfactory, two things must be true. First, it is nec- 
essary that two fixed points on it be clearly defined. Second, the two 
defining temperatures should be constant and easy to reproduce. For 
example the hottest day in summer and the coldest day in winter would 
not be satisfactory points to use as a basis of definition of a temperature 
scale. Neither would the temperatures of the North Pole and Sahara 
Desert be desirable. The freezing and boiling points of water, on the 
other hand, are quite satisfactory. 

The two points chosen by Fahrenheit in fixing the scale which 
bears his name were the lowest temperature he could obtain with a 
mixture of salt and ice, and body temperature. He designated the 
former as zero and the latter as ninety-six. On any given thermom- 
eter, then, the space between the mercury levels at these two tempera- 
tures was divided into 96 equal parts or degrees, and divisions the 
same size extended above and below this range. This procedure made 

the freezing point of water 32 degrees and its boiling point, 212 
degrees. 

The Centigrade scale is used quite commonly in Europe by every- 
one and almost exclusively in scientific work everywhere. Its defin- 
ing points are the temperatures of freezing and boiling water, the 
interval between being divided, as the name of the scale suggests, into 
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C 


2i2oU..M'i^iL. 

n vVater 


100 equal divisions. Thus the freezing point of water is 0 degrees C., 

and its boiling point 100 degrees C. 

A comparison of the two scales is shown in Fig. 75. To transfer 

temperatures from one scale to the other is not a difficult procedure. 

As an example we may determine what a 
room temperature of 68° F. would be on 
the Centigrade scale. First, we note that 
on the Fahrenheit scale there are 212 — 
32 = 180 degrees between the freezing 
and boiling points of water, while on the 
Centigrade scale the same range has only 
1 00 degrees. Thus the number of Centi- 
grade degrees in any given temperature 
range is 100/180 = 5/9 the number of the 
Fahrenheit kind ; or the number of Fahren- 
heit steps is 9/ 5 as many as the number of 
Qo Centigrade divisions. In changing 68 F. 

to Centigrade we will use the freezing 
point of water as the bridge from one scale 
to the other. To get to this bridge on the 
Fahrenheit side we must go down 68 — 52 
= 36 steps or degrees. Crossing over we 
find ourselves at 0 ° C. To ascend on this 


Freezinq 

Water 


Fig. 75. A comparison 
of the Fahrenheit and 
Centigrade temperature 
scales 


side to a temperature opposite our starting 
point, we must climb 5 /9 as many steps, 

tha. b S/9 times 36, or 20. Since we started our climb at 0” C, OM 
elatron is 20- C; in other words 20- C = 6S- R As^P- 

Jure from one scale to the other. For the benefit of those who prefer 
to use an equation, the following is offered, 

jF_9C= 160, 

in which F and C stand for the Fahrenheit Ce"’^ 
tutes respectively. By substituting t e va ue o ei ^ 
be calculated. Temperatures below zero on either scale are 

"''“•f;:. Absolute scale will be related to the two just discussed afte. 
its physical significance has been developed. 
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Having considered the measurement of temperature, we are now 
in a position to define two units of heat. These are the calorie and 
the British thermal unit. The first is a metric unit and may be de- 
fined as the average amount of heat required to raise the temperature 
of 1 gram of water through 1 degree Centigrade. In an analogous 
fashion, the British thermal unit, commonly called the B.t.u. is the 
average amount of heat necessary to raise the temperature of a pound 
of water 1 degree Fahrenheit. 

Some Experimental Facts Relating Heat and Matter 

Here again, we will attempt to proceed in accordance with the 
scientific method by first discussing several typical phenomena relat- 
ing heat and matter, and then developing a theory that will make 
them seem reasonable. 

Absorption of Heat, — Since this phenomenon has already been 
given some attention we will simply recall to the reader’s mind a few 
of the facts and mention several examples. We found that when a 
substance absorbs heat, one of two things happens. Either it increases 
in temperature or it changes state in the direction of solid to liquid, 
or liquid to gas. The reverse is true when heat is given off. A satis- 
factory picture of the nature of heat will first have to give some physi- 
cal significance to this concept of temperature, and second, account 

for the heat that goes into changing temperature and changing 
state. 

Expansion with Rise in Temperature. — It is common knowl- 
edge that most substances expand as temperature rises and contract as 
it falls. One of the most familiar examples is the thermometer, which 
we have just been considering. Many other illustrations could be 
cited. Steel bridges lengthen in summer and shorten in winter, A 
steel structure like the George Washington bridge across the Hudson 
River, which has a span of some 3,500 feet, may be several feet longer 
at noon on July 4 than it is at midnight on December 31. This ex- 
pansion is usually allowed for in one of two ways. Either one end of 
the bridge is mounted on a roller instead of being rigid with the abut- 
ments, or the structure is built with an expansion gap in the center. 
Similarly, expansion joints are inserted in concrete roads, and railway 
rails are laid with small gaps between adjoining ends. Fig. 76 shows 
a simple thermostat whose operation is based on this principle. Strips 
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of two metals, A and B are riveted together. They are so chosen that 
A expands more rapidly than B with increase in temperature. If the 

temperature rises, the double bar will bend to 
the left as shown and will eventually make 
contact, closing the circuit and permitting 
the bell to ring. In this way variation in 
temperature is used to open and close an elec- 
tric circuit. 

Any satisfactory theory of the nature of 
heat must give a reasonable explanation of this 
phenomenon of expansion. 

Heat Transfer. — There are three ways 
in which heat may be transferred from one 
place to another. The first of these may be 
Illustrated by the manner in which the handle 
of a coffee spoon becomes heated. Although 
only the bowl of the spoon is in contact with 
the hot liquid, the temperature of the handle 
soon rises also. We say this occurs as the result 
of conduction of heat along the material (Fig. 

Materials differ b the rapidity with 

« 



Fig. 76. A simple ther- 
mostat placed in an elec- 
tric circuit with a bell. 


77). 


heat transferred quickly from one 


Heat Applied 
Here 


which they will conduct heat. For uses such as 
.nsuktion in house, and refrigerator, or handle, of 

t;lh„e radiators, and sundar device, in which rt .,^.,r. to get 

To Here 

place to another. 

The second method finds its 

application in liquids and gases, and 

may be illustrated by the manner in 

which water In a vessel on the stove 

becomes heated. The water at the 

bottom is heated first, after the heat 

has been conducted through the 

bottom of the container. The pio. 17 . Heat tran*r by 
neated water expands, becoming duefon. 
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Heat 
Convected 
To Here 


Heat Applied 
Here 


Fig. 78. Heat transfer by 
convection. 
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lighter per unit volume than the surrounding Uquid, and so rises to the 
top. Cold water flows in to fill the vacant space and in turn becomes 
heated. The process continues, setting 
up in the liquid currents which are 
called convection currents, shown in 
Fig. 78. This method of heat transfer 
is called convection. These currents are 
the same sort as those discussed in con- 
nection with a previous chapter on the 
causes of weather. It will be recalled 
that the heated air over the equator 
rises, causing winds to blow toward the 
equator from the north and south. 

Note that in this method of transfer 
the actual portions of the substance 
being heated move out of the way, 
allowing other parts to move in 
and be heated, whereas in the case of conduction the heat is more 
or less handed along from each part to the next. 

One may illustrate these two methods by two ways in which 
food could be served to a large group. Those eating might all be 
seated and the plates passed from the kitchen to a waiter, to the per- 
son at the end of the table and along to the rest of the diners, with no 
one having to move from his place. Such a procedure would be analo- 
gous to conduction. Or, the food could all be placed on one table 
and those eating file past, each gathering up his own meal, as in a 
cafeteria, in which case the meal would be served in a manner com- 
parable to convection. 

The third method of heat transfer represents, in a sense, an inven- 
tion in order to provide for cases which fit neither of the above. In 
fact that most important of all examples of heat transfer, cannot occur 
by either conduction or convection. This is the transfer of heat from 
the sun to the earth. Both conduction and convection require the 
presence of a material substance of some sort, while between the earth 
and the sun there exists a high vacuum. Similarly, most of the heat 
that one gets from an open fireplace must travel by some other means 
than conduction or convection, since air is a very poor conductor and 


246 


MAN AND MATERIALS 


[Chap. 14 

the convection currents in it are toward rather than away from the 
fireplace. The fact that one may feel the warmth of sunlight com- 
ing through a window although the glass itself remains cold, also in- 
dicates the existence of a third method of heat transfer. In all of 
these cases the heat is said to travel by radiation. The discussion of 
radiation in some detail will be saved for a later chapter. For our 
purposes here it will be sufficient to say that it stfil presents certain 
unsolved problems which are principally connected with the medium 
in which the heat waves travel. Some of the assumptions made in 
this connection are excellent examples of the human tendency to in- 
vent a solution to a troublesome problem and feel very happy about 
it, ignoring more or less completely the new problem of accountmg 

for the invention. 

These methods of heat transfer also represent experimental phe- 
nomena which any good theory of heat and matter must substantiate. 

Before considering our present theory of the nature of heat and 
matter, we wiU look briefly at an early theory of heat which was ac- 
cepted for many years. 


The Caloric Theory of Heat . 

It had long been recognized that there were two posstbJmea with 
regard to the nature of heat. Either it wa, an actua material sub- 
stance, or it was a form of energy. A number of early mvesnga on 
including Newton and Cavendish favored the latter notion. That u. 
they thought of heat as being due to the motion of the P 

tides of the substance involved. However, they were unable to de 
vise a complete working theory on this basis, and science in gene 
adopted the other alternative. In terms of this Aeoty. va^ P‘ - 
tured as a fluid which was given the name caloric. It is worth Mt 
ing Aat early theories concerning the nature of electncity also pa 

.^e camHc theory of heat were 

as follows: 

1 Heat is a fluid called caloric. , , . . 

; cLc raises Ae temperature of 
added, and lowers the temperature of any material iro 


It IS re 


moved. 
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3. Caloric flows naturally from substances of higher temperatures 
to those of lower. 

One of the earmarks of a good scientific theory is that a few origi- 
nal assumptions account for a large number of phenomena. In the 
above group there are one definition and two assumptions, each of the 
latter accounting for one experimental fact. In order to take care of 
new experimental facts, it soon became necessary to make additional 
assumptions. For example, in order to make expansion with rise in 
temperature seem reasonable, it was assumed that, 

4. Caloric is self-repellent. 

Thus, the more caloric a substance acquired, the greater would be the 
total repulsion and the more the material would expand. 

Then it was recalled that every fluid known to man had weight. 
This, in the light of the second assumption, made it appear that an 
object should get heavier as its temperature rose. Experimentally, 
however, this was found not to be true. So another assumption was 
made, to the effect that, 

3. Caloric is a weightless fluid. 


Although this assumption seems quite ridiculous in the light of 
our present knowledge, it may be mentioned that the idea of an ether 
in which heat and light waves travel came into existence in somewhat 
the same manner. 


The caloric theory was placed in the position of acquiring a new 
basic assumption every time a new experimental fact made its ap- 
pearance, which is a precarious situation for any scientific theory. 

The actual overthrow of this picture of heat resulted from the 
experimental work of a number of different men. Among the first 
of these was Benjamin Thompson (1733-1814), better known as 
Count Rumford. Thompson was a native of Massachusetts who was 
forced to leave this country during the Revolutionary War because 
of his pro-British sympathies. He accepted a commission in the Eng- 
lish army and later saw military service in Bavaria, where he received 
his title. His scientific activities were numerous and included serving 
as one of the founders of the Royal Institution in London about 1800. 
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His work of particular interest here began while he was engaged in 
manufacturing cannon in Munich. He became curious as to the origin 
of the large amounts of heat that were generated during the boring 
of the cannon, and presented the supporters of the caloric theory with 
the problem of explaining it. Since everything around it had a lower 
temperature than the cannon, it was difficult to see, in the light of the 
third basic assumption, where the caloric could come from. How- 
ever, the believers in caloric advanced the very ingenious suggestion 
that a pound of powdered iron contained less heat than the same mass 
of bulk iron at the same temperature; or to state the point more tech- 
nically, that the specific heat of powdered iron was less than that of 
bulk iron. Thus, they argued that as the iron was powdered during 
the boring process, the excess heat would be given up. Count Rum- 
ford tested this hypothesis by changing to a blunt boring tool and 
found that much more heat was generated, although far less powdered 


iron was produced. 

The experiments of Sir Humphry Davy added to the troubles 
of the caloric theorists. Davy devised an apparatus by which two 
pieces of ice were rubbed together mechanically in a vacuum. He 
found, as we would expect, that the ice melted. In terms of the 
caloric theory the problem again was one of accounting for the source 
of the heat, since the ice was cold and was separated from its sur- 

roundings by a vacuum. ^ , i i j r 

The final and complete abandonment of the theory resulted fro 

, he experiment, of James Prescou Joule (1S18-1889). Re work of 

Rumford and Davy, although qualitative, had .ndtcated the IJtd.- 
hood that the generation of heat was closely related to m^hamca 
work or energy. During the decade, 1840-1850, Joule performed a 
series of experiments designed to test this ^.bihty m « 

vessel used bore some resemblance to an old-fa, hioned .ce “«am fm«e 

in that it contained a paddle arrangement (P) the vanes o 
in that It coniau i-- 

moved between other vanes (V ) which were iiAcu 

ri — . V a. n* O- * ~ -J:. 

caused its temperature to rise. This rise cou 
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were fixed. The weights then, when allowed to fall, caused the rota- 
tion of the paddle wheel. From the weights and their distance of fall 
it was possible to calculate the mechanical work done; while the weight 
of water in the cylinder and its increase in temperature were sufficient 

data for the determination of the 
amount of heat generated. The en- 
tire apparatus was insulated against 
outside effects. 

Joule reasoned that if heat 
were a form of energy rather than 
a fluid, a given amount of work 
should always produce the same 
amount of heat. He performed the 
experiment time after time, vary- 
ing the amount of water in the ves- 
sel, the size of the weights, and the 
distance of fall. In every case he 
found, within the limits of experi- 
mental error, the same numerical 
relationship between mechanical 
work and heat. This result may be 
expressed by saying that 778 foot- 
pounds of mechanical work are re- 
quired to generate 1 B.t.u. of heat. The B.t.u., or British thermal unit, 
of heat has already been defined. One foot-pound of work may be 
thought of as the work that is done when a weight of 1 pound is lifted 
through a vertical height of 1 foot. Thus to heat 1 pound of water 
1° F. takes as much energy as that required to lift a 77 8 -pound weight 
1 foot, or a 1 -pound weight 778 feet. Let us emphasize again that the 
important thing, from the standpoint of the nature of heat, is the fact 
that substantially the same numerical relation was obtained in all of 
Joule’s experiments, and in all that have been performed since that 
time. Another point to note is that here again the conclusive experi- 
ment was a quantitative one, one in which specific numerical results 
were obtained. 



Fig. 79. Cut-away diagram of type 
of apparatus used by Joule in de- 
termining the relationship between 
mechanical work and heat. 
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The Kinetic Theory of Heat and Matter 
Basic Assximptions 

The fundamental assumptions upon which the kinetic theory is 
based may be stated as follows: 

I. Matter is made up of molecules which in turn are composed of 
atoms, the relationship between these being as described in the 

preceding chapter. 

II. Molecules are in constant motion with velocities which increase 
with temperature. 

III. Molecules attract each other with forces which obey a law similar 
in form to the law of gravitation. 


Experimental F acts in the Light of the Kinetic Theory 

Having set up the basic postulates of the kinetic theory, let us 

return to the experimental facts presented in the precedmg chapter 

and examine their reasonableness in the light of this theory. 

Shape and Rigidity. - The second of the above assumptions can 

be true only if matter is to some extent porous, that is, if the actual 
particles of materials are separated by empty spaces. By combming 
this idea with the third assumption, we arrive at a consistent picture 
of the nature of the three states of matter. It wdl be recaUed that in 
Newton’s law of gravitation, the force decreases with the square of 
the separation. The situation is similar for attraction between mole- 
cules In solids then, we would think of the molecules as being com- 
paratively close together, close enough that the forces of attraction 
L capable of holding the material in the definite thape *a< ^ ] 
teristic of tbit state. A somewhat greater average separation of mole 
cules might be expected to produce the condition that exists m q 
ut namely. atJctive forces large enough to result in mamtenm« 

: com reduce the forces^f a-c^u m ^ 

:::: f r^:^ ** aU *0 available space, as happens m the case 
of . .1.- rk.nrv would distinguish the 
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three states of matter on the basis of the average molecular separation 
that exists. Such a picture carries with it the implication that change 
of state could be accomplished by varying this average separation. 

Compressibility. — It will be recalled that gases are found to be 
readily compressible, liquids almost incompressible, and solids essen- 
tially incompressible. This sequence seems to agree well, qualitatively 
at least, with the above picture. The comparatively large molecular 
separations hypothesized for gases should make them the easiest to 
compress, while solids would be expected to offer the greatest resistance 

to being forced into a smaller volume. 

Diffusion. — The assumed molecular separations of the three states 
again make it seem entirely reasonable that the order of ease and ra- 
pidity of diffusion from greatest to least should be gases, liquids, solids. 
The evidence indicates that in gases at normal pressures the sizes of 
the molecules bear something of the same ratio to their separations 
that the diameters of the stars do to their distances apart. Also mo- 
lecular velocities in gases may run as high as a mile per second. Conse- 
quently, diffusion of gases would be expected to proceed at a high rate. 

Even in solids the empty space considerably exceeds that actually 
occupied by particles. Dr. W. F. G. Swann has calculated that if all 
the empty space were to be squeezed out of the much-discussed aver- 
age man, his size would diminish to about that of an average flea, al- 
though his weight would remain unchanged. So that, instead of being 
surprised at the slight diffusion found in solids, one might be more 
likely to wonder why it is not much greater. One might think that 
out of all the automobile collisions that occur, the molecules of one 
car might occasionally sift in between those of the other and so avoid 
any damage, or that once in a while a fist would pass harmlessly 
through a jaw. The answer is that such a probability does exist, one 
in fact that is definitely capable of being calculated, for any given 
case. Dr. W. F. G. Swann cites the following example: ^ 


" You may ask, ' Is there not a definite possibility that sometime as I start 
to fall through a chair, all the molecules of my body will miss the molecules of 
the chair so that I will fall right through? ’ Yes, that may happen if I live 
long enough. ... I find that for a chair one inch thick I shall probably fall 
through once in N times, where N is such a large number that if an angel 

1 Swum, W. F. G., The Architecture of the Universe, p. 48. New York: Macmillan 

1934. 
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flying with the speed of light (186,000 miles per second) were to write it 
down in his flight, and if he were to write small enough that his figures were 
as tiny as electrons, and so fast that the successive zeros in the long number 
touched each other, he would have to travel for a number of years which is 
so large that it would require more than 60,000 figures to write it down. I 

shall not worry about the risk.” 


One of the reasons for this small probability is the rapid motion 
of the molecules. For example, in a bicycle wheel the empty space con- 
siderably exceeds that actually occupied by spokes. Yet when the 
wheel is revolving rapidly it offers a very solid-like resistance to pene- 
tration by a stick or by the hand. It is also true that while intermole- 
cular space is large compared to the sizes of the molecules themselves, 
yet it is extremely small when compared with ordinary dimensions, 
even of a relatively small object. As an illustration, suppose you 
should find some evening that, while you were out m the car, someone 
had packed your garage completely full from floor to ceiling with 
woven wire wastebaskets. From the standpoint of driving your auto- 
mobile inside, the garage would present most of the properties of a 
solid, although to a housefly or mosquito it wou d seem relatively 
empty. In the same way, a brick wall might offer little opposition to 
the entrance of a single molecule but make penetration by another 


brick extremely improbable. 

Evaporation. - The experimental facts involved here are, first, 
that liquids evaporate, and second, that the rate o evaporation in- 
creases with the temperature. Evaporation is simply a more or less 
gradual change from the liquid state to the vapor. Consequent^ 
suming all the molecules to be in motion it is reasonable to suppos 
It some would strike the surface with sufficient velocity to escape 

Sffice ThToblved rates of evaporation vary with «mperature 
we mi^^ ee what sort of significance the concept of temperature ha 

must be a measure ot its energy, v/ ^ 
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ply the speeding up of the molecules of the substance, or the increas- 
ing of their kinetic energy. On this basis, temperature is simply a 
measure of the average velocity of the molecules of the material in 

question. 

Now let us return to the variation in rate of evaporation with 
temperature. Increased temperature, according to the above picture, 
should provide an increased number of molecules with velocities high 
enough to permit them to escape from the liquid. In other words, 
rising temperature would be expected to result in greater rapidity of 
evaporation. 

Gas Laws. — The first of the two gas laws previously mentioned 
was Boyle’s law which involves the relationship between pressure and 
volume of an enclosed gas. The picture of a gas as consisting of mole- 
cules in rapid motion would indicate pressure to be the total force ex- 
erted by these millions of moving particles as they strike the sides of 
the container. The situation would be analogous to that of a sand 
blast which exerts a fairly uniform total pressure as the result of mil- 
lions of tiny blows by individual sand particles. 

If a certain amount of gas is confined in the cylinder as shown 
back in Fig. 71, it will have a certain pressure and temperature. If 
the piston is pushed down until the gas is limited to just half the 
original volume, and if the temperature, which is a measure of the 
average velocity of the gas molecules, is held constant, then it would 
only be reasonable to expect that the number of blows against the 
sides of the cylinder would be doubled. In other words, the pressure 
would become twice as great. Or, if the volume were reduced to one- 
third, the number of blows per second and the pressure would be 
tripled. It should be noted that keeping the temperature constant 
means that the molecules are not hitting any harder on the average. 

The other gas law concerned the variation of pressure of an en- 
closed gas with changes in temperature when the volume remains the 
same. On the kinetic theory we have said that increase in temperature 
means increase in average velocity of the molecules. And if they move 
faster, they should hit harder against the sides of the container. That 
is to say, the pressure should become greater. 

Heat Absorption. — Absorption of heat with rise in temperature 
has already been mentioned in connection with evaporation. It will 
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be recalled that it was pictured as speeding up the molecules. It may 
be noted that this conception is not troubled by the difficulty which 
beset the caloric theory. No change in weight would be expected as 
temperature increased, and the source of the heat in Rumford’s and 
Davy’s experiments was simply friction caused by mechanical work. 

The alternative result of heat absorption, namely, change of state, 
can be pictured just as reasonably. Remember that molecules attract 
each other. Therefore it takes work to pull them farther apart. But 
pulling them farther apart is just what has to be done to effect a 
change from solid to liquid or from liquid to gas. In other words, the 
heat that we called " latent heat ” is expended in increasing molecular 
separation. If this is true, then the latent heat should be given up 
again when the material changes state in the direction of gas to liquid 
or liquid to solid. Experimentally, this is the case, and is the reason 
that steam at 212° F. will burn one much more severely than will 
water at the same temperature, other things being equal. In the case 
of the steam, the skin is subjected not only to the high temperature 
of 212 ° F., but also to the latent heat which is emitted as the steam 


condenses. , 

Expansion. — It seems reasonable to expect that as average veloci- 
ties of molecules increase, that is, as temperature rises, the boundaries 


of the material will be extended. 

Heat Transfer. — With regard to conduction, let us recall the 
former example of the spoon in the hot coffee. In line with the kinetic 

- i* 1 1 U/NT^ri /\r fhp cnnAil 


lormer example ui uic ^ i 

theory, the average velocities of the molecules in the bowl of the spoon 

would increase first, because of their direct contact with the heated 

liquid. More rapid vibratory motion of these molecules would cause 

them to strike adjacent ones with greater force and set them - -ore 

rapid motion. This would continue throughout the length o th 

spoon until finally the molecules at the end of the handle would 

tmveling with a higher average velocity, that is, would be at a hig 


^""’^Tc^expansion with rise in temperature becomes reasonable, then 

hea. IZLly conveccion offars no ditolries, since .ha. ,s Ae pk- 

nomenon upon which it depends. that the 

The Absolute Temperature Scale. - 1 . w.l be ' “ 

zero points on both the Fahrenheit and Onugrade scales of tempera 
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ture were chosen quite arbitrarily and without any physical signifi- 
cance in mind. We shall see that the zero point of the third scale, 
the Absolute, has a very definite meaning in terms of the kinetic 


theory. 

In approaching this scale of temperature, let us consider a hy- 
pothetical experiment. Suppose the amount of gas in the cylinder in 
Fig. 80 is so chosen that, at a temperature of 0° C., its pressure multi- 
plied by its volume will equal the number 
273. These are the starting conditions of 
the experiment and could be achieved by 
varying the amount of gas that was put 
into the cylinder. For our purpose here 
the units involved need not concern us. 

Now given these starting conditions, it 
is an experimental fact, that if the tem- 
perature is lowered one degree to — 1 ° C., 
the new product of pressure and volume 
will be 272. At — 2° C., the product is 
271. It is obvious that if this relationship 
should continue and the material remain 
gaseous, at — 273° C. the product of 
pressure and volume would be zero. 

Now if either one of two quantities is 
zero, then their product is zero, so we 

must inquire as to the physical significance of zero pressure or 
zero volume according to the kinetic theory. 

It would seem that the only way in which volume could become 
zero would be for matter to be annihilated. But this is contrary to 
the evidence that we have for the essential indestructibility of mat- 
ter. For the pressure of a gas to become zero, on the other hand, 
would merely mean that molecules were no longer striking the sides 
of the container. This would be true if they stopped moving, a per- 
fectly reasonable condition in the light of the kinetic theory concep- 
tion of temperature. This implies that —273 ° C. is the lowest tem- 
perature that would be possible since objects that have stopped moving 

cannot be further slowed down. Consequently the name of Absolute 
Zero is certainly a fitting one. 



IF 

PxV-273 whenT=0°C 

THEN 

PxV=272 wl^nT = -l°C 
PxV=271 whenT = -2°C 
PxV=270 when T=-3®C 
AND SO FORTH UNTIL 
PxV*0 whenT=-2730 

Fig. 80 . Diagram illus- 
trating the reason for Ab- 
solute Zero being just 
where it is. 
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We see then, that the kinetic theory provides a temperature scale, 
the zero point of which has definite physical significance. As the 
comparative diagram for all three scales indicates (Fig. 81), the de- 
grees on the Absolute scale are the same size as 

those on the Centigrade, while its zero is 27} de- 
grees below zero Centigrade. 

The lowest temperatures actually obtained in 
the laboratory have been within less than a degree 

of this lowest possible point. 

Brownian Movements. — One other evi- 
dence for the kinetic theory will be mentioned 
briefly. It concerns a phenomenon first observed 
in 1827 by Robert Brown, an English botanist, 
and called '' Brownian movements.” While ex- 
amining, under a high power microscope, mush- 
room spores which were floating on water, he no- 
ticed that they never came to rest but were 
continually in motion in haphazard, zig-zag 
paths of the sort shown in Fig. 82. The kinetic 
theory offers the only explanation of this striking 
occurrence which seems to fit the observed facts. 
Fig. 81. A com- spores behave exactly as we would expect tiny 

particles to behave if they were being continually 
W Absolute tell bombarded from all sides by rapidly movmg mol- 
perature scales. ecules of water. Also, we would expect tee 

gree of agitation to increase the smaller the 
particle. This likewise is true experunentally. 

Dust and smoke particles in the air, micro- 
scopic bits of metal in a liquid exhibit the 
same phenomenon. While this evidence seems 
fairly conclusive and somewhat more direct 
than some of the others that we have dis- 
cussed, it should be noted that it cannot be 
called absolutely direct proof of the kinetic 

theory. In the Brownian movements, one g2. Diagram illas 
does not see individual molecules; one sees „ating Brownian move 
only particles which are aggregations of mol- ments. 
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ecules moving about in a manner that we are able to explain only on 
the basis of the kinetic theory. 

With this we will conclude our discussion of the kinetic theory 
of heat and matter. The question has been considered in some detail 
for two reasons. In the first place, it is important that the reader 
have some understanding of the theory itself in view of the fact that 
it is generally accepted at the present time. In this connection, the 
reader should be reminded that so far we have been interested in the 
problem of the nature of matter only from bulk matter down to 
atoms and molecules. A little later we will concern ourselves briefly 
with the inside of the atom. In the second place, the theory has been 
considered as another example of the way in which scientific hypothe- 
ses come into being and grow, being constantly tested in the light of 
new experimental facts. 

The next several chapters will concern a number of specific mate- 
rials about which man has had to learn in order to bring about his 
present environment. 


Chap. 14] 


Questions 

Discussion 

1. Distinguish between heat and temperature. 

2. Draw a diagram of Galileo’s original thermoscope and show how its 
operation differed from that of a modern mercury thermometer. 

3. Name and discuss the operation of two temperature-measuring devices 
which are based on some other principle than the expansion of a material with 
rise in temperature. 

4. Three temperature scales were discussed in this chapter; within what 
range must a temperature be that is positive on two of the scales and negative 
on the third? 

5 . Express normal body temperature on all three scales. 

6 . Define the calorie and the British thermal tmit. 

7. How many calories are required to equal one B.t.u. ? 

8. Under what sort of conditions is it possible for a material to absorb 
heat and still not increase in temperature? 

9. Draw a diagram of a simple type of thermostat and explain just how 
it is possible to use temperature changes to turn an electric current on and off. 

1 0. Mention three methods of heat transfer and discuss the two taken up 
in some detail in this chapter. 

11. State the basic assumptions of the caloric theory and discuss the ex- 
perimental evidence which led to its abandonment. 
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12. State the basic assumptions of the kinetic theory of heat and matter. 

13. Show how the kinetic theory accounts for the experimental facts 

which could not be explained by the caloric theory. 

14. Discuss the relationship between the kinetic theory and the experunen- 

tal facts in connection with the following: 

a. Compressibility of matter in the various states. 

b. Diffusion of matter in the various states. 


c. Boyle’s law. 

d. Absorption of heat with and without rise in temperature. 

e. Brownian movements. 

1 5 . Under conditions such that the product of pressure times volume for 
a gas equaled zero, why should one assume the pressure to be zero rather than 

the volume? , ■ j c ' 

16. What is the physical significance of the 273 that appears m a defim- 

tion of the Absolute scale of temperature? 


Multiple Choice 

1 If of any two good thermometers hanging side by side, one reads above 
JindW ctL wL, Wh,ch of tk following (one or more) k 

two LruJnts could be Abtolute and Fabr.nhe.t retpecttvely. (c) The 

Ipe^rre mutt be below zero Fahrenheit, (d) The ™ 

any two of the three types, (e) The temperature must be lower than 

'"’f “to explanation of the fact that a mg feels warmer than the wooden 

vaporization, (c) heat co container is heated from room 

5. A given amount „pa„sion of the container, 

:Sg"ol “nef,-; theo^ (a) the gas h- ^ 

rSrdual molecules of tk *■- t 

mIukrs“m'^X(er.He"»- » O'' “0“ 

decreased. i j • , r,,,:. rellar on a cold night might be 

4. large vessels of water placed m a the 

expected to (a) p 

freezing of the fruit, (c) maxe tne itu , . , aooear to be con- 

' Lt all of tk following di.»venes wheh . mA appmt ^ 

tradictory to the kinetic theory. 1 „.kt. (0 A 

antigrade, (b) Two sohi that would diS^^^ ^ „ 2 , 2 » F. than 

greater force of attraction etween /jy ^ material in which 

Ltween two of water at the same temperature. W 
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all molecular motion stopped at 0*^ F, (e) A solid which absorbed heat as i' 
changed to a liquid. 

True-False 

1- Water at a temperature of 400® Absolute would ordinarily be steam 

2. The heat that a substance absorbs in changing from a liquid to a ga 
Is believed to be used in increasing the average separation between molecules 

3- If the water in the bottom of a vessel became heated due to the ap 
plication of a blowtorch to the siurface, the principal method of heat transfe; 
would be conduction. 

4. If the product of pressure and volume of a certain mass of enclose< 
gas equals 819 at 0® C., it would equal 759 at — 20® C, 

5. In the phenomenon of Brownian movements, the observer actually see 
molecules darting about in a zig-zag fashion. 

6. The vacuum between the walls of a thermos bottle is primarily for th 
purpose of preventing heat transfer by radiation. 

7. The fact that the rate of evaporation of a liquid increases with rise ii 
temperature constitutes one of the chief bits of evidence contradictory to thi 
kinetic theory, 

8. If the temperature of an enclosed mass of gas is kept constant and thi 
pressure tending to compress it is doubled, the volume will be reduced to one 
fourth its original value. 

9. Caloric was assumed to have negative weight in order to account fo 
the fact that heating a substance does not make it heavier. 

10. A substance at Absolute zero could be said to contain no heat energy 
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IR AND WATER 


IF all the substances in the world, these two unquestionably rank 
rst in importance to the human race. Man can live longer without 
tiy other material than he can without air, while second in order of 
eed for survival comes water. It is natural that they should be the 
rst specific substances to be considered in the " Man and Materials 

ortion of this book. 

Air 

The atmosphere in its relation to the earth was discussed In Chap- 
er 7. Here we will be concerned with air as a material substance and 
IS it is related to man, taking up first its properties as a gas and then 
ts a liquid. Finally, we shall consider briefly its various constituents. 


Properties as a Gas , , r • t 

The ancient world, it will be recalled, thought of a.t at one o 

the four elements. Today we recognite that it ts neither an elemen 
nor a compound but a miMute. All of its fixed constituents but 
“ elements and that one it a compound. The percentage composi- 
tion of ait is given back on page 11 «. . ,11 „,1,„ sub- 

°"'1ht^^hastTg^'C‘"h^nm 'ar^ys recognized this 

:::rg":f ait fj a^ong thne -^“"e ■ 

seemed to of water weighs more 

Tlp^Iucket so a flask full of air weighs more than one 
th" hTs been evacuated. At ordinary temperatures and pressures air 
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which it rests. Air, which we have found to be piled up to a height 
of many xniles, pushes down on every square inch of surface at sea 
level with an average force of about 14.7 pounds. This is true of the 
earth’s surface as well as of that of any object on the earth. The 
reader’s own body, for example, is constantly being subjected to this 
samp pressure, which amoimts to more than a ton for every square foot 
of body surface. 

Tlie measurement of this atmospheric pressure is of considerable 
importance. We have already seen the part it plays in weather fore- 
casting in our earlier discussion of that subject. The first device for 




SOIndns 


Fig. 83. Diagrams illustrating Torricelli’s con- 
struction of the first barometer. 

making such measurements was constructed in 1634 by an Italian 
scientist named Torricelli who had been one of Galileo’s pupils. Tor- 
ricelli’s experiment is pictured in the three parts of Fig. 8 3 . Taking 
a long glass tube which was closed at one end, he filled it with mer- 
cury. Then he inverted it in an open dish of mercury, while hold- 
ing Ins thnmb over the open end. When he removed his thumb he 
di^vered that the mercury in the tube did not all run out but merely 
dropped to a point about 30 inches above the surface of that in the 
dldtf In arriving at a temative explanation of this phenomenon, Tor- 
tt^soned that since there was a vacuum above the mercury in 
the tube, and ordmary air above that in the dhh, the SO-inch column 

of rn^cury pmbaldy just balanced, or wdghed the same as, a column 
of air cd shme 





readhlng to the top of the at- 

tdie aiad the -nr^Mi 
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to be taken to the top of a mountain, the mercury column should fall 
since there would be less air above it to be balanced. Performance of 
this test experiment completely substantiated the theory. And so 
there came into being the first barometer. The mercury barometer 



Fig. 84. Mod- 
ern mercury 
barometer. 


of today as pictured in Fig. 84 operates on the same 
principle and has the same essential features as the 
simple one discussed above. More familiar to the 
average person is another type called the aneroid ba- 
rometer. In this instrument, a flexible metal dia- 
phragm which forms one side of a partially evacu- 
ated box moves back and forth with changes in the 
pressure of the atmosphere. These movements are 
transmitted through a system of levers to the pointer 
which registers on the circular dial. Even here the 
units on the dial are usually in terms of the height in 
inches of mercury. An aneroid barometer reading of 
29 means that atmospheric pressure at that time would 
balance a column of mercury 29 inches in height. It 
is this type of instrument that is frequently given a 
different kind of dial and used as a " storm guide ” or 
weather prediction device. The part that atmospheric 
pressure plays in weather forecasting was discussed to 
some extent in Chapter 7 . One point may be empha- 
sized again in this connection. While it is true that 
the kind of weather that we call bad is usually pre- 


ceded by decreasing atmospheric pressure, yet it should be remem- 
bered that there are many factors which enter mto the production 
of our weather. An instrument that reacts to only one of these can- 
not be expected to be completely reliable as a basis for weather for- 


It may also be noted that the common type of altitude measu - 
ing device or altimeter is simply a barometer, usually of the aneroid 
type If, as already described, the barometer reading decreases as the 
instrument moves up a mountain, then the device could be used to 
measure the height of the mountain once the rate of decrease of th 
readings was known. The great disadvantage of such an altime 

when used in aviation is that it gives the height above the place fro 



263 


Chap. 15] air and WATER 

which the plane started, and not that above the terrain over which it 
is flying at any given time. If the instrument was set at zero for the 
airport from which the plane started, a reading of 6,000 feet simply in- 
dicates an altitude of 6,000 feet above that airport. It is of no help in 
avoiding a 10,000-foot mountain that the plane may be approaching. 
There are, however, altimeters that register actual height above the 
portion of the earth over which the instrument is located. 

Properties as a Liquid 

Air in liquid form has come to be of considerable importance to 
man. Everyone is familiar with the fact that one way to change a 
gas to a liquid is to lower its temperature. When steam is cooled 
below 212° F., it changes to water. It will be recalled from an earlier 
discussion that on the basis of the kinetic theory, the difference be- 
tween the gaseous and liquid states of a substance is primarily one of 
average distance between molecules, the separation being less in the 
case of the liquid. So it is obvious that increase of pressure on a gas 
should also help to transform it into a liquid, because this would force 
the molecules closer together. By combining low temperatures with 
high pressures all known gases have been liquefied. In the case of the 
mixture of gases which we call air the liquefaction point is about 320 
degrees below zero Fahrenheit. Below this temperature it is a clear 
bluish liquid which has a density slightly less than water. 

One of the most important uses of liquid air is in connection 
with the preparation in pure form of certain of its individual constit- 
uents. To illustrate the process, let us suppose that four liquids A, B, 
C, and D which have boiling points of 175° F., 125° F., 100° F., 
and 150° F. respectively, are mixed together and we wish to separate 
them. If the mixture should be heated to some temperature between 
100° F. and 125° F., say 110° F., liquid C and C only will boil. If 
this vapor is collected and condensed, C will have been separated from 
the others. Then when all of liquid C has been evaporated, the tem- 
perature can be raised to a point between 1 2 5 ° F. and 1 5 0 ° F. and held 
constant while B vaporizes. Then, liquid D can be separated from A, 
completing the process. Since liquid air is just such a mixture of liq- 
uids with different boiling points its constituents can be separated in 
this manner. The process, which is called fractional distillation, is an 
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important commercial method of manufacturing several of the con- 
stituent gases of the atmosphere. 

Liquid air also is used as a refrigerant in various laboratory pro- 
cedures where very low temperatures are desired. In this connection 
it is worth noting that the properties of most substances change quite 
radically when they are subjected to such temperatures. Among the 
more spectacular demonstrations of such changes when the material is 
immersed in liquid air are the following. Mercury freezes and can be 
cast into a hammer, or other solid object. Alcohol also freezes and 
can be made into a candle which will burn much like the ordinary 
wax variety. A cigar or piece of charcoal dipped in liquid air and then 
lighted will burn explosively. Rubber becomes hard and very brittle. 
Lead wire becomes so elastic that it can be made into springs, while 
bells made from lead give ofil pleasing musical tones when at the tem- 
perature of liquid air. 


Constituents 

Qxygen. — In view of the fact that we have to breathe oxygen in 
order to live, in addition to being more than half composed of it, we 
can safely call it the most important constituent of air. Its discovery 
as a separate gas is usually credited to the English chemist-clergyman, 
Joseph Priestley, who first prepared it in 1774 by heating mercuric 
oxide. Priestley, incidentally, was an Englishman who strongly cham- 
pioned the cause of the American colonies and consequently was forced 
to flee to this country. In this way, the United States, because of the 
Revolutionary War, in a sense received one famous scientist m ex- 
change for another, the Count Rumford who was mentioned m the 


preceding chapter. , . , • j -ii 

Oxygen in its gaseous form is slightly heavier than air and wiU 

dissolve to a small extent in water. It is this dissolved oxygen that fish 
employ in r«pir«ion. As ha, already been mentioned, oxygen ts nsed 
as dte standard in our scale of atomic weights, bemg assigned a value 

ofl«. It liquefies at a temperature of —297” F. 

Oxygen occurs widely in nature making up some 21 per cent 0 

the atmosphere, about 47 per cent of the earth’s 

net cent of the human body. Except for the oxygen ,n the atm<» 

phere, essentially aU of it i, chemically combtned with other 

Stances. 
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The general process which we call oxidation is the combining of 
oxygen with some material. When this reaction occurs so rapidly that 
light and comparatively large amounts of heat are given off, we give 
it the special name of combustion or burning. Cases of oxidation that 
proceed less rapidly include rusting or corrosion of metals, respira- 
tional processes, and organic decay. In all of them heat is being given 

off, the rate increasing with the speed of the reaction. 

Oxygen may be prepared in the laboratory by heating mercuric 

oxide, the method used by Priestley, or by heating potassium chlorate 
(KCIO3) which has been mixed with manganese dioxide (MnO^O. 
The principal commercial method of preparing the gas is by fractional 
distillation of liquid air, as described earlier m this chapter. Some 
commercial oxygen is also made by a process known as electrolysis of 
water. In this method an electric current is passed through water 
as a result of which it breaks down into hydrogen and oxygen. The 
reaction is described chemically by the relation we used back in Chap- 


ter 13 as our first example of a chemical equation. 

Most of the oxygen manufactured commercially is used with such 

devices as the oxy-acetylene torch in the welding and cutting of met- 
als. It also finds certain applications in the manufacture of oils for 
paints, in various metallurgical processes, and to some extent as an 

explosive agent. 

Nitrogen. — Nitrogen was discovered in connection with some ex- 
periments being made about 1772 on the portion of air that remained 
after animals had been confined in it for some time. Chemically, ni- 
trogen is very inactive. It is a little lighter than oxygen, having an 
atomic weight of 14. In addition to making up almost four-fifths of 
the atmosphere, it is found in the earth in combination with certain 
other substances. The nitrate beds of Chile constitute an outstanding 
example of such a deposit that has great commercial importance. 
Nitrogen is prepared commercially by the fractional distillation of 
air and from deposits such as those mentioned above. Its principal 
use to man is as the inert element which dilutes the oxygen in his at- 
mosphere. As a constituent of ammonia it is important in refriger- 
ants and commercial fertilizers. Nitrogen also occurs in many kinds 
of explosives. 

Carbon Dioxide. — This compound, which also was discovered 
by Joseph Priestley, composes about .05 per cent of the atmosphere. 
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Commercially it is prepared chiefly as a by-product of the fermenta- 
tion industries. Important applications of carbon dioxide include its 
use in fire extinguishers, in carbonated water, as the medium by which 
bread and cakes are made " light,” and as the modern refrigerant 
which we know popularly, though somewhat inaccurately, as " dry 
ice.” 

Rare Gases. — Included in this group are argon, helium, neon, 
radon, xenon, and krypton. Argon, which has an atomic weight of 40, 
is extremely inactive chemically and finds its principal use as a substance 
to put in electric light bulbs to reduce the rate of oxidation of the 
filament. It makes up about 1 per cent of the atmosphere. The others 
are present in air in very small amounts. The use of helium in bal- 
loons is familiar to everyone. A newer application for it is in con- 
nection with deep sea diving or other occupations where the worker 
is subjected to great pressures. It has been found that if such men 
are supplied while at work with a synthetic atmosphere of oxygen and 
helium instead of with ordinary air, the ill effects attendant on their 
return to ordinary pressures are greatly reduced. Neon finds its chief 
application in the neon signs of modern advertising. Radon is a gas 
that has radioactive properties like those of radium. No important 

commercial uses for xenon and krypton are known at the present time. 

« 

Water 

The importance of water to man need not be further emphasized. 
In discussing it we shall proceed much as we did m the case of air, 
taking up first the material as a whole and then considering the one 

constituent of water that has not already been described. 


Occurrence 

Water may be said to occur essentially everywhere in nature. 
We have previously mentioned the fact that it covers somethmg lie 
three-fourths of the earth's surface and saturates a layet of rock under 
practically all the test. It is sometimes spoken of as the Great Toutn 
Lcause it falls to the earth as some form of precipitatmo, ^thers mm 

111 streams which then How into Urger 

lakes and oceans, and finally evaporates after whtch tt n ® f 

another round trip. The role played hy water m dte formation 
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weather was discussed in Chapter 7. Water makes up an appreciable 
part of most materials and objects in the world, including ourselves. 
It constitutes, for instance, some 70 per cent of the human body, about 
90 per cent of the brain, approximately 60 per cent of beef, 8 5 per cent 
of milk, 90 per cent of watermelon, and 9S per cent of cucumbers. 


Properties 

Water is a compound, the chemical formula for which, H.O, 
we have already used. Being a compound it has the property of defi- 
nite composition. In pure form at ordinary temperatures it is a clear, 
odorless, tasteless liquid. Its density is such that 1 cubic foot of it 
weighs about 62.4 pounds, or 1 cubic centimeter, 1 gram. The lat- 
ter figure, as was pointed out previously, was originally used in defin- 
ing the gram as a unit of mass. On the Fahrenheit temperature scale 
water freezes or solidifies at 32“ F. and boils or vaporizes at 212“ F. 
It will be recalled that its freezing and boiling points were used as the 
defining temperatures of the Centigrade scale, being called 0“ C. and 
100° C. respectively. In its pure form it is a very poor conductor of 
both heat and electricity. Lest one infer from this statement that 
there is no truth in reports that people have been severely shocked or 
electrocuted as a result of touching a defective light switch while 
standing in the bathtub, it should be emphasized that the above ap- 


plies to water which contains no 
impurities. Various materials 
dissolved in water render it elec- 
trically conducting and the dan- 
ger increases with the area of 
the body that is made conduct- 
ing. 


4* C= Tamperatunz Greatest Demity 



The experimental fact that, 
in general, substances expand 
with rising temperature was dis- 


C = 4^ 6" 7® 5® 9® 10^ //• 

Fig. 8 5. Diagram showing schemat- 
ically the manner in which the vol- 


cussed earlier in this book. Wa- °f ^ given mass of water varies 

ter is of particular interest in temperature. 


this connection because of its rather peculiar behavior. This behavior 
is illustrated in Fig. 85. At the left of the diagram there is shown a 
glass graduate containing water which is just above freezing. From 
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left to right in the figure there is pictured the volume which this water 
occupies at increasing temperatures. It will be noted that as the tem- 
perature rises from freezing to 4° C. or 39.2° F., the water contracts. 
At 4° C. it occupies the least volume, expanding again from 4° C. on 
up. Thus 4° C. or 39.2° F. may be said to be the temperature of great- 
est density for water. In other 



Fig. 86. The conventional volume- 
temperature curve for a given mass 

of water. 


words, it is the temperature at 
which any given volume of wa- 
ter has the greatest weight. In 
the diagram in Fig. 85 the 
amount of the volume change is 
somewhat exaggerated in order 
to make the phenomenon clear. 
Actual data were used in plot- 
ting the graph shown in Fig. 86. 
Here the same sort of result is 
indicated in more conventional 
form. 


Another unusual characteristic possessed by water h its behavior 
during solidification. It was pointed out m Chapter 8 m connection 
with the discussion of the erosional work of water that when it freezes 
it expands to approximately 11/10 of its liquid volume. Most com- 
mon substances, on the other hand, contract during solidification m- 
stead of expanding. One of the reasons that gold and silver corns 
are stamped out instead of being made in molds is the fact that as 
these metals change from liquids to solids, they contract Thu means 
that they would draw away from the corners of the mold and fail o 
reproduce accurately the desired design. The rather peculiar behavior 
of water in this respect has several important consequences for us. 
Among the more undesirable ones are the results of its freezmg in 
water pipes, china pitchers, or automobile radiators. Fortunate y, 
these are more than outweighed by one other result. If water con^ 
tracted upon freezing, ice would have a greater density than water and 
sl would sink to the bottom of a lake or pond instead of floating on 
the surface Such bodies of water would freeze from the bottom up 
instead of from the top down. Since water is a poor conduaor 

/a :t::f .hl/ouia h,. , uyer of ic. a, .he bo.»n. d..ousho„. 
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the entire year. Such a state of affairs would have very serious effects 

on the existence of life upon the earth. 

One other property of water that should be mentioned is the fact 

that it is the best solvent known. In other words, larger amounts of 
more different things will dissolve in water than in any other known 
liquid. In the annals of alchemy there is an ancient story to the 
eflFect that many men spent long years looking for a universal solvent, 
that is, a liquid that would dissolve indefinitely large amounts of all 
materials. According to the tale, the search came to an end only when 
some individual became curious as to what the alchemists expected to 
use as containers for this wonderful fluid after they found it. No 
such magic liquid has ever been discovered, but water comes nearer 
than any other to meeting the qualifications. 

Chemically water is a very stable compound. It does not readily 
break down into its constituents even under extreme conditions. Even 
when raised to a temperature of 3,600° F., less than 2 per cent of 
water molecules are dissociated into their constituent parts. Water 
combines with certain oxides of non-metals, such as carbon dioxide 
(CO 2 ) , and sulfur dioxide (SO 2 ) to form acids. In the first of these, 
the product is carbonic acid (H 2 CO 3 ), one of the erosional agents 
discussed in Chapter 8 . 


Composition 

The ancient world thought of water as an element along with 
fire, air, and earth. It was not until some years after Priestley’s dis- 
covery of oxygen, that the true nature of water became known. 
About 1795 Henry Cavendish performed an experiment in which an 
electric spark was generated in a closed vessel containing a mixture of 
hydrogen and oxygen. He found that water was formed and that 
the gases had been used up in the ratio of two volumes of hydrogen 
to one of oxygen. Thus, water was established as the compound which 
we designate by the formula H 2 O. The only other common com- 
pound of hydrogen and oxygen is hydrogen peroxide, which has the 
formula H 2 O 2 . At one time this substance was thought to be an ex- 
cellent antiseptic, but it was probably considerably overrated in view 

of the fact that it is very unstable and rapidly breaks down into water 
and oxygen. 

Many materials which are not part of the compound are found 



270 


MAN AND MATERIALS 


Rain 




Rwcr 



Spwnc 



bup WUL 



Sea (x 80 ) 



[Chap. 15 

in natural waters. The relative total amounts of these substances as 
they occur in several different kinds of natural water are shown in 
Fig. 87. It will be noted that even rain water, which one ordinarily 
thinks of as being comparatively pure, contains appreciable amounts 
of foreign materials. These include dust and bacteria in suspension, 

and carbon dioxide (COj), sulfur dioxide (SO 2 ), 
ammonia (NH3), nitrogen, and oxygen, in solu- 
tion. The materials found in spring and well wa- 
ter depend on the composition of the rock layers 
which the water has encountered in flowing over 
and through the earth s crust. Consider, for ex- 
ample, some rain water which has acquired a cer- 
tain amount of carbon dioxide in solution. This 
constitutes carbonic acid, which will attack lime- 
stone. Therefore if the water flows through lime- 
stone, a reaction occurs which results in the for- 
mation of calcium bicarbonate, the mineral found 
most frequently in so-called hard water. 
Other materials commonly present in spring and 
well water include the carbonates and sulfates of 
magnesium, sodium, potassium, iron, and alumi- 
num. Oxides of silicon, iron, and aluminum often 
occur in suspension. River water generally con- 
tains, in addition to the above, organic matter which results from de- 
cay. Ocean water, as the diagram indicates, contains on an average 
something like eighty times as much dissolved matter as does deep wel 
water. It has been estimated that every cubic mile of ocean water co 
tains something like 175,000,000 tons of chemical combinations ot 

gold, silver, copper, magnesium, aluminum, calcium, 

Ld other ntaterialt. having a total value of around five b.Uton dollar . 
Because of the extremely low concentration, wit one excep ion, 
not been economically feasible thus fat to try to extrac the 

stances. The exception is bromine, which for some years n 

Chemical Company has been removing from ocean water in a plan 
lotted in Wilmington, North Carolina. As a by-product of btom.n 

production enough gold has been taken ftom the 
Lke one small pellet. The company's success with bromine 


Fig. 87. Diagram 
illustrating the 

comparative 

amounts of sub- 
stances dissolved 
in various kinds 
of natural water. 
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tion has led it to plan the construction of a plant to remove magnesium 
from the waters of the Gulf of Mexico. 


Uses by Man 

As a Solid. — Water is one of the few substances that man knows 
familiarly and makes use of in all of its three states. As the solid that 
we call ice, it finds its principal use in the field of refrigeration. Fran- 
cis Bacon is credited with having been among the first to suspect the 
possibilities of ice in the preservation of food. There is a story to the 
efiect that one day in 1626 while on a trip he had the coachman stop 
at a farmhouse where he purchased a chicken, killed and dressed it, 
and then stuffed it with snow to discover whether in this way it could 
be preserved for a longer time than usual. From the standpoint of 
refrigeration of food the experiment was a complete success. Bacon, 
however, as a result of the investigation, is believed to have con- 
tracted bronchitis from which he died. The ice industry in the United 
States attained no importance until a little after 1800. At that time 
a yellow fever epidemic was raging in the West Indies. It occurred 
to a wealthy New Englander, named Francis Tudor, that a boatload 
of ice would be very useful to the doctors engaged in battling the dis- 
ease. In spite of the ridicule of his friends, all of whom were quite 
certain that the ice would be entirely melted long before it reached 
the West Indies Tudor proceeded to load a boat with ice and start it 
off. He had made something of a study of methods of preserving ice 
by proper insulation and the venture was very successful, both as an 
aid in combating the epidemic, and as the beginning of a profitable 
tropical ice business. 

As a Liquid. — Man’s uses of water, the liquid, are primarily three 
in number, namely, for drinking, washing, and the production of 
steam in boilers. The impurities we have already mentioned, in addi- 
tion to various others, may render natural water unfit for any or all 
of these purposes, and so must be removed. 

In the case of drinking water the chief problem is to guard 
against disease-producing bacteria. Since these bacteria can be seen 
only with the aid of a microscope, a clear and sparkling appearance 
cannot be taken as a guarantee of purity in water that is to be used 
for drinking purposes. Most water-borne diseases are caused bv bac- 
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teria which get into the water with sewage. For this reason the im- 
portance of water purification increases as centers of population be- 
come more and more crowded. Water that is absolutely pure can 
be prepared only by distillation. However, since bacteria causative of 
disease are not dissolved in the water but simply carried in suspension, 
cheaper methods of purification can be employed. The two processes 
which are used on a large scale are filtration and chlorination. The 
filters are usually large beds of sand or gravel which strain out the 
bacteria as the water seeps through. Certain chemicals are often 
added in order to speed up the process. Treatment of drinking water 
with chlorine constitutes the cheapest method of purification where 
large quantities of water are desired. Although the process was not 
used in this country until 1913, today more than half of the country’s 
population drink chlorinated water. The chlorine, which acts as a 
poison to the bacterial cells, need not be present in concentrations 
greater than 7 parts per 1 0 million gallons of water. It is largely be- 
cause of the adoption of purification practices that typhoid fever has 
been reduced from a major to a minor disease in America. Deaths 
from it in the United States have declined from about 36 per 100,000 
population in 1900 to 2.8 in 1935, and in Canada from 10 in 1921 to 
2.3 in 1936. Illness and death from other water-borne diseases have 


decreased similarly. 

The impurities which render water unfit for washmg and steain 
production are dissolved materials, principally salts of calcium an 
maenesium. «'ater which contains these substances in comparatively 
high percentages is said ,o be " hard ” and the proce^ of softenmg 
consists in removing them. If water can be softene y t ' W ‘ 
tion of heat alone it is said to be of temporary hardness. Such »aKr 
contain the magnesium and calcium salts known as b, carbonates. 
Heating the water causes decomposition as illustrated in the following 

equation for calcium bicarbonate 


Calcium bicarbonate 

Ca(HC 03 )., 


Calcium carbonate -f Water + Carbon dioxide 

CaCOj + H.,0 -f CO, 


The calcium carbonate is Insoluble in water and so -k' 
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and so such water is said to be of permanent hardness. It can be soft- 
ened by chemical treatment only. The disadvantage of dissolved ma- 
terials from the standpoint of washing is simply that a lather cannot 
be worked up in water containing them. When such water is turned 
into steam in boilers, the compounds that were in solution are depos- 
ited on the inside of the boiler tubes tending to clog them up and re- 
duce the boiler’s efficiency. It has been calculated that as little as a 
quarter of an inch of such scale will increase fuel consumption by 
something like 5 0 per cent. 

In addition to its uses in washing, drinking, and steam produc- 
tion, water serves man in at least two other ways that should be men- 
tioned. One of these is the very practical service it gives as the sub- 
stance upon which he floats the boats of the world. The other is as a 
sort of scientific yardstick. We have seen already that the Centigrade 
scale of temperature uses the freezing and boiling points of water as 
its fixed temperatures, that definitions of the gram and ounce are in 
terms of water, and that units of heat, such as the calorie and British 
thermal unit, are also so defined. In addition to these, water is used 
as the standard substance in defining specific heat and specific gravity, 
which are respectively, measures of relative rates of heating and rela- 
tive densities of substances. 

As a Gas. — Water in its gaseous form, steam, serves man chiefly 
in two ways. The more important of these is as the working sub- 
stance in the steam engine, one of the devices by which man trans- 
forms heat energy into mechanical energy. This application will be 
considered in some detail in a later chapter on heat engines. The 
other use is in the heating of buildings. As we saw in Chapter 13 
considerable quantities of heat are required to change water into steam 
and these same amounts are released when the steam condenses. In 
this way a building may be heated by converting water into steam in 
the basement and then conducting that steam through pipes to radia- 
tors located in the various rooms, where the condensation occurs. 

Heavy Water 

A substance called “ heavy water ” has received a considerable 
amount of scientific attention and some popular publicity in recent 
j^ears. Our discussion of it at this point necessarily will be rather in- 
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complete, since the manner in which it differs from ordinary water is 
one of internal atomic structure. It will be recalled that hydrogen 
was said to have an atomic weight of 1.008 and the impression was 
probably left with the reader that all hydrogen atoms are alike. For 
most purposes such an idea is quite satisfactory, but here is a place 
at which we must be a little more exact. As a matter of fact, there 
are three separate and distinct kinds of hydrogen atoms having atomic 
weights of 1, 2, and 3 respectively. Since considerably more than 
99 per cent of the total consists of the first kind, the average atomic 
weight of all is just a little more than 1, namely the 1.008 mentioned 
above. To be exact, about one in 5,000 has a weight of 2. Although 
the '' atomic weight 3 ” variety does not exist naturally, it can be made 
artificially. The reader with some knowledge of chemistry will rec- 
ognize that here we are describing isotopes of hydrogen. The ques- 
tion as to why atoms that weigh almost two and three times as much as 
the average should still be called hydrogen is one that will have to be 
saved for a later chapter in which various matters concerning atomic 
anatomy are discussed. It will be obvious, however, that if a mole- 
cule is composed of one atom of oxygen and two atoms of hydrogen 
of the ” atomic weight 2 ” variety, it will be somewhat different from 
a molecule of ordinary water. This " heavy hydrogen ” is called deu- 
terium and the heavy water formed by its combination with oxygen 
designated by D.O to distinguish it from H,0. The density of heavy 
water is about 10 per cent greater than that of ordinary water, t 
freezes at 3.8= C. and boils at 101.4° C. It has been shown to be 
poisonous to many plants and animals. Various seeds will not sprout 
in it. Fish, tadpoles, and worms have been known to die from drmk- 
ing it. Several investigators have tested its effects on themselves y 
drinking small amounts of it daily. Tha only nMcaable r«ult te 
been a slight slowing down of the metabolism. This has ed to t 
semi-serious suggestion that individual, might possib y prolong their 
lives a little by drinking heavy water as they grow older. 


"e two constituent, of water, one w„ 

Fnelish Lentist Henry Cavendish. He found it could be prepared 
by pouring either sulfuric or hydrochloric acid on non, tm, or zmc. 
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Hydrogen is the lightest of all the elements, having an atomic weight 
of 1.008. It is highly inflammable. It liquefies at — 422.8° F. and 
solidifies at — 434.45° F. Hydrogen occurs very widely in nature, 
mostly in chemical combination with other substances. In addition to 
being present in water, it is a constituent of all carbohydrates, fats, 
proteins, alcohol, acids, and many other compounds. It will be recalled 
from the discussion in Chapter 7 that at high altitudes free hydrogen 

makes up a high percentage of the atmosphere. 

Most of the hydrogen used industrially is prepared either by elec- 
trolysis of salt water, or by passing steam over heated carbon, usually 
in the form of coal. Commercial uses of the gas are varied in nature. 
One is in the process called hydrogenation. Applied to the manufac- 
ture of vegetable cooking fats, this consists in bubbling hydrogen 
through a liquid fat such as cotton-seed oil. The resulting reaction 
forms a semi-solid fat of the sort that is so widely used today in cook- 
ing in place of lard. Another application of hydrogenation is in the 
manufacture of synthetic gasoline, a process that is discussed in the 
next chapter. Hydrogen also finds some use as a so-called reducing 
agent. Chemically, the process of reduction may be defined for our 
purposes as essentially the opposite of oxidation. That is, reduction 
consists in removing oxygen from a substance. If hydrogen is passed 
over hot copper oxide (CuO) , the reaction described below occurs, 

Copper oxide -}- Hydrogen Copper -|- Water 

CuO + H 2 Cu + H 2 O 

It will be noted that the hydrogen acts as an agent which removes 
the oxygen from the copper oxide, thus reducing it; also, the hydro- 
gen was oxidized. It is true in general that any reaction which in- 
volves one of these processes also involves the other. In Chapter 17 
on Metals and Alloys we shall find that reduction is a very important 
metallurgical process. 

Questions 

Discussion 

1. The ancients considered air to be one of four elements; what were the 
other three? 

2. Describe in detail the experiment by which Torricelli demonstrated 
that the atmosphere exerts a pressure. 

3. Explain just how Torricelli could have used his mercury barometer as 
an altitude-measuring device. 
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4. Suppose an aneroid barometer which reads 30 is placed in a jar that 
can be evacuated; what changes would you expect to see take place in the 
instrument’s reading as the air is pumped out of the container? Explain. 

5. The reading of 30 referred to in the preceding question would be in 

what kind of units? 

6. Discuss the barometer as an instrument on which to base weather pre- 
dictions. 

7. Explain fully the process of fractional distillation. 

8. Look up some additional facts about the life and work of Joseph 

Priestley. r • • 

9. List the various elements in the atmosphere in order of increasing 

atomic weight. 

10. Define oxidation and relate it to combustion and corrosion. 

11. Find out what the phlogiston theory was and why it was abandoned. 

12. Look up information about one or two commercial uses of oxygen 

other than those suggested in this chapter. 

13. Find out what sublimation is. « j * » 

14. Find out something about the manufacture of solid CO, or " dry ice, 

preferably by visiting a plant where it is made. 

H. Reconcile the statement, "CO, is the medium by means of which 

bread is made ' light,’ ” with the one, " Part of the efficiency of CO, as a fire 

extinguisher lies in the fact that it is heavier than air.” 

1 6 At what temperature on the Fahrenheit scale would a quart of water 

weigh the most? Explain. ^ , , 

17. Does the fact that water is used in hot-water heating systems imply 

that it must be a good conductor of heat? Explain. 

18 Distinguish between so-called " hard ” and soft water. 

19. Discuss two methods of large-scale water purification. 

20. Name as many scientific quantities as you can whose definitions de- 
pend in some manner or other on water. 

21. Find out something about the water system of some large city. 

22 Describe in detail the water system of your own locafity. 

« hyarogen in tk. .on»ph.re .f 

‘ *^4 ’^Mn. re<kc"tion Ind find L use of Mfng'n » > reducing igent othei 

'^“‘lTo:e 

chapter. 

““I'C X' ■ - 77 ,“ 77 ,'L'"n; 

llVol .^Mowing nsigh. ’one prefix .he adjecrive " do. " 
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nd have a synonym for " rusting ”? (a) Reduction, (b) Electrolysis, (c) 

Ixidation, (d) Phlogistonation, (e) Calcification. 

3 At which one of the following temperatures would 50 pounds of water 

,ccupy the least space? (a) 1° C, (b) 50° F., (c) 50° C, (d) 40° F., 
e) 99 ° C. 

4, List all of the following that are true of the equation: 

CuO -|- Cu -|- H 2 O 

a) Represents an important laboratory method of preparing hydrogen. 

b) Represents an important commercial method of preparing hydrogen. 

c) Is balanced, (d) Involves both reduction and oxidation, (e) Involves 

leither reduction nor oxidation. 

5. Water (one or more) (a) may be said to be a mixture of hydrogen 
nd oxygen, (b) possesses the property of definite composition, (c) in a pure 
orm is a poor conductor of heat, (d) contracts as it cools from 95 C. to 
° C., (e) is the only known substance composed of just hydrogen and 


'xygen. 


Prue-False 

1. All oxidation processes generate heat. 

2. A mercury column approximately 60 inches in height would be neces- 
ary in order to balance a pressure of 22 pounds per square inch. 

3. Liquid air boils at absolute zero. 

4. All combustion is oxidation, but not all oxidation is combustion. 

5. Argon, neon, krypton, xenon and helium together constitute less than 
' per cent of the atmosphere. 

6. More than 50 per cent of the reader is water. 

7. Water of permanent hardness is differentiated from that of temporary 
lardness on the basis of the number of bacteria present per unit volume, 

8. The principal reason for the use of chlorination in addition to filtra- 
ion is that the latter will not remove disease-causing bacteria which are dis- 
olved in the water. 

9. Reduction and hydrogenation are synonymous terms. 

10. A molecule of heavy water contains four atoms instead of three as in 
he case of ordinary water. 
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The period in which we live has been given many different titles by 
people who wished to emphasize one phase or another of modern life. 
Such names as Electrical Age, Iron Age, Age of Rubber, Age of Plas- 
tics, are heard frequently. A good case can be made for Age of Fuels 
as being as descriptive of the times as any other. Everyone recognizes 
today that fuels can no longer be thought of solely, or even chiefly, 
in terms of cooking food and heating buildings. Ever since the first 
wood-burning steam engine was adapted for use in a boat or a wheeled 
vehicle, transportation has been growing increasmgly dependent on 
fuels. Today most of our methods of moving either materials or our- 
selves from one place to another make use of gasoline, oil, or coal. Also 
a large amount of the electrical energy used today can be traced back 
to the engine that operates the generator and thence to some fuel e 
combustion of which enables the engine to deliver energy. In fact, 
any operation in which the energy employed comes from a gas engme, 
a D Jel engine, a stean, engine, or stoilar device, ir dependent on a 
fuel. Life irnlf could not go on without fuel, becatise food can be to 
classified. The processes which transform foodstuffs mto energy 
holy building m'aterials are essentially the same as those that occur m 

ordinary fuel combustion. , . 

In this chapter it is our purpose, first to estpand the gneral P ■ 

rure of combustion a little further than was poss.b e m aapte , 

l;tod«t If manufacturing processes, uses other than as fuels, and 
resources. 
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Factors Influencing Combustion 
Review of Definition 

It will be recalled from the earlier discussion of combustion that 
when a substance is burning, oxygen is uniting with it at a rate rapid 
enough to produce light and a reasonably large amount of heat. In 
other words, combustion is pictured as high speed oxidation. With 
this fundamental picture in mind, we will consider certain factors 
that exert an influence on the rate at which the process of combustion 

takes place. 

Effect of Temperature 

Two experimental facts are chiefly responsible for the effect that 
temperature has on a burning fuel. In the first place, the rate of burn- 
ing or combustion increases as the temperature of the burning sub- 
stance rises, a relationship that holds for most chemical reactions. In 
the second place, oxidation liberates heat, the rate of liberation in- 
creasing with the temperature. Now it will be observed that the two 
facts just mentioned lead to a kind of vicious circle which may be 
stated as follows: The faster a substance burns, the more heat it gives 
off; the more heat it gives off, the higher its temperature becomes; the 
higher its temperature becomes, the faster it burns ; the faster it burns, 
the more heat it gives off ; and so forth. 

Spontaneous combustion is an outstanding example of the sort of 
effect that this accumulative process can have. Any combustible ma- 
terial, under a given set of conditions, has what may be called its kin- 
dling or ignition temperature. That is, it must be heated to a certain 
temperature before it will burn. A newspaper lying on the living 
room floor is not likely to suddenly burst into flame and burn down 
the house. This is not because there is no oxidation of the paper; it is 
simply due to the fact that the heat liberated by the oxidation is con- 
ducted or convected away as fast as it is generated. The newspaper 
is not heated to its ignition temperature. But if some rags soaked with 
oil or paint are thrown in a heap under the cellar stairway or in a 
corner of a clothes closet, the ventilation may be so poor that the heat 
liberated by oxidation is not carried away as rapidly as it is formed. 
The heat of oxidation raises the temperature of the rags, which in turn 
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increases the rate of oxidation, which raises the temperature still fur- 
ther, and so on, as indicated above. Eventually they will be very 
likely to reach kindling temperature and begin to burn, and the fol- 
lowing morning the newspapers will carry the story of another home 
destroyed by fire, believed to have started by spontaneous combustion. 



Fig. 88. Diagram to illustrate the 
fact that a combustible substance 
must be raised to its kindling tem- 
perature before it will take fire. 


Such fires also often begin in 
freshly cut hay which is put 
in the barn while still damp, or in 
coal that is stored in poorly ven- 
tilated coal bins or even outdoors. 

The fact that a combustible 
material does not burn until it 
reaches its kindling temperature 
may be demonstrated in the ex- 
periment pictured in Fig. 88. 
Gas from a Bunsen burner is al- 
lowed to rise through a wire 
mesh. As shown, the gas above 
the mesh will burn without that 


below being ignited, or that below can be lighted and the portion 
above not take fire. This is simply because the wire conducts the heat 
away so rapidly that gas on the other side of the mesh is not raised to 
its ignition temperature. A miner’s safety lamp developed by Sur 
Humphry Davy makes use of this phenomenon. In it, the flame is 
surrounded by a metal gauze which permits light to shme out and 
oxygen to enter to maintain the combustion, but prevents the air 
outside from reaching a high enough temperature to ignite any com- 


bustible gases that may be in it. 


Effect of Surface . , 

In the case of a solid fuel, the oaidatKsn reaction occurs at t 
surface which is the boundaty between the air and the combostibk 
material. Other things being equal, the rate of combustion is pro^^ 

be ignited and the speed with which it burns, smce by this pulvera 
ing process the surface area is greatly increased. 
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That this is true is evidenced by various everyday experiences, 
such as the fact that shavings burn more readily than do logs, or that 
loose papers can be ignited more easily than can tightly baled papers. 
Somewhat more startling evidence is available in connection with ma- 
terials which we do not ordinarily think of as being combustible. Iron 
bridges and aluminum kettles are not generally considered to be highly 
inflammable. If, however, the iron or aluminum is powdered and 
then blown into a gas flame, it burns very readily. Powdered coal 
burns explosively if the particles are kept from packing together and 
thus reducing the surface in contact with the air. As a matter of fact, 
the first Diesel engine was designed to run on powdered coal rather 
than on oil, and was so successful from the standpoint of the genera- 
tion of power, that it blew up. 

It is this great increase in surface which results from reducing 
particle size that sets the stage for dust explosions in industrial plants. 
The fact that such explosions have occurred in dust of leather, spice, 
starch, grain, cocoa, sugar, cork, wood, aluminum, bronze, coal, dry 
milk, and other materials, indicates that the danger is not confined to 
factories dealing only with substances which we commonly picture as 
highly inflammable.^ The evidence indicates that such explosions do 
not occur spontaneously but must be set off by some means of ignition 
such as a flame or a spark. The danger of explosion is increased by 
the fact that the ignition point of some dust is not extremely high, 
being, in fact, well below the temperature that would cause iron to 
glow a dull red. 


Effect of Concentration 

The factor of concentration may be considered from two stand- 
points, namely, that of the oxygen in the atmosphere, and that of the 
fuel itself. With respect to the former, it is true that the rate of 
oxidation in general increases as the percentage concentration of oxy- 
gen becomes higher. It is because of this that an oxyacetylene weld- 
ing torch, in which acetylene gas is burned in an atmosphere of high 

oxygen content, generates more heat than does acetylene gas when it 
burns in ordinary air. 

^ Brown, H. R., '* Dust Explosions in Industrial Plants," Ind. Eng. Chem 17 902 
(1S251. 
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It will be obvious that the concentration of the fuel itself, in the 
mixture of fuel and air, can be varied to any great extent only in gase- 
ous fuels. For most efficient combustion there must be neither too 
low nor too high a concentration of gas in the mixture of gas and air. 
Too little gas is unsatisfactory for obvious reasons. On the other hand, 
if the percentage of gas is very high, there will not be enough atmos- 
pheric oxygen present to produce complete combustion. The best 
mixture of the two substances varies with the type of gas. For natu- 
ral gas the most efficient concentration of the fuel is from 6 per cent 

to 13 per cent. 

Solid Fuels 

Coal 

Coal as we find it today may be said to be the carbonized remams 
of what was luxuriant vegetation hundreds and thousands of centuries 
ago. Coal mined in western Pennsylvania experienced its earlier ex- 
istence in the form of trees, huge ferns, or club mosses, during the lat- 
ter part of the Paleozoic Era, some 200,000,000 years ago. Although 
both wood and coal contain carbon, hydrogen, and oxygen, they dif- 
fer in that the percentage of carbon in the latter is much higher than 
in the former. This has come about, not by the addkion of carbon 
during the process of coal formation, but by the forcmg out of oxy- 
gen and hydrogen. The family history of an average load of coal is 
somewhat as follows: The vegetation that was ancestral to it grew m 
great profusion in swampy regions. As trees died and fell over or 
were blown down, they were covered with water and mud, which re- 
tarded the normal processes of decay. As time went on the weight of 
material above them became greater and greater as a result of which 
they were subjected to large pressures and often to high temperatures 
The effect of the high pressures and temperatures was to force out o 
the wood a number of gases containing hydrogen and oxygen, leav- 
L The remains more and more nearly pure carbon. Among ^ese 

^^rdforhow far the process described above had p.g^ jh. 

1” "1 of wW and of .he various kinds of coal »8e.her w..h 
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their average heat values in British thermal units per pound are given 

in Table 14. 


Table 14. 

Composition and 

Heat Value 

OF Various Fuels 

fuel 

Carbon 

Hydrogen 

Oxygen 

Heat Value 

Wood 

51% 

6% 

43% 

8,000-9,000 B.t.u./Ib. 

Peat 

58 

6 

36 

6,500-9,500 

Lienite 

70 

5 

25 

9,000-14,000 

Bituminous 

88 

5 

7 

14,500-15,000 

Anthracite 

94 

3 

3 

14,500-16,000 


?eat, the first stage in the process, is formed before pressures of 
very great proportions have been exerted. It ignites easily and burns 
with a hot flame. Peat finds its principal use as a fuel in countries 
where better grades of coal are not available. Although there are 
large deposits of it in Minnesota, Virginia, North Carolina, and Geor- 
gia, almost none is burned in this country. 

After the carbonizing process has continued somewhat longer 
the coal is called lignite. This material is harder than peat, more coal- 
like in surface appearance and usually dark brown in color. Like peat 
it finds little use in this country because of the abundance of better 
fuels. There are, however, large amounts of lignite available to us. 
Layers varying from 4 feet to 3} feet in thickness cover some 35,000 
square miles of South Dakota. The use of lignite by various Euro- 
pean countries in the manufacture of synthetic gasoline will be dis- 
cussed later in this chapter. 

After lignite comes bituminous or soft coal, of which enormous 
quantities are used both in this country and in Europe. It has been 
estimated that as much bituminous coal has been burned in the last 


ten years as in all previous history. The United States is particularly 
blessed with respect to its resources of this particular fuel, having 
something like six times as much as South America, three times as 
much as Europe, and between two and three times as much as Asia. 
Much of our use of bituminous coal is extremely wasteful in that many 
valuable materials contained in it are completely lost, a point that will 
be covered in some detail in connection with the consideration of coke. 

Anthracite, or hard coal, which is from 90 per cent to 95 per cent 
carbon was not discovered until 1791, and did not come into impor- 
tant industrial use until after 1820. The difficulties experienced in 
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getting it to burn and the fact that boilers designed for use with wood 
or soft coal fires were unable to stand up under the high temperatures 
generated by hard coal, accounted for this delay. To complete the 
story of nature’s carbonizing process, it should be mentioned that it 
does not stop with anthracite coal. At the end of the line is graphite, 
a material that is almost pure carbon. It is not used as a fuel but finds 
important applications as a lubricant and as the substance from which 

" lead ” pencils are made. 


Coke 

Coke is a manufactured product which is made by heating bitu- 
minous coal in a closed container, that is, in the absence of air. The 
process is called destructive distillation. When the coal is treated in 
this fashion it begins to grow soft and spongy at temperatures be- 
tween 600° F. and 700° F. At still higher temperatures a number of 
gases and vapors are given off, until at the end of the distillation proc- 
ess only a grayish-black porous substance is left in the oven. This 
material, which is almost pure carbon and has a heat value in the 
neighborhood of 14,000 B.t.u. per pound, is coke. Its chief use has 
been in the past, and still is, as a reducing agent in the metal mdus- 
tries, particularly in the manufacture of iron. Something like one 
seventh of all the coal mined in the United States is used in this man- 
ner. Today, however, increasing amounts of coke are being em- 
ployed in place of coal in heating homes and other buildings. Unti 
Lout 1910 essentially all the coke manufactured in the United States 
was made in a device known as a beehive oven. Since the manufac- 
turers were interested in nothing but the coke, no attempt was made 
to save any of the vapors which were given off in the cour^ of 
coking process. The oven was simply fiUed with soft coal, the lower 

layers of which were burned. Thus heat was provided for 

ing the upper layers into coke. The volatile gases escaped through 

opening in the top of the oven. The foot ^ 

were being lost in there gases was Stst reeogmzed .n Europe a h tl 
after 1900, and attempts were made to design CO e ovens 
Told save them. These by-product ovens were no. .ntrodu«d ^ 

If the of coke until alm»t 1920. Today more than 
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90 per cent of our coke is manufactured in ovens which save pracd- 
cally every constituent of the coal that is given off during the dis- 
tillation process. 

The by-product coke oven proper is a long narrow rectangular 
chamber some 30 feet long, from 6 to 10 feet high, and a foot or two 
wide. Each oven is located between two heating chambers which 
serve to heat the soft coal with which the ovens are filled. The fuel 
burned in the heating chambers is a mixture of gas and air which has 
been pre-heated in the lower chambers. Oven temperatures are in 
the neighborhood of 1,800“ F. Volatile gases driven from the coal are 
conducted off through a flue in the top of the oven. When the coking 
process is completed, the ends of the oven are opened and the coke 
pushed out into cars by means of a huge ramrod. In some cases bat- 
teries contain as many as 600 of these ovens, each of which may be 
able to handle some 8 tons of coal every 20 to 24 hours. 

Now let us see just what soft coal can yield in the way of by- 
products when it is properly treated. It has been found possible to 
get approximately the following from one ton of Pittsburgh coal: “ 


1,500 pounds of coke 
11,360 cubic feet of coal gas 
12.5 gallons of coal tar 
25 pounds of ammonium sulfate 
4 gallons of light oil 


The uses of coke, as has already been pointed out, are as a reduc- 
ing agent in the metal industries, and as a fuel. The coal gas, which 
will be considered again later in the chapter, is a valuable fuel con- 
taining some 97 per cent of combustible materials. 

The list of modern materials whose source is coal tar is an im- 
pressive one, and includes dyes more numerous and of better quality 
than can be obtained from natural sources, numerous drugs, saccha- 
rine, explosives like TNT and its relatives, certain insecticides and 
wood preservatives, synthetic plastics, flavoring agents, carbolic acid, 
photographic developers, and solvents. Ammonium sulfate provides 
a source of certain fertilizers, calico dyes, and other products, as well 
as ammonia itself. 


2 “ Chcmisiry in Industry/’ Vol. I, Chap. IV; Chemical Foundation. 
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The above facts make it obvious that our common practice of 
burning soft coal in the furnace is an extremely wasteful procedure. 
This has led to the suggestion that the ideal way to use bituminous 
coal would be to " coke ” it at the mine. The coal gas then could be 
transported by pipeline and used for heating and cooking. The coke 
also would be available for use as either a fuel or reducing agent, and 
all the other valuable by-products would be saved. 


Charcoal • j u • 

When the process of destructive distillation, described above, is 
applied to wood, the solid product is called wood charcoal. It is al- 
most pure carbon and results from water being driven off from the 

cellulose. , , , , 

Materials other than cellulose in the wood break down into a 

series of volatile gases from which valuable by-products are obtamed. 

Other forms of this fuel include nut charcoal and animal charcoa . 

They are prepared in the same manner, except that the raw materials 

are nuts and bones, respectively. 

Chatcoal once occupied the position in the tnanufactuie of non 
that is now held by coke. In fact, coke was developed as a redncng 
agent to teplace charcoal only when, shortly before 1600, it became 
evident in England that the use of the Utter was ma mg “ 

roads on the forests of the country. Even today m the Ummd S« e 
a little over 10 per cent of all the charcoal mad. “ “ l-y " 
industries. Household heating and cooking accounts fo p 
C balance is used up In such fields as the manufacture of black 
Jlder, the making of various carbon products, and the preparation 

" ri;;ltcts of charcoal manufacture include wood 

alcohol, acetic acid, combustible gases and acetone. 

Liquid Fuels 

The solid fuels just discussed contain carta as PJjMP ^ 

combustible substance. In some cases the car . 

others it is combined with hydrogen and oxypn. 

Wrocertas. These constitute the simplest class of org 
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pounds and, as the name suggests, are compounds of carbon and hy- 
drogen only. Several hundred hydrocarbons are known covering a 
wide range of molecule size. As an illustration of this variation in 
numbers of carbon and hydrogen atoms we will examine briefly the 
so-called paraffin series of hydrocarbons. This happens to be the series 
to which most of the hydrocarbons in liquid and gaseous fuels belong. 
The lower members are gases at ordinary temperatures, the simplest 
one being methane and having the formula CH,. Methane has^the 
lowest boiling point of the series, having to be cooled to —263^ F. 
before it changes into a liquid. Progressing through the series to more 
complex molecules, one finds that the boiling points rise. Along m 
the middle of the group there are some which are liquids at normal 
temperatures. One of these, pentadecane (Cir.H:,..) boils at 520'’ F. 
and solidifies at 50° F., which indicates that it is a liquid at room tem- 
perature. At the upper end of the series are a few hydrocarbons which 
are ordinarily in the solid state, such as pentatriacontane. This com- 
pound with the awe-inspiring name has the formula CssH^o and melts 
at 167° F. Thus, in the same series, we have at one end molecules con- 
taining only 5 atoms and at the other, some with over 100 atoms in 
them. In this hydrocarbon series as well as in all others, as the number 
of atoms per molecule increases, the temperatures at which changes of 
state occur get higher. Although we are primarily interested in 
fuels in this chapter, it should be pointed out that not all hydrocar- 
bons are fuels. Rubber, for one, is a hydrocarbon but quite obvi- 
ously would not be a satisfactory substitute for coal for use in the 

furnace. 


Petroleum 

In its natural state petroleum is a liquid the color of which may 
be anything between light brown and black. It is a mixture rather 
than a compound. Mixed together in it are a large number of hydro- 
carbons together with some compounds of nitrogen, oxygen, and sul- 
fur. Although we know it as a liquid, it contains hydrocarbons vary- 
ing all the way from simple gases like methane up to solids containing 
30 or more atoms per molecule. 

In many respects the history of petroleum is like that of coal. 
The chief difference is that while coal’s ancestry is traced back to land 
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vegetation, the organisms which form petroleum are believed to have 
been marine plants and animals. 

The first oil deposits to be exploited in this country were those in 
Pennsylvania. At the present time these eastern fields furnish but a 
small fraction of the total crude oil produced in the United States. 
Approximately half of the world’s supply now comes from California, 
Oklahoma, and Texas, with the United States as a whole producing 

some 63 per cent of the total. 

Because of the great range of properties possessed by the various 
hydrocarbons which are mixed together in petroleum, no great use 
is made of it in its natural state. For this reason, practically all the 
petroleum produced is refined. The process of refining is primarily 
one of dividing up this conglomeration of many hydrocarbons m such 
a manner as to get together in smaU groups those which have about 

the same boiling points. i j- -iw 

In other words, the basic refining process is fractional distillation, 

a procedure that was explained and illustrated in connection with 

the discussion of liquid air in Chapter 1 5. In what is known as Batch 

Distillation ” the petroleum is simply heated in large steel cylmd^s, 

the constituents vaporizing in order of increasing boi mg ® 

vapors are collected and condensed to give the separated products. 
In " Continuous Distillation ” the process might more accurately e 
called one of fractional condensation. The crude petroleum is first 
conducted to an evaporator in which aU ^nstituents with boihng 
points lower than 750° F. are vaporized. This mixture ^ ‘ 

then slowly cooled, the constituents condensing out in order of d 

at which they vaporize. 


Of ' h. various fractions into which petroleum is divitlerl, the 

,,„„p of M;carh^that ^ rl^eUr" 1 
, ant to us today. Smce our u« o g alr- 

iLetr" rde^rofXdi’ty of the hydrocarbon which deter- 
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mines whether or not it belongs to this favored group. It so happens 
that the hydrocarbon molecules having from 5 to 10 carbon atoms 
fall within the proper range. These distill off after the volatile gases 
like methane which possess from 1 to 4 carbon atoms per molecule. It 
will be obvious from this that the volatility of any gasoline could be 
raised by including in it more of the smaller molecules, or lowered by 
increasing the number of the larger ones present. Gasoline companies 
make adjustments of this sort in the mixture for different seasons of 


the year. 

Fractional distillation alone would be entirely inadequate as a 
means of providing all of the gasoline used today. Another method 
designed to supplement the distilling process and increase the amount 
of gasoline that could be got from a barrel was introduced as early as 
1913. This process is called cracking. As the name suggests it is es- 
sentially a method by which hydrocarbon molecules containing too 
many carbon atoms to be within the gasoline range are cracked or 
broken up into smaller ones. This, of course, is a chemical process. 
The decomposition is made to occur by subjecting the heavier mole- 
cules to temperatures of from 750*^ F. to 900“^ F. Since at ordinary 
atmospheric pressure such high temperatures would simply cause the 
hydrocarbons to boil away, the process is carried out under pressures 
which sometimes are as high as 800 or 900 pounds per square inch. 

In England and Germany, where large supplies of natural petro- 
leum are not available, the manufacture of synthetic gasoline from 
low grades of coal has received considerable attention. The process 
which is used is known as hydrogenation. It was developed by Fried- 
rich Bergius who was awarded the Nobel prize in 1931 for his work 
in this field. First, the coal is powdered. Then, under considerable 
pressure, it is heated to a fairly high temperature in an atmosphere of 
hydrogen. In the reactions which occur hydrogen unites with the 
carbon in the coal forming a black tarry liquid which is a mixture of 
hydrocarbons. This oil is similar to natural petroleum in makeup and 
can be refined in much the same manner. Although the use of coal 
in this way has not been important in the United States, the success 
of the process suggested that it might be tried on certain natural crude 
oils of low quality. It has been used in this fashion with considerable 
success and large yields of gasoline and oil obtained The process oc- 
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curs with an expansion of volume to the extent that the volume of 
the finished product may be 10} per cent to 105 per cent that of the 

raw materials. 


Kerosene 

In the process of fractional distillation of petroleum the constitu- 
ent that boils off next after gasoline is the material that we know as 
kerosene or coal oil. It contains 1 0 to 1 5 carbon atoms per molecule 
and is, therefore, somewhat less volatile than gasoline. Although it 
is used to a small extent in certain types of internal combustion en- 
gines, it is no longer enormously important as a fuel. At one time 
kerosene was the main product of petroleum refining, and the gaso- 
line was thrown away because there was no use for it. The advent of 
the automobile reversed that situation so that today the kerosene is 

one of the by-products. 


Other Liquid F uels 

Although so far man’s ingenuity in finding new ways to get 
greater yields of desirable products from natural petroleum has about 
kept pace with his increasing use of this valuable liquid, it is con- 
ceivable that at some future time the supply might become seriously 
depleted. If such a situation should arise, there are other possibilities 
in the way of liquid fuels. Among these are the alcohols. Gram al- 
cohol is made by the fermentation of sugar and so the sugar plantation 
offers one possible source of new fuel supplies. Wood alcohol as h^ 
already been mentioned, is a by-product of the manufacture of char- 
coal. 

0 A S EOU S F UELS 

The fact that most gaseous fu»U, like those belongmg to tke liq- 

uid group, ate hydtocarbous has already beeu mentioned. It u aim 
"if as one would expect from the fact that boiling P<«"« ^ 
increased number of atoms per molecule that the gaseous hydrocar- 
bon molecules are simpler than those of the hquids. 


“"‘Ue mLre which we call natural gas consist aW 
of hydrocarbons, with from SO per cent m 90 per c«.t bemg meto. 
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(CH4) , the gas already mentioned as the simplest one of the paraffin 
series. Methane is also known under two other names, manh gas and 
fire damp. The first of these is applied to it when it is the product of 
decay of vegetation in swampy regions, and the second when the gas 
occurs in coal mines. In the latter case its presence is extremely dan- 
gerous since it is highly explosive when mixed with air. 

Natural gas is usually found in porous sandstone or limestone 
which is covered with a dome-shaped layer of gas-tight rock. Usu- 
ally associated with it and below it is petroleum or salt water or both. 
Natural gas has been found at depths varying from a few hundred 
feet to eight or nine thousand, and under pressures running all the 
way from a few pounds per square inch to as much as a ton. In order 
of their yield, the states which produce most of our natural gas are 
West Virginia, Oklahoma, Pennsylvania, Ohio, Louisiana, and Cali- 
fornia. 


A somewhat recent development in connection with natural gas 
has been the storage of it in liquid form by cities for use in periods 
when demand exceeds supply. Such an emergency is particularly 
likely to occur in very cold weather. As a liquid at a temperature of 
— 250° F., it can be stored in about one six hundredth of the space it 
occupies normally as a gas. This means that 7 or 8 quarts would sup- 
ply the average home’s needs, exclusive of heating, for one day. Stored 
in liquid form under pressure it can simply be allowed to expand into 
the gas mains and vaporize at times when the normal supply is low. 


Coal Gas 

The most common of the manufactured vapor fuels is coal gas. 
It has already been mentioned as a by-product of the manufacture of 
coke. Its composition varies somewhat with the coal used but in gen- 
eral combustible materials constitute about 97 per cent of its total 
mass. Of this a little less than half is methane and other hydrocar- 
bons, with the remainder being mostly hydrogen. Some carbon mon- 
oxide is usually present also. 


Water Gas 

This fuel cannot be classed as a hydrocarbon since it consists of a 
mixture of carbon monoxide (CO) and hydrogen (Hj). Water gas 
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is made by passing steam through a hed of burning coke or hard coal. 
Tlie reaction, which occurs at about 1,800° F., is described as follows: 

Carbon + Water Carbon monoxide -|- Hydrogen 

C + H 2 O CO + 

The process, which also is one way of manufacturing hydrogen, is not 
continuous because of the fact that heat is absorbed durmg the reac- 
tion instead of being driven off. Consequently the temperature soon 
drops below the point necessary for the reaction to occur, at which 
time the steam is turned off and the fuel heated again by means of a 

forced draft. 

Hydrogen and carbon monoxide are present in water gas in ap- 
proximately equal parts and together make up about 93 per cent of 
the total. The 7 per cent of incombustibles consist largely of carbon 

dioxide and nitrogen. 

Producer Gas , . 

If, in the above process, the steam is replaced by air contammg 
only a little steam, the product is called producer gas. Since air is 
about 78 per cent nitrogen, and nitrogen is mcombustible, producer 
gas is only from 40 per cent to 45 per cent composed of substances 
that wdl burn. The principal one of these is carbon monoxide. This 
makes it a much poorer fuel than either water or coal gas m terms 0 
heat units per cubic foot. Its cost of manufacture, however, is so low 
that it compares very favorably with the others on a basis of heat 

units per dollar. 


m"n and coke are heated together, one of the prodncB is 
a material called calcium carbide (OQ) . the teacdoo bemg as W- 

lows* 

Lime + Carbon Calcium carbide + Carbon monojide 

^ - CO 


CaO -j- 3C 


CaC 


+ 


Then when water comes into contact with the calcium carbide 
the following reaction occurs: 
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Calcium carbide -j- Water 

CaC 2 'I' 2H2O 


Calcium hydroxide -|- Acetylene 

CM, 


Ca(OH )2 


+ 


As will be evident from its formula, C 2 H 2 , acetylene is a hydrocarbon. 
It burns with an exceedingly bright flame and produces intense heat. 
It forms an explosive mixture with air over a wide range of mixture 
ratios and may even be exploded by shock. Today its principal use 
is in the oxyacetylene blowtorch with which temperatures as high as 
^,000° F. are obtained. Before the use of electricity became so gen- 
eral, acetylene was employed in bicycle and automobile lamps and 
even in home lighting. In the latter case the fuel was stored under 
pressure in a large tank, usually buried underground for safety, and 
the gas conducted to the lighting fixtures through a system of hollow 
wires. 


Discussion 


Questions 


1. State the relationship between the terms “ combustion” and ** oxida- 
tion.” 

2. Distinguish between endothermic and exothermic reactions. 

3. Why is spontaneous combustion less likely to occur when oil-soaked 
rags are left out in the open than when they are crumpled up in the corner of 
an unventilated closet? 

4. Look up some additional information about dust explosions. 

5. Why should not a 100 per cent concentration of fuel gas burn better 
than a 15 per cent concentration? 

6. Describe the process of coal formation mentioning the outstanding 
properties of each of the various kinds. 

7. List at least four important by-products of coke manufacture. 

8. Why may the common practice of burning soft coal for heating pur- 
poses be called a wasteful process? 

9. Describe the process called " destructive distillation ” and mention two 
products in whose manufacture it is involved, 

10. What is the general relationship between the number of atoms in a 
hydrocarbon molecule and the state in which it exists (solid, liquid, or gas) ? 

11. G)ntrast the ancestry of a gallon of gasoline with that of a ton of coal. 

12. Distinguish between “ batch distillation ” and " continuous distilla- 
tion,” 


13. Distinguish between " cracking ” and " hydrogenation ” as applied in 
the gasoline industry. 

14. Name three artificial fuel gases and describe their manufacture. 
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Multiple Choice 

1. Coke is made by (a) reducing iron ore, (b) the oxidation of graphite, 

(c) the fractional distillation of charcoal, (d) passing steam over hot car- 
bon, (e) heating soft coal in the absence of air. 

2. List all of the following that are products of the process of heating 

wood out of contact with air. (a) Wood alcohol, (b) Coal tar. (c) Am- 
monium sulfate, (d) Acetic acid, (e) Charcoal. 

3 Which one of the following fuels is neither a hydrocarbon nor a mix- 

ture of hydrocarbons? (a) Natural gas. (b) Acetylene, (c) Coal gas. 

(d) Water gas. (e) Gasoline. 

4. Arrange the following fuels in order of increasing percentage of car- 
bon content, (a) Bituminous coal, (b) Lignite, (c) Coke, (d) Peat, 


(e) Anthracite coal. 

5. Which one of the following statements is true with respect to petro- 
leum? (a) It is a by-product of coke manufacture, (b) It is refine y 

fractional distillation, (c) It represents the third step m the 

coal (d) It is a chemical compound, (e) It originated from land vegeta- 


tion. 


True-False 

1. All four of the types of coal are found in the United States. 

2 Lignite has a lower heat value per pound than does peat. 

3 Rusting is an example of an endothermic reaction. 

TS. molJle of .h, hydrooTbon. found .n k„o»,. oonunn 

more carbon atoms than does the average hydrocarbon molecule in gaso in . 

5 A liquid fuel that was sprayed into a chamber where the temperature 
wa, higtrlan the ignition point of the fuel might be eapected to burn more 

'■I'Ccl'lnTbSot i:™ in region, .here the climate is dry enough 
“ TTn'tht manufacture of «ater gas, reduction occuis, 

a ton of coke is obtained. the hydrocarbons used a; 

.“s;- ."Si 

culc. 
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METALS AND ALLOYS 


One basis of classification of the elements, groups them into metals 
and non-metals. It is with the metals that we shall concern ourselves 
in this chapter, considering first the group as a whole. 

General Discussion of Metals 
Historical Background 

As one might expect, the first metals to be used by primitive man 
were those that are found free in nature to the greatest extent. These 
are gold, silver, and copper. They seem to have been employed by 
the Egyptians in the manufacture of Jewelry and dishes as early as 
5000 B.c. Coins made from various combinations of these metals 
were also in use at an early time. The Old Testament makes several 
references to such coins being used by the Hebrews. Tin entered the 
metal picture when someone discovered, probably accidentally, that 
if it were mixed with copper the resulting substance was harder, and 
would take and hold an edge better than either constituent. So there 
came into being the alloy that we call bronze, a material which was 
so important in the ancient world that its name is given to one of the 
cultural stages in human development. The Bronze Age began in 
Egypt around 3000 B.c. and in Europe some 500 or 1,000 years later. 

Since almost no iron exists free in nature, it undoubtedly came 
into general use somewhat later than those just mentioned. How- 
ever, the Egyptians and Assyrians seem to have made some use of iron 
a number of centuries before the birth of Christ. Homer describes 
weight-throwing contests in Greece, in which a piece of iron served 
both as the object to be thrown and as the prize to be awarded the 
winner. Also various references are made to iron by Biblical writers. 
As soon as methods were developed for separating iron from its ores 
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in reasonably large quantities and at fairly low cost, it ceased to be 
classed as a precious material and began its career as the world’s most 
valuable metal from the standpoint of actual use. 

Lead, which is another metal mentioned in the Bible, was used 
in Rome in making water pipes. Greek writers refer to mercury and 
seem to have some knowledge of its power as a solvent for other 
metals. 

By the time medieval alchemy reached its peak, gold, silver, cop- 
per, tin, iron, lead, and mercury were known as " The Seven Metals,” 
and were linked in the speculative writings of the alchemists with the 
various other " sevens ” which were so important to them, including 
the seven known heavenly bodies, the seven openings in the head, and 

the seven days of the week. 

One other metal, zinc, seems to have been known long before the 
days of the alchemists in its role as one of the constituents of the alloy 
brass. Aristotle mentions brass in his writings, and reference is made 
to it in the Old Testament, although there is some evidence to indi- 
cate that early Biblical writers used the word somewhat indiscrimi- 
nately to mean copper or any of its alloys. Almost no metals othei 
than these seven or eight were known until the eighteenth century 
and many that we use today, not until the nineteenth. 


Properties as a Group 

It will be recalled that the physical properties of a substance are 
those which do not involve changing it into another maunal. These 
include melting and boiling points, hardness, conductivity, strengA, 
toughness, and density. Of those which we naturally associate with 
metals, the outstanding one is metallic luster. All metals possess this 
characteristic, although in the case of those like potassium and sodium, 
which oxidize verv rapidly, it is only noticeable on a freshly cut sur- 
face. Also, metals are mostly solids at ordinary temperatures and 
have comparatively high melting points, the exception being mercury. 
They are for the most part good conductors of heat and electrici y, 
with silver being the best in these respects. They «hjbit to a com- 
paratively high degree the properties of being able to ^ 

Le wires and hammered into thin sheets, characteristics that 

called ductility and malleability respectively. An ounce of gold can 
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be drawn into a wire almost 50 miles long or hammered into a sheet 

that has an area of between 175 and 200 square feet. 

In considering the chemical properties of metals, the first point 
to be noted is that they vary widely in degree of chemical activity, 
some being enormously active and others very inert. Therefore the 
metals are listed in order of decreasing chemical activity in what is 
called the " Chemical Activity Series.” The more common metals 
are given in Table 1 5 in the order in which they appear in this series. 
Hydrogen may seem to be a little out of place in the group since we 
do not ordinarily think of it as a metal. Chemically, however, it be- 
haves in many respects like a metal and so is usually included in the 


activity series. 


Table 15. The Chemical Activity Series 


1. Potassium 

(K) 

9. Tin 

(Sn) 

2. Sodium 

(Na) 

10. Lead 

(Pb) 

3. Calcium 

(Ca) 

11. Hydrogen 

(H) 

4. Magnesium 

(Mg) 

12. Copper 

(Cu) 

5. Aluminum 

(Al) 

13. Mercury 

(Hg) 

6. Zinc 

(Zn) 

14. Silver 

(Ag) 

7. Iron 

(Fe) 

15. Platinum 

(Pt) 

8. Nickel 

(Ni) 

16. Gold 

(Au) 


Now, keeping this in mind, let us examine two or three chemical 
reactions which involve metals. The one most familiar to us is un- 
doubtedly rusting or corrosion, which, we learned in Chapter 15, is 
simply a special case of oxidation, differing from combustion only in 
the speed with which the reaction occurs. We think of rusting pri- 
marily as it applies to iron, because we see more evidence of it with 
that metal than with any other. The fact that iron, the most used of 
all the metals, rusts at a comparatively rapid rate causes man to spend 
many thousands of dollars every year painting iron structures in order 
to keep the oxygen in the air from coming into contact with the metal. 
A glance at the above table shows that there are six metals above iron, 
that is, six that are more active and so should oxidize more rapidly. 
Of these, the two whose presence in this location is probably most sur- 
prising are aluminum and zinc, since we do not commonly think of 
these metals as corroding very rapidly. Actually, they do rust more 
readily than iron. But it happens that after the outer layer of these 
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metals oxidizes, it clings to the metal underneath and so acts as a pro- 
tective covering that prevents oxygen from reaching the inner por- 
tion of the metal. Tin and lead behave in a similar fashion. With 
iron the rust flakes off about as rapidly as it forms and so continually 
exposes a fresh surface to the atmospheric oxygen. The metals to- 
ward the bottom of the series oxidize very slowly, and in the case of 
silver, platinum, and gold, almost not at all. 

Potassium and sodium, the first two metals in the series, react 
with water very violently. In the case of the latter when the metal 
goes Into solution and displaces hydrogen, the reaction occurs so vig- 
orously that enough heat is generated to melt the sodium not yet dis- 
solved. The fourth metal, magnesium, is scarcely acted upon at all 
by cold water although it does go into solution in boiling water. From 
aluminum, on through the rest of the series, there is little chemical 

reaction with water. 


We will approach a third kind of reaction exhibited by metals, 
by asking how one might go about determining experimentally the 
order of their activity. A little thought will make it clear that nei- 
ther of the two reactions just discussed would be likely to prove satis- 
factory. In the case of oxidation the fact that the rust or oxide clings 
to certain ones of the group would make it difficult to compare those 
particular metals with each other. Then it would be almost impos- 
sible to determine the sequence of the metals toward the bottom of 
the series, because they all exhibit such slight activity with both water 
and oxygen. Experiment has shown that one of the best ways of 
comparing chemical activities is by means of what is called a " dis- 
placement reaction.” To illustrate the procedure, let us assume that 
iron and copper are to be compared. We may begin by immersing a 
piece of either metal in a solution of the other one. If we happen to 
choose first to dip a piece of copper in a solution such as iron sulfate 
(FeS 04 ) we find that no reaction whatever occurs. But if we place 
sn iron mII in copper rnlfate (CuSO.) a coating of copper immed.- 
ately begins to form on the nail. Analysis shows that the following 

reaction is occurring: 


Iron + Copper sulfate ^ Copper -f Iron sulfate 

Fe + CuSOi Cu + FeSOi 
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The layman might be tempted to describe this phenomenon as a 
kind of chemical alienation of affections, in which the iron replaces the 
copper in the copper sulfate family. The chemist describes it by say- 
ing that iron displaces copper from solution. Since we found in the 
first part of the experiment that copper would not displace iron, we 
may say that iron is the more active of the two metals and so would 
be placed above copper in the chemical activity series. In this man- 
ner the comparative activities of all the metals can be determined. 

The fact that the list of metals which we have called the " Chemi- 
cal Activity Series ” is also known as the " Electromotive Series ” sug- 
gests one other point that may be mentioned here. If any two of 
these metals are used as the electrodes of an electric battery, the one 
nearer the top of the series will be the negative pole. The reasons for 
this will be considered in a later chapter. 


Metallxirgical Processes 

The fact that very few metals occur naturally in the free state in 
any abundance has already been mentioned. In general, metals are 
found to be chemically combined with one or more other elements, 
the compounds being known as ores. Metallurgy may be defined as 
the science of extracting the metals from their ores. This entire sep- 
aration process can be broken down into four general operations. 

Concentration. — The first of the four is called concentration. 
It is true in the mining of almost all metals that only a small fraction 
of the material taken from the mine actually consists of the desired 
ore. Therefore, the first thing to do is to separate, as completely as 
possible, the ore from the rocks, soil, or other earthy material with 
which it is mixed. It is this separation that constitutes concentration. 
For the most part concentration processes simply accomplish more 
eflSciently the result that would be achieved by having a large number 
of men go over, by hand, all the material removed from the mine and 
pick out the pieces of ore. In one of the oldest concentration pro- 
cedures, the entire mixture is carried along by running water. Sep- 
aration is accomplished by gravity, the heavy ore sinking to the bot- 
tom. This method is exemplified on a small scale in " panning ” for 
gold. 

One of the most important modern concentration processes ia 
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called oil froth flotation, and is, in a sense, the reverse of the above. 

In this case the material that comes from the mine is ground up and 
thoroughly mixed with water and oil. The oil must be one which 
will wet or adhere to the ore but not to the other substances, in some- 
what the same sense that water will wet glass but not paraffin. The 
oil drops then cling to the ore particles and carry them along when 
they rise to the surface of the water, making it possible for the ore to 
be removed while the impurities collect below. Magnetic ores are 
sometimes concentrated by making use of the fact that they can be 

attracted by magnets. 

It will be noted that the processes mentioned above are all purely 
physical ones. There are cases, however, in which all the material 
that comes from the mine is treated with a liquid which wiU dissolve 
the metal but not the impurities. Thus by chemical means the metal 
is concentrated directly in a solution from which it can be recovered 

in any one of several ways. 

Roasting. — This second metallurgical process is not necessary 
when the ore is a compound of the metal and oxygen, that is, an 
oxide. If, however, the ore is a sulfide, or a carbonate, or a compound 
with arsenic, it is usuaUy changed over into an oxide by roasting. As 
the name implies, the process is one in which the ore is heated to a high 
temperature in an excess of air. Under these conditions, ores which 

are above copper in the activity series change into oxides. 

Reduction. — We now have the ore in the form of a compound ot 

the metal and oxygen, either because we found it that way 
or becau« of the roasting process. The next step rs to free the metal 
from the oxygen, a procedure to which we have alrea y given 
name reduction. The reducing agent used and the detaiU of 
method employed depend on the metal. The way in whi h tk pt^« 
carried out in the case of iron will be discussed at some length a little 

m P™. - Fkally, there remain certain refining pr.- 
esses beforf the metallurgy is 
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types of operations. It should be remembered that these are quite 
general and that variations may exist in any given case. Now we will 
investigate some of the metals individually, discussing iron in some 

detail, and several others much more briefly. 


Iron and Steel 
Occurrence and Properties 

If It is true that the core of the earth Is largely composed of iron, 
then iron is by far the most abundant element in our planet. How- 
ever, as was mentioned in Chapter 7, it ranks fourth in abundance in 
the only part of the earth to which man has access, that is, the litho- 
sphere. The three elements present in greater percentages are oxygen, 

silicon, and aluminum. 

Pure iron is almost never found in natural deposits. The only 
exceptions are certain meteorites and a few deposits in Greenland. 
There is some evidence to indicate that the latter are also of meteoric 
origin. As might be expected from the rapidity with which iron rusts, 
the world’s most abundant iron ores are compounds of the metal and 
oxygen. The principal ore mined in the United States is hematite or 
ferric oxide (FeoO,) . Other iron ores which are of some importance, 
although not used to any great extent in this country, include mag- 
netite (FesOi) , bog iron ore (FejOs (HjO) 3 ) , and siderite (FeCOa) . 

The United States is the most favored of all nations in the extent 
and quality of its iron ore deposits now being mined. Brazil is be- 
lieved to have as rich or richer ones which are too inaccessible at the 
present time to be worked profitably. France, as of 1939, ranks sec- 
cnd in the magnitude of its iron production. Other valuable deposits 
occur in Germany, Sweden, Russia, China, and Morocco. More than 
85 per cent of the iron used in this country comes from the Lake 
Superior region. 

In its pure state, iron is silvery white, has a density between 
seven and eight times that of water, and is rather highly ductile and 
malleable. It cannot be tempered and is too soft to be of much prac- 
tical value. Rather peculiarly, iron rusts much less rapidly when it is 
pure, than when it contains the usual impurities, although the im- 
purities by themselves are less active chemically than is iron. 
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Reduction of Iron Ore 

Concentration of iron ore is accomplished by one or more of the 
methods previously mentioned. Since the ore is already an oxide, 
roasting is unnecessary. Therefore we will proceed immediately to the 
consideration of the reduction or smelting procedure. In the case of 



Fig. 89. Cross-sectional view of a blast furnace. 
(General Motors Corporation.) 


iron ore this is done in che blast furnace, a drawing of wh.cb rs stow 
Fig 89 The furnace itself may be as much as 90 feet m height 
and have a maximum diameter of 2! feet. The tapering part of the 
tonL above the widest point called the " bosh ’ and tk lower 
part the ” crucible.” The construction is of steel plates li 
rrllk. Once started the furnace is ^ept -n operation co—^^^ 
nnril forced to shut down for repairs, which may be a matter 
Imb'ten several years. There are four substances which may 
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be called the raw materials that go into the blast furnace. Three of 
these are solids, namely, iron ore, coke, and limestone. They are put 
into the furnace at the top through a kind of double trap door ar- 
rangement, in the proportion of 8 tons of ore to 4 tons of coke to 1 ton 
of limestone. The double doors prevent the escape of gaseous prod- 



Fig. 90. Here iron ore becomes pig iron. The blast furnaces proper are the 
tallest of the structures in the background. The shorter cylinders are stoves 
for heating the air used in the blast. A pile of ore and the ore bridge for 
carrying the ore to the blast furnace are shown in the foreground. (American 
Iron and Steel Institute.) 

ucts while the furnace is being charged. The fourth raw material is 
air that has been heated to a high temperature in stoves which adjoin 
the blast furnace. This air is conveyed to the furnace by the pipe 
marked " Air Intake ” in the picture, and introduced below the solid 
charge. A complete unit consisting of a blast furnace and four stoves 
is shown in Fig. 90. 

The reactions that occur in the blast furnace are principally of 
two kinds. First, we will describe the ones directly connected with 
the reduction of the iron ore. The coke at the bottom burns vigor- 
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ously in the abundance of hot air, generating temperatures as high as 
3,600° F. This results in the formation of carbon dioxide. 

Carbon Oxygen Carbon dioxide 

c + O, CO, 


As the carbon dioxide filters up through the coke above it, it unites 
with more carbon, forming carbon monoxide 

Carbon + Carbon dioxide Carbon monoxide 

C + CO, 2CO 


The carbon monoxide then acts as the agent which reduces the iron 
ore, the reaction being. 

Iron Ore + Carbon monoxide Iron -f- Carbon dioxide 
For hematite; Fe,03 -|- 3CO 2Fe + 3CO2 or 

For magnetite: Fe304 -f- 4CO 3Fe + 4CO2 

The molten iron drips down and collects at the bottom of the 
crucible. The hole called the " iron notch ” is opened every few hours 
and the iron allowed to flow out into forms in which it hardens, be- 
coming the material that we call pig iron. 

Iron ore always contains a number of substances in addition to 

iron and oxygen. Among these are some sdicon compounds which, 
for the most part, melt readUy at blast furnace temperatures and so 
flow to the bottom of the furnace. One of the most common ones, 
however, is silica (Si02) which does not melt easily and so must be 
converted into another form. The limestone which was mentioned as 
one of the raw materials causes this change to occur. First the lime- 
stone decomposes into lime and carbon dioxide, as follows. 

Limestone Lime -f- Carbon dioxide 

CaCO, CaO + CO2 


The lime then reacts in the foUowing manner with the silica to form 
calcium silicate, a compound that melts quite readUy. 

Lime -f Silica ^ Calcium silicate 

CaO + SiOg CaSiO, 


All the molten sdiceous compounds coUe« at the bottom of ^ fur 
nace and float on top of the liquid iron. They are dramed off throng 
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an opening called the " cinder notch,” and when solidified compose the 
material which we call slag, a substance that has commercial uses in 

road building. 

A third product of the blast furnace is the flue gas which escapes 
at the top through a pipe called a " Downcomer.” It is about one- 
fourth carbon monoxide and so has considerable heating value. Be- 
fore being used, it is cleaned in a " Dust Catcher.” Then about one- 
third of it goes to the stoves where it is burned to pre-heat the air 
entering the blast furnace. The stoves are large steel towers filled 
with a checker work of firebrick. The cycle of operation in any one 
stove is the following. Flue gas is burned until the brickwork is 
heated to a high temperature. Then the gas is turned off and air 
blown through the stove to be heated on its way to the blast furnace. 
When the stove cools down, the air is turned off and the stove heated 
again with flue gas. In order to permit continuous operation each 
furnace is accompanied by four stoves. At any given time, two of 
them are in the process of being heated while the other two are fur- 
nishing air to the furnace. A large blast furnace is capable of produc- 
ing as much as 1,000 tons of pig iron per day. 

Pig iron contains from 2 per cent to 5 per cent of carbon, several 
per cent of silicon and smaller amounts of sulfur, phosphorus, and 
manganese. Because of its carbon content it is brittle and of low 
tensile strength, although very hard. Its hardness, combined with 
the fact that it expands slightly when it solidifies, gives it value as a 
material from which to cast certain objects. Cast iron is used in 
stoves, radiators, wheels, and pipes. For applications requiring tough- 
ness, ductility, and greater tensile strength, the pig iron must be 
refined. 

Refining Processes 

Manufacture of W rought Iron. — Before the days of low cost 
steel, wrought iron was used almost exclusively where toughness and 
great tensile strength were required. The device in which wrought 
iron is made is called a " puddling furnace.” It consists of a sort of 
hearth covered with a low curved roof, which serves to reflect heat 
from an outside fire down upon the charge within. The materials put 
into the furnace are pig iron and some iron oxide. The former melts 
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and the latter oxidizes many of the impurities in the iron. Among 
the oxidation products are gases which escape, and liquids which re- 
main mixed with the iron as slag. It happens that as iron is purified 
its melting point rises and so as the treatment continues the molten 
material eventually becomes a pasty mass, which is then rolled into a 
huge ball and removed from the furnace. The slag is squeezed out 

and the material that remains is called 
wrought iron. Since it contains less 
than half a per cent of carbon, it has 
lost most of its brittleness. It is 
tough, has a high tensile strength, and 
can be readily forged and welded. In 
earlier times it found its principal uses 
in the manufacture of such articles as 
chains, anchors, bolts, nails, and wire. 
Today it has largely been replaced by 

soft steel. 

Manufacture of Steel. — The car- 
bon content of steel varies from .1 
per cent to 1 per cent. For this rea- 
son it avoids both the extreme softness 
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Fig. 91. Cross-sectional view 
of Bessemer converter. (After 
General Motors pamphlet, Met- 
alliir'jy and Wheels.) 


of pure iron and the great hardness 

and brittleness of pig iron. The several manufacturing processes by 
which steel is made have in common the following general procedure: 
the first step is to remove, as far as possible, all impurities; then the next 
step is to put in the materials necessar>^ to give the finished product t e 

desired properties. , 

The manufacturing process which Brst made cheap steel possib , 

was developed by the Englishman, Sir Henry Bessemer, and tntrm 
duced in 185!. The device in which Bessemer steel is made is calle 

a Bessemer converter. As Figs. 91 and 92 indicate, the ’ 

pear-shaped furnace naounted so that it can be rotated abou ■- 

Ltal axis The furnace itself is some 18 feet high and 12 feet 
diameter. It is loaded with from 15 to 20 tons of molten pig irom 
The so-called " blow " consists in forcing a stream of air up throug 
the molten metal. The air oxidizes the various j. 

and in so doing, generates large amounts of heat. 
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down after something like 1 5 minutes and the blow ” is over. Be- 
fore removing the purified iron, exact amounts of carbon, manganese 
and other elements are added to give the finished steel the desired 
group of characteristics. The steel is then poured into a huge ladle in 
which it is carried to molds. Bessemer steel is a comparatively low 
cost product since one converter can produce 15 to 20 tons every 10 
or 1 5 minutes. However, this 
rapidity of production has the 
disadvantage of making accu- 
rate control of conditions diffi- 
cult. Because of this the prod- 
uct is not of the highest quality 
or uniformity. Bessemer steel 
finds its principal applications 
in railroad rails, machinery 
castings, and construction 
work. 

A better grade of steel is 
made by the “ open hearth 
process.” An open hearth fur- 
nace is shown in Fig. 93. The 
hearth area is rather large but 
the furnace is not very high. 

It takes a charge of from 5 0 to 
100 tons of molten pig iron. 

Air that has been heated in the 
brick checker-work along the 
sides flows over the iron and is reflected down upon it, burning out 
the impurities. Better control of the procedure is possible than in the 
previous case because of the fact that something like 8 hours are re- 
quired for each charge of pig iron. After the impurities have been re- 
moved and while the iron is still in the furnace, the desired amounts of 
carbon and other substances are added. Over three-fourths of the steel 
made today is made in the open hearth furnace. One of its chief advan- 
tages is the fact that fairly high percentages of scrap iron and scrap steel 
can be included with the pig iron that goes into it. This is not true of 
the Bessemer converter. 



Fig. 92. Air bubbling through molten 
pig iron in the Bessemer converter re- 
fines the pig iron into steel. The long 
tongue of flame emerging from the 
mouth of the converter is caused by the 
burning out of the carbon in the pig 
iron. (American Iron and Steel Insti- 
tute.) 
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Very high-grade steel, such as is required for tools, automobile 
and airplane parts, and in similar applications, is made in an electric 
furnace. Here very high temperatures can be attained as well as a 
maximum of control over temperature during the steel-making proc- 
ess. The electric furnace is usually employed to further refine Bes- 
semer or open hearth steel rather than to make steel direct!) from pig 

iron. 



F,g. 93. Cros-soction.,1 clKigr.n. of an open heirth furnace. (General Motors 
Corporation. ) 

The developmeni of these processes has c.iuse<) the annml pro- 
doetton of steel in the United Stetes to incte,,se from less than m. - 
1,„„ tens to .round SO million tons during the pest 60 y«rs. Dur- 
.„e the seme period the pnoe of ton of steel hrs decreased from about 

n] 60 to approximately ’>60. 


SoMt OiHtR Metals 

"^“'’'NVe h.ve rlretdv mentioned the fret that copper seas one of the 
nr.t Imlh to be used hy mrn, the rerson beurg tbre ,s fou^nd Uee 

■'"'' Vdu'nunVV' tholdn^^^^ infer from this rhrr cop- 
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from deposits of the native metal. The most valuable copper de- 
posits in the United States are in northern Michigan. Most of the 
compound ores contain sulfur or oxygen; for example, chalcocite 
(Cu^S), chalcopyrite (CuFeS,), malachite (Cu^fGHlXOs), and 
cuprite (Cu.O). These differ so widely in composition it is not sur- 
prising that a number of different metallurgical processes are em- 
ployed. After concentration the oxide ores are, in general, reduced 
with coke and a flux much as is iron. The sulfur ores, which account 
for about three-fourths of this country’s copper output, must be 
roasted before they can be reduced. Very pure copper, such as is 
required for electrical conductors, is made by treating the products 
of the above operations electrolytically. This process is described in 
some detail in Chapter 25 in connection with copper and silver plat- 
ing. It will be sufficient at this point to say that it is similar to elec- 
trolysis of water in which water is decomposed into hydrogen and 
oxygen by passing an electric current through it. In the case of cop- 
per, the impure metal is used as one of the electrodes. The electric 
current then causes this metal to go into solution. It travels through 
the liquid and comes out of solution at the other electrode, being 

plated on it in the form of the pure metal. 

Most people are quite familiar with many of the uses to which 

copper is put. Its value lies in its properties of high ductility and mal- 
leability, high conductivity of both heat and electricity, and low rate 
of corrosion or oxidation. Most of the copper produced today goes 
into alloys, of which the following are some typical examples: gold 
jewelry, of gold and copper; silver jewelry, of silver and copper; sil- 
ver coins, of silver and copper; five-ccnt pieces, of nickel and copper; 
bronze, of copper and tin; and brass, of copper and zinc. 


Aluminum 

Aluminum is the most abundant metal, and the third most abun- 
dant element in the earth’s crust, being present to an average extent 
of about 8 per cent. It achieved no commercial importance before 
1886 because it is not found free in nature and up to that time no 
cheap method of separating it from its ore was known. It was first 
isolated in 1825 and within a few years of that date small amounts of 
it were produced at a cost of approximately $ 1 60 per pound. About 
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1854, Napoleon III became interested in the metal as a substance from 
which to make armor. He authorized a government grant of funds to 
be used in searchmg for better and cheaper methods of freeing alu- 
minum from its natural compounds. This work, directed by the 
French chemist Deville, was carried on for over 30 years and by 1886 
had reduced the cost of manufacture to $12 per pound. Following 
the discovery in 1886 of a cheap method of extracting aluminum the 
price dropped rapidly and by 1888 reached $2 per pound. The pres- 
ent peace-time cost of a pound of aluminum is in the neighborhood 

of 20 to 25 cents. 

The discovery of the method now in use for getting aluminum 
in a pure form constitutes, in many respects, one of the most inter- 
esting and astonishing stories in all science. Perhaps the most star- 
tling feature of all in connection with it is the fact that the discovery 
was made quite independently at almost exactly the same time, by 
Charles Hall, a 22-year-old American and by Paul Herolt a 22-year- 
old Frenchman. The two men received their patents the same year, 
each in his own country. Neither had any connection with, or knowl- 
edge of, the other up to the time of their remarkable discovery and 
so deserve equal credit for it. Hall first became interested in pre- 
paring pure aluminum while he was a student in Oberlin College It 
occurred to him to try to apply electrolytic processes to the problem. 
Since such methods require that the substance be in liquid form, it 
was necessary to find something in which bauxite (AlOs) , the a u- 
minum oxide ore, would dissolve. The answer to this problem proved 

to be a mineral called cryolite, the composition ^ 

by its formula, Na 3 AlF«. Hall found that the cryolite could be melted 

I Z would separate into its constituents. Thus, ess than a yea 
after he graduated from college, Charles Martin Hall solved one 
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and airplanes. As an insulating material, aluminum foil Is as efficient 
as cork and weighs less than one-fiftieth as much. The use of alu- 
minum pigment instead of lead in the paint put on a battle cruiser 
saves some 100,000 pounds in the boat’s weight. The fact that both 
lightness and good heat conducting properties are combined in alu- 
minum makes it valuable for use in automobile and airplane engine 

parts such as pistons, and cylinder heads. These same two 
plus its pleasing appearance, give it an important place in the field of 
cooking utensils. Because it is a comparatively efficient conductor of 
electricity, steel reinforced aluminum electrical transmission lines are 
In use in the United States today to an extent of between 400,000 and 
500,000 miles. Compared with copper in this respect, aluminum is a 
poorer conductor for the same diameter and length wire but a better 
one for the same weight of transmission line. It is constantly finding 
new uses in the architectural field. The first important application in 
this field occurred in 1 8 84 when an aluminum cap was put on the 
Washington monument. Its architectural importance today may be 
gauged by the fact that some 3,000,000 pounds of it went into Rocke- 
feller Center. 


Zinc 

Since the most important zinc ore In the United States is a sul- 
fide (ZnS) , roasting enters into its metallurgy. When the zinc sul- 
fide is roasted at low temperatures, it changes into the sulfate. 

Zinc sulfide Oxygen Zinc sulfate 

ZnS -f 2 O 2 ^ ZnSO* 

The zinc sulfate is then dissolved in sulfuric acid and the free metal 
recovered from this solution by electrolysis. Zinc is a bluish-white 
metal a little lighter than iron. It is hard and brittle at ordmary tem- 
peratures but becomes quite malleable and ductile if heated a little 
higher than the temperature of boiling water. Its principal use is in 
coating iron to prevent rusting of the latter. Such zinc-coated iron 
is the material that we call " galvanized iron.” It should be recalled 
that although zinc appears above iron in the activity series, its corro- 
sion is negligible because of the surface layer of oxide that forms first 
and protects the rest of the metal. Its next most important use is as the 
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material which is alloyed with copper to make brass. It also finds ap- 
plication in such fields as the manufacture of dry batteries, paint pig- 
ments, and roofing. An important use of the compound zinc oxide, 
which will be mentioned again in the next chapter, is as a compounding 
ingredient in the manufacture of rubber products. 

Tin 

The principal tin ore is the oxide SnOo, known as cassiterite. The 
ore is reduced to the metal by the same process used with iron, that 
is, by smelting with carbon. Tin is a white metal, not quite so heavy 
as iron. At the temperature of boiling water it is highly malleable 
but becomes very brittle if heated to 400° F. At low temperatures 
it tends to crumble into dust, a phenomenon which is known as " tin 

disease ” and which occurs most rapidly around — 50° F. 

Much of the tin used in this country goes into making our annual 
supply of some 12 million " tin cans,” which actually are iron cov- 
ered with a very thin coating of tin. It also forms a number of valu- 
able alloys including bronze, which has already been mentioned, and 
solder. The annual production of tin is in the neighborhood of 130,- 
000 tons. Very little is produced in the United States although we 
use about two-thirds of the world s total production. 


Lead , 

The lead ore of greatest importance is the sulfide PbS, called 
galena. In extracting the lead, part of the lead sulfide is first roasted 
to produce an oxide. This oxide is then mixed in a blast furnace with 
the sulfide ore, limestone and coke. In the smelting process the lead 

is set free from both compounds. 

Lead is about half again as heavy as iron and is very soft, ts 

tensile strength is low. It has a bright luster when tehly cut but 
quickly tarnishes, forming a coating which protects the rest of the 
metal. It is rather highly resUtant to a number of ac.as. Some ol 
its applications are as a constituent of type metal solder, and Babbut 
metal; in storage batteries, electric fuses, collapsible tubes hke tooth- 
paste containers, lead pipes, lead foil, and other ^o™ of 

its compounds find important uses in the pamt, glass, rubber, match, 

Storage battery, linoleum, and textile mdustnes. 
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metals and alloys 


The above group comprise the better known and most importan 
metals. Analogous facts about others may be found .n chemistry and 
metallurgical textbooks. Some of the less familiar ones which are rap- 
idly increasing in importance because of their alloys with each other 
and with the more common ones are nickel, tungsten, chromium, va- 


nadium, molybdenum, and cobalt. 


Alloys 

Alloys are usually prepared, simply by melting two or more met- 
als together and then allowing this liquid mixture to cool and solidify. 

If no chemical reaction occurs between or among the constituents, the 
resulting alloy is a simple mixture. In some cases there is a definite 
reaction and the resulting alloy is a chemical compound. In a third 
type the degree of combination of the metals is such that the product 

can be described best by calling it a solid solution. 

The enormous importance of alloys lies in the fact that by com- 
bining metals in this fashion almost any desired set of properties can 
be attained. In any specific application, one decides first what group 
of characteristics would be most desirable and then, in most cases, finds 
it possible to alloy several metals together and produce just the re- 
quired material. The field of magnetic alloys offers striking exam- 
ples of this fact. In certain situations it is desirable to have a mate- 
rial which can be very highly magnetized and which will retain this 
magnetism for long periods of time. For such applications an alloy 
of aluminum, nickel, cobalt, and iron has been developed. A magnet 
made of this substance, called Alnico, will support several hundred 
times its own weight. A magnet with exactly the opposite set of 
properties would be one which could be very easily magnetized and 
which would lose its magnetism just as readily. An alloy of nickel 
and iron, known as Permalloy, is outstanding in these respects. It 
acquires magnetism so easily that a bar of it held north and south, 
that is, parallel to the earth’s magnetic field, will pick up small bits of 
permalloy. Also it loses this magnetism so readily that if the bar is 
turned east and west, the pieces of permalloy fall off, being no longer 
attracted. Both of these alloys are mentioned somewhat further in 
Chapter 23. 

Other examples of designing an alloy to fit the use for which it 
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is intended are found in the field of low-melting-point materials. 
Wood’s metal, an alloy of bismuth, lead, tin, and cadmium, melts at 
160° F., a temperature considerably lower than the boiling point of 
water, and lower than the melting point of any of its constituents. 
One important application of this material is in automatic sprinklers, 
such as are used in buildings for fire protection. When a fire starts 
the heat melts out a plug of Wood’s metal rather quickly, and re- 
leases the water. In 1936, Professor Sidney French of Colgate Uni- 
versity discovered that by adding the somewhat rare metal indium to 
the four in Wood’s metal, an alloy was obtained that has a melting 
point of 116° F., which is less than 20 degrees above body tempera- 
ture. Various interesting uses for this material have been suggested. 
Used as casts for broken bones it would be hard at room temperature 
and yet could be melted off when the fracture was healed simply by 
immersing the arm or leg in fairly warm water. In casting art ob- 
jects, a model made of this material could be plated with a hard metal, 
and then the alloy melted and poured out, leaving an accurate and 
durable mold. Seamless hollow vessels could be made m the same 


manner. , . . i i« 

Type metal, composed of antimony and tin, is another examp 
of an alloy which has a melting point lower than that of either of its 
constituents. Although the melting points of antimony and tin re- 
spectively are about 650“ C. and 527“ C, a mixture of 10 per cent 
of the former and 90 per cent of the latter melts at approximately 

^ ’ ° Among the steel alloys important advances have been made along 
several lin *. The addition of manganese or nickel unproves t 
strength of steel. Molybdenum steels are harder and more heat te- 

'"’'"sZdltfpermit the discussion of any more specific alloys 

The following table lists a numkr of the ^ 
gether with their percentage composition and applications. 
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Table 16. A Partial List 

Per Cent 


Name 

Com position 

Aluminum 

Copper 

68-70 

brass 

Zinc 

27-31 


Aluminum 

1-3 

Brass 

Copper 

73-66 

Zinc 

27-34 

Bronze 

Copper 

88 


Tin 

8 


Zinc 

2 


Lead 

2 

Aluminum 

Aluminum 

10 

bronze 

Copper 

90 

Babbit metal 

Tin 

70-90 


Lead 

7-24 


Copper 

2-3 

Bell metal 

Copper 

80-75 


Tin 

20-25 

Chromel 

Nickel 

60 


Chromium 

40 

Duralumin 

Aluminum 

95.5 


Copper 

3 


Manganese 

1 


Magnesium 

.5 

Wood’s metal 

Bismuth 

38 


Lead 

31 


Tin 

15 


Cadmium 

16 

German silver 

Zinc 

21-30 


Nickel 

18-25 


Copper (remainder) 

Gold (white) 

Gold 

82 


Nickel 

18 

Invar 

Iron 

64 


Nickel 

36 


OF Important Alloys 

Uses 

Propeller blades, rudder frames, 
sea valves 

Sheets, tubes, cartridges, etc. 
Strong valves and fittings 


Hard, non-corrodible, ornamental 

Bearings 

Bells, gongs 

Resistance wire for electric heat- 
ing (Patented) 

Strongest and best aluminum al- 
loy. Airplane and automobile 
parts 

Automatic sprinklers, fuse plugs 


Table ware, cheap jewelry 

Jewelry 

Precision instruments, clocks, etc. 
Has low coefficient of expan- 


sion 
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Per Cent 


Name 

Composition 

I7ses 

Maenalium 

Aluminum 

90-94 

Scientific instruments, balance 


Magnesium 

10-6 

beams 

Manganese 

Copper 

56 

Propeller blades; has great resist- 

bronze 

Zinc 

41 

ance to wear 


Tin 

.5 


Iron 1, Manganese . 

5, Aluminum 1 

Monel metal 

Nickel 

60 

Propeller blades, wire, sheets, etc. 


Copper 

33 

Is almost non-corrodible 


Iron 




Manganese 

(?) 


Pewter 

Tin 

85-90 

Platters, bowls, vases, etc. 


Lead 

15-10 


Solder 

Lead 

67 

Used by plumbers 


Tin 

33 


Steel — low 

Carbon 

.05-.25 

Boiler plate, rivets, bridges, shaft- 

carbon 

Iron (remainder) 

ing, structural work 

Steel — medium 

Carbon 

.4-.8 

Cutlery, rails, drills, castings. 

carbon 

Iron (remainder) 

saws, files, razors, etc. 

Steel — high 

Carbon 

1.2-1. 5 


carbon 

Iron (remainder) 


Type metal 

Lead 

60-85 

Printer's type 

# A 

Antimony 

8-20 



Tin 

5-3 5 


Tin foil 

Tin 

88 

Wrapping for foodstuffs, tobacco 


Lead 

8 

chewing gum, etc. 


Copper 

4 


Tinsel 

Tin 

60 

Decorative purposes 


Lead 

40 


Sterling silver 

Silver 

80 

Silverware, etc. 


Zinc 

18 



Copper 

2 


Silver coins 

Silver 

90 



Copper 

10 
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Name 

Shot metal 
Stainless steel 

Permalloy 


Per Cent 


Composition 


Lead 

99 

Arsenic 

1 

Chronium 

12-15 

Carbon 

.3-.4 

Manganese 

.2-. 5 

Silicon 

.2-.3 

Iron (remainder) 

Nickel 

78 

Iron 

21 

Cobalt 

.5 


Uses 

Bullets and small shot 

Uses requiring material that will 
not corrode 


Telephone cables 


Questions 

Discussion 

I. Give reasons for gold, sUver, and copper having been the earliest metals 

““‘* 2 !’ N^e the members of the group known to the alchemists as " The 
Seven Metals.” 

3. Define ductility and malleability. 

4. Explain the " displacement reaction ” method of determimng compara- 

tive chemical activities of different metals. 1 r 

5. Why are not corrosion and reaction with water satisfactory bases tor 

comparing the chemical activities of all the metak? 

6. Find out at least three specific displacement reactions other than the 

one given in this chapter. 

7. Name and define the four general metallurgical processes. 

8. Which one of the four metallurgical procedures is not necessary in the 

case of ores which are oxides? Explain. 

9. What compound of iron is the most common ore in the United States? 

10. Using equations, describe the reactions occurring in a blast furnace that 

are directly connected with the reduction of the ore. 

II. What is the function of the limestone which is put in the blast furnace 

along with the ore and coke? 

12. Name three products of the blast furnace. 

13. Describe two methods of making pig iron into steel. 

14. In what ways is the metallurgy of the following metak different from 

that of iron and in what ways similar? 

(a) Copper, (b) Aluminum- (c) Zinc, (d) Lead. 

IJ. Name the several types of alloys and distinguish between them. 

16. Mention several specific alloys and show what advantages they posses: 
over pure metak. 
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Multiple Choice 

1 . The third, eighth, and thirteenth metals in the chemical activity series 
are calcium, tin, and silver respectively; from this, one may infer that (one 
or more) (a) calcium is the most active of all the metals, (b) silver will be 
displaced from solution by either tin or calcium, (c) silver is more active 
than tin, (d) tin is less active than calcium but more active than silver, (e) 
calcium will displace either tin or silver from solution. 

2. List all of the following that occur in the blast furnace in the manu- 
facture of iron, (a) Production of steel, (b) Formation of slag, (c) Re- 
duction of iron ore. (d) Production of wrought iron, (e) Alloying of ma- 
terials to make a product like stainless steel. 

3. Which one of the following does not belong in the group? (a) 
Hydrogenation, (b) Roasting, (c) Concentration, (d) Reduction, (e) 

Alloying. 

4. Gold may be drawn out mto very fine wire because of its high (a) 

density, (b) malleability, (c) ductility, (d) electrical conductivity, (e) ten- 
sile strength. , , , „ . 

5. An open hearth furnace uses which one of the following as its pnn- 

cipal raw material and produces which one? (a) Wrought iron, (b) Slag, 
(c) Steel, (d) Combustible gas. (e) Oil froth, (f) Pig iron, (g) Bes- 
semer steel. 


True-False 

1. If tin (Sn) appears m the activity series above copper (Cu) , one would 
expect the following reaction to occur: 

Cu + SnS 04 ^ CuS 04 + Sn 

2. In the metallurgy of aluminum, reduction is accomplished chiefly by 

heating the metal in the presence of hydrogen. 

3? The metals appearbg near the top of the activity series were those 

used first by man. 

4 The principal zinc ore requires roastmg. , . . , 

$. The Lsemer converter finds its principal apphcaaon m the conver- 
sion of sulfur compounds bto oxygen compounds. 

« Xalloy crkv. a n..ld«g P«i». lo«» th» .hat of aoy of .ts »n- 

stituents. 

s!!::; “.ttnrtha. «< a., 7 “ 

/ I j « Kaiiviffi ” " electrolysis,” and Charles Hall. 

7ty miul .ill .oritdy 

I.S5 qolcUy Aan »y «»' »'»" 

10, StainUts sMcl conuins chronuon^ 
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Chapter 18 

COLLOIDS AND RUBBER 

Rubber was chosen as one of the specific materials to consider m the 
•• Man and Materials ” portion of this book for two reasons. 
its natural state it is typical of a group of substances called colloids. 
These, as was suggested in a previous chapter, constitute a state of 
matter that is immensely important to man. Then, second, rubber 
is well worth considering purely for its own sake. In it are combined 
a peculiar and valuable group of properties which make its many ap- 
plications in our modern world both important and interesting. 

The Colloidal State of Matter 

It will be recalled that in Chapter 13 solids, liquids, and gases 
were referred to as " states of matter.” As will be evident from the 
following discussion, this designation is used in a slightly different 
sense when applied to colloids. The general nature of these materials 
can be described best by the use of several illustrations. 

If the reader throws a handful of marbles into a bucket of water 
they sink to the bottom almost unmediately. Breaking the marbles 
up into smaller pieces increases the length of time required for all the 
material to settle. If this process of decreasing the particle size is con- 
tinued indefinitely, a point will finally be reached at which no settling 
whatever occurs, even over a very long period of tune. In such a 
case, the material is said to be in the colloidal state or to be a colloid. 
Synonymous terms for this state of matter are colloidal suspension and 
dispersion. 

Size of Colloidal Particles 

Before discussing the size of the particles involved in colloidal 
suspensions we must define a new unit of length, since the dimensions 
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which we will be considering are extremely small. The unit referred 
to is the micron. The word indicates that this unit is equal to a mil- 
lionth of some other one, the other one in this case being the meter. 
It may also be defined as a thousandth of a millimeter which is ap- 
proximately the equivalent of 1/25,000 of an inch. The micron is 
usually designated by the Greek letter /a. So we may say. 


1 micron = 1 m = *001 mm. 


1 


25,000 


inch 


In Table 17 the approximate size limits of various combinations of 
particles in a liquid are given in microns, millimeters, and inches. 

When particles are smaller than those listed within the colloidal 
range, they are in the realm of molecular and atomic dimensions. 

It should be emphasized that the limits between the groups men- 
tioned in the table are not definite. Originally colloids were so named 
because their apparent solutions behaved like water solutions of glue 
in that they would not diffuse through certain kinds of membrane, 
the word " colloid ” coming from the Greek word for glue (KoAAa). 
On the basis of later experiments it was concluded the peculiar be- 
haviour of these ” solutions ” was due to the size of the suspended par- 
ticles, and the colloidal range was defined as having the limits speci- 
fied in Table 17. Today, however, systems which contain suspended 
particles larger than .5 /. are called colloidal if they exhibit the prop- 
erties generally associated with colloids. These properties are dis- 
cussed in the next section of this chapter. 

Types of Colloidal Suspensions 

The example discussed above of ground-up marbles in water illus- 

, rates but one of eight different types of colloids. In addition to a 
solid suspended in a liquid, there are vanous other possible combina 
tions of solids, liquids, and gases. In fact, wnh but one except^ 
each one of these three can be suspended or dispersed in a medium 
like itself, or like either of the others. The exception is that of a g« 
in another gas, a combination which is not called a CO loid becaus 
Lh parts, or phases, are of molecular size Table I. lists the eight 

oossibaities together with one or two examples of each. 
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Table 18 . Types of Colloids with Examples of Each 

1. Solid in a solid — cobalt oxide in glass — blue glass 

2. Solid in a liquid — india ink 

3. Solid in a gas — carbon in air — smoke; volcanic dust 

4. Liquid in a solid — water in butter fat 

5. Liquid in a liquid — mayonnaise or any emulsion 

6. Liquid in a gas — fog; mist 

7. Gas in a solid — floating soap 

8. Gas in a liquid — foam 


Properties of Colloidal Suspensions 

There is a rather definite set of properties that all colloids pos- 
sess. The first of the group, one which has already been mentioned, 
may be expressed by the statement, " Colloids are stable.” In other 
words, the material in suspension does not settle. Although gold has 
a much higher density than water, colloidal suspensions of gold in 
water may be kept for years without any of the solid collecting in 
the bottom of the container. The same is true of iron and other 
metals. Reasons for this stability will be suggested in connection with 


certain of the other colloidal properties. 

^ .-L 




Fig. 94. Diagram illus- 
trating arrangement of 
parts in the ultra-micro- 
scope. 


One of them is implied in the fact that 
"Colloids exhibit Brownian movements.” 
Observed through an ordinary microscope, 
colloidal suspensions appear as clear and 
homogeneous as true solutions. This is be- 
cause most colloidal particles have diameters 
less than the .1 micron which marks the 
lower limit of microscopic visibility. How- 
ever, a device called the ultramicroscope 
makes it possible to detect the presence and 
movements of particles as small as a milfionth 
of a centimeter which is but .01 micron. 


Fisur. 94 illustrates the arrangement of parts in this * 

;f 4 ^a hi f Powe ^ « "S'" “ 

wte7t!b Jvdln ’this fashion, collotdal particles are seen to dart about 
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haphazard. ^1.-* T "it rjc", lird 

that this random movement was exp ained as bemg caused by th 
bombardment of the particles by molecules of the liquid. Such 
general and continuous bombardment would tend to keep suspended 

particles from settling. ^ fVi^ 

To distinguish colloids from true solutions, use is made ot 

fact that "Colloids exhibit the Tyndall effect." When a beam o 

light is projected through a colloid its path may be clearly followed 

because of the reflection of light by the suspended particles. It is this 



phenomenon that is given 
the name Tyndall Ef- 
fect.” The cone-shaped 
beam of light in the ma- 
terial is called a Tyndall 
cone. The effect is shown 
in the picture in Fig. 95. 
If the liquid used in that 
demonstration had been a 
true solution, the path of 
the beam of light would be 
quite invisible. A familiar 
example of the Tyndall ef- 
fect is found in the appear- 
ance of a beam of sunlight 
coming through a hole in 
the window shade into a 
darkened room. Reflection 


Fig. 95. Tyndall cone of light in a colloidal 
suspension. (Photo H. Walker.) 


of the light by dust particles in the air makes its path easy to follow. 
It is for this same reason that the beam of light from the projector to 
the screen in a motion picture theater is visible. Readers who were 
movie fans before the days of air-conditioned theaters will recall 
that the projector beam was much more conspicuous then than it 


IS now. 


The last of the properties that we shall mention here is the fact 
that "Dispersed colloidal particles carry electric charges.” Antici- 
pating the later discussion of electricity in this book, we may say here 
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that there are two kinds of electric charges, called positive and nega- 
tive, respectively. Experintent shows that when two particles carry 
the same kind of charge they tend to repel each other. If they carry 
opposite charges, there is a force of attraction between them. Now 
in any given colloid all the particles have the same kind of charge, 
although different colloids may be charged differently. Thtis there 
is always present a mutual repulsion within the dispersion. This 



Fig 96. Comparative views of a smelter in the PhiUppine Islands with the 
electric precipitator off and on. (Western Precipitation Corporation.) 


tends to keep the small particles from either settling or coagulat- 
ing into larger particles that might be heavy enough to smk to the 


industrial application of this last property is found in a 
method of eliminating factory smoke, known as " ^ottrejl ^reopi a 
tion.” Smoke is a colloidal suspension of carbon m air and the carbo 
particles are electrically charged. If the smoke passes over or 
Leen plates which carry the other kind of charge, the bits of carbon 

will be attracted. Once they reach the plate and are 

nev Figure 96 shows comparative photographs taken of a factory 
with and without the Cottrell Precipitator m operation. 
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Having discussed colloids as a group, we next .urn to a cou- 
aideraciou of rubber which is colloidal m ua.ure as ,t comes r m 
the tree in the form of latex and rema.us so when ,t .s prepare » 
the manufacturing processes and when ,t ,s made mto articles 


commerce 


Rubber 


Sources of Crude Rubber l u 

Although there are more than 200 different trees shrubs, and 

vines from which rubber can be obtained, not more than 10 or a- 

are of any commercial importance. These are natives of different 

parts of the world and were all experimented with extensively during 

the early years of the rubber industry. The best source of rubber is 

the plant which possesses to the greatest degree such properties as hig 

yield, high quality of product, early yield after planting, rapid hea - 

ing of tapping wound, and ability to stand frequent tapping. The 

tree that has been found to excel in these attributes is Hevea brazilien- 

sis which, as the name indicates, is a native of Brazil. The Hevea tree, 

as it is commonly known, like all rubber-producing plants requires 

a warm climate and an annual rainfall of 70 inches or more. It grows 

to heights of from 60 to 100 feet and averages between 3 and 4 feet 

in diameter. The latex is not, as is sometimes supposed, the sap of the 

tree. It flows up in canal cells which are located in the inner bark 

just outside the cambium layer. Since the fluid is under pressure in 

these cells, it will flow out when they are cut, and may be collected 

in a cup hung beneath the wound. The trees grow rapidly and reach 

bearing size in from 7 to 10 years after planting. At this time they 


are usually some 6 inches in diameter. 

In the very early days of the rubber industry, all of the product 

was wild and practically all of it came from South America. With the 
growth of interest in Europe and North America, a period of experi- 
mentation began, during which trees and shrubs from essentially the 
entire world were tested for their rubber-bearing qualities. The net 
result of these investigations served to demonstrate the great superi- 
ority of the Hevea tree over all the others. Consequently, when ex- 
tensive plantations were started, it was chosen as the tree to be planted, 
and today is responsible for some 97 per cent of the world’s total yield 
of rubber. 
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In 1941 there were over 9,000,000 acres of plantations in pro- 
duction, averaging about 100 trees to the acre. Most of this acreage 
is in the Far East including Sumatra, Java, and Ceylon. The ancestry 
of every one of these hundreds of millions of Hevea trees on planta- 
tions can be traced back to some 70,000 seeds that were taken out 
of Brazil in 1876 by an Englishman named Henry A. Wickham. 
They were planted in the Kew Botanical Gardens and between 2,000 

Table 1 9 World Rubber Statistics — All Production in Long Tons 
(Part of table in Rubber and Its Uses, by H. L. Fisher, Chemical Pub- 
lishing Company, 1941) 


Yeaf 

1826 

1830 

1840 

I 860 

1870 

1880 

1890 

1900 

1910 

1920 

1930 

1953 

1957 

1939 

1940 


PUmiatm 

Acres 


Eastern 

Plantatian 

{Tons) 


Anmon 

VaUey 

{Tons) 


Others 

{Tons) 


Total 

{Tons) 


* « « 


* • 


300 

7,000 

1.123.000 

4.300.000 

9.000. 000 

9.230.000 

9 . 000 . 000 


4 

7,269 

303,106 

802,082 

853,058 

1.108,717 

970.029 

1.390.469 


26,323 

37.938 

23,216 

14,260 

11,273 

13.376 

13,892 

17.661 


17.804 

48,806 

15,672 

3.372 

6,100 

11,103 

18,847 

21,933 


8,300 

17,000 

30,730 

44,131 

94.103 

541,994 

821,914 

827,413 

1,133,398 

1,002768 

1,430.063 


Average 

U.S. U.S. N.Y, 
Imp^ Imports Pria 
{Tons) % Total {per lb.) 


8 

160 

260 

1,673 

3,300 

8,109 

13,356 

20.308 

42.210 

249,321 

437.423 

433,736 

392.328 

486.372 

818,102 


41 

48 
30 
46 
43 
73 
36 
32 
32 

49 
59 


$0.62 

.87 

.83 

.84 

.98 

2.07 

.36 

.10 

.12 

.19 

.18 

.20 


a„d 2,!00 of them gorminated. Th« we aent to «yioo 

cultivatioo was cootioued, with latet distribution bemg 

oatts of the empire. Thus, there began the great eastan plantation 

system which increased its production ft™ a total »»»” ““ 

„( tubb« in IPOO to almmt a million and a half mm m mO 
Some world rubber statistics are shown m Table 19. The toL 
i„g points should he noted particularly. Plantation rubber rapnly 

;7cen. of the toul production. It will he ^ 

the United States has imported approiamately ha 

, : 1 QUO rook 19 per cent. The yery considerable yananon 

total and m 1940 took 59 p . 
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THOUSANDS OF 

long tons 
1,200 



1,000 






, , „ r„Minrl In 1932, not shown in the table, rubber 

pnm rlche/an all-time low of less than three cents pet 

As soon as the Tar started in Europe, the consumpnon of rubber 

began to increase due to sales of war goods to England and France. 

In 1940, 648,000 tons were consumed 
and in 1941, 775,000 tons. At the end 
of 1940 the reserve stockpile of rubber 
in this country was only 125,800 tons, 
barelv more than two months’ supply. 

In the face of the threat of war in the 
Pacific which might cut off 90 per cent 
of our rubber supply, this country was 
compelled to seek the solutions to two 
problems. The first was the accumula- 
tion of as large a stockpile of rubber as 
possible, and the second, the develop- 
ment of a source of rubber independent 

of foreign supply. 

The Rubber Reserve Corporation 

was organized to solve these two prob- 
lems. As a result of the efforts of this 
organization, 1,835,000 long tons of 
natural rubber were Imported during 

1940 and 1941. By April 2, 1942, we 
had accumulated a reserve of 630,356 
tons. If the reader will refer to a his- 
tory of World War 11, the significance 
of that date will be obvious. From this 
point on it was a race between the 
consumption of that stockpile and the 
building of factories to produce syn- 
thetic rubber to take its place. The 
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Fig. 97. Production of syn- 
thetic rubber in U. S. govern- 
ment-owned plants. (Rubber 
Age, July, 1945.) 


charts in Fig. 97 show how this race progressed. The production 
shown for 1946 was that expected if the war had continued that long. 
At present (January, 1946) there is no way of knowing just how 

. . < . .111 *111 1 • T -* 1 . • • *11 


going 


much natural rubber will be available this year. Fighting is still 
on in Java, and in Malaya the process of replacing machinery and of 
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recruiting workers has just begun. By the time these pages are read, 
however, reconversion to natural rubber will probably be well along. 

One of the most important developments of recent years in plan- 
tation rubber has been the return to the western hemisphere of the 
descendants of some of Wickham’s 70,000 Hevea emigrants. The fact 
has already been mentioned that, although the United States uses 
over half the world’s production of rubber, practically all the planta- 
tions of the world are in the Far East. This is true in spite of the fact 
that trees grown on these plantations are all natives of the western 
hemisphere. A number of projects are now under way looking toward 

the return of this particular native to its homeland. 

A comparison of the yield of the trees being brought back to 

this hemisphere with that of the wild Hevea trees still growing in 
Brazil affords a striking example of the improvements that are possible 
through scientific selection and propagation. The wild jungle trees 
average around 3 pounds of rubber per tree per year whUe some fairly 
large cultivated acreages have attained an average annual yield of 10 
pounds per tree. In a few cases trees have been developed to the point 
of producing as much as 24 pounds of rubber in one year. 


Nature and Properties of Crude Rubber 

As the latex comes from the wound in the Hevea tree, it is a co - 

loidal suspension of rubber particles in a liquid which is almost entire y 

water. The rubber makes up something like 3 5 per cent by weight of 

,k total. Tho suspended partlclet carry a negative 

a quarter of a micron. It has been estbnated that there are 

some 10’* of them per cubic inch of latex. * , u 

Chemically, crude rubber is classed as a Mroc.rbo- 

L k^n^he exact number of these constituent atoms is noysta - 

lished. Therefore the chemical formula for rub / j 
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,S,080 for 1.000, roorparcd w.,h a little over U for water. 

58.5 for table salt (NaCl), or 98.1 for sulfunc f ^^O; . 

Two important chemical reactions involving ru cr vvi 
sidered here. The first is the reaction between rubber and sulfu 
which we give the name vulcanization. The discovery of vulcaniza- 
tion by Charles Goodyear in 1839 stands out as the 

single Ivelopment in the history of this material. This is because o^ 
the fact already referred to, that rubber by itself becomes soft and 
sticky when warm, and stiff and brittle when cold. When reacted 
with sulfur, that is, when vulcanized, it maintains its desirable prop 
erties over a considerable temperature range. Vulcanization tec - 
niques will be described in more detail in connection with the later 

discussion of steps in processing rubber. 

The second reaction is oxidation. Crude rubber exhibits some 

tendency toward aging or oxidation, particularly when in sunlight 
or at fairly high temperatures. Unfortunately, after the rubber is 
vulcanized the rate at which this deteriorating reaction goes on in- 
creases. Consequently, it becomes necessary to add certain ingredients 
to the rubber to retard oxidation. Further mention of substances 
which serve this purpose will be made a little later m the chapter. 

The best known physical property of rubber is undoubtedly its 
great extensibility. With the possible exception of certain muscles, 
rubber possesses this characteristic to a greater degree than does any 
other natural substance. In some forms it can be stretched as much 
as 1,000 per cent and still return to almost exactly its original size. 

So-called true, or crystalline, solids have sharply defined melting 
points. For example, ice that is heated from 0° F. up to 32° F. remains 
a hard, solid material until the latter temperature is reached and at that 
temperature, melts. Other substances that we commonly call solids, 
such as glass and paraffin, simply grow progressively softer as they are 
heated and eventually flow. Technically, such materials are not solids 
but are super-cooled liquids. Rubber resembles these latter substances 
in that it does not have a definite melting point. It differs from 
them in that liquid rubber formed by heating is chemically different 

from the unheated rubber. 

Two other important physical properties of rubber are its high 
resistance to abrasion or frictional wear and its ability to withstand 
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shock. Both of these are of great importance in certain applications 
that will be mentioned in the latter part of the chapter. 

Among rubber’s less desirable characteristics is its poor resistance 
to liquids like oil, gasoline, or benzene. Contact with these causes it 
to swell and to lose its strength. It is in applications involving such 
contact that some of the new synthetic elastics find important uses. 

Finally, it may be mentioned that although rubber shows poor 
resistance to the liquids cited above, it is almost entirely inactive in 
the presence of many chemicals, which accounts for various important 

modern applications of it. 


Steps in Rubber Processing 

It is our purpose in this section to trace briefly the various stages 

in the treatment of rubber from the time it oozes from the Hevea tree 

as latex to the time it becomes a finished product. 

Plantation Operations. — We will begin this life history of a 

rubber tire or hot-water bottle with the tapping of the tree. This 
process is pictured in Fig. 98. The slanting cut is made about a quar- 
ter of an inch deep and extends from a third to a half of the way 
around the tree. The process requires considerable skill because, to be 
completely satisfactory, the cut should extend across all the lattx- 
carrying cells but should not be deep enough to mjure the cambium 
layer. The exuding latex flows along the cut to a spout which directs 
it into a small cup. In successive tappings the bottom of the ongina 
cut is lowered. This also is evident in the picture. A healthy, mature 
tree can be tapped on an average of every other day for many years, 

yielding from 1 to 2 ounces of Utex each time In 

native tapper taps from M 0 to 400 trees. By the time this is fin 

the flow from the first one is completed and he males the rounds again 

collecting the latex, which is taken to a central station. 

Here the ruhher must he coagulated, that is, separate torn 
water in which it is suspended in the latex. In the early days of th 
rubber industry this was accomplished by evaporanon. A native 
would permit the latex to drip slowly on a horixontal stick whiA h 

olved continually over , nut fire. As the . 


rev 


ball or biscuit ” of rubber was hudt up on the stmk. and then re- 
m!ve" when i, reached a weight of 40 or 10 pounds. It was m th. 
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form of these biscuits that the wild rubber came upon the market. 
The coagulation process used on plantations today is a chemical one. 
The latex is put in large aluminum tanks which contain removab e 
partitions. Dilute acetic acid is added. This has the effect of "cutra - 
izing the negative charges on the colloidal rubber particles and they 



Fig. 98. Tapping a rubber tree. (Scientific American.) 


collect together into a sort of semi-solid gel. When the reaction is 
complete the coagulated rubber or ” coagulum is removed from the 

tank in the form of a long, doughy strip. 

The next step depends on which of the two most common types 

of crude rubber is desired. If it is to be of the sort called pale crepe, 
the coagulum is passed between rollers somewhat as clothes are put 
through a wringer. This ” wringer ” differs from the ordinary one 
in three important particulars. First, the rollers are made of steel; 
second, there are a number of pairs instead of only one; and third, 
one member of a pair rotates faster than the other. The squeezing 
action, aided by a stream of water which plays on the rubber, serves to 
remove essentially all the impurities and liquids from the coagulum. 
The difference in roller speed produces a tearing action. The sheets 
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that emerge are hung in sheds to dry. They are yellowish-white in 
color and have the rough sort of surface that we associate with crepe 

rubber shoe soles. 

The other kind of crude rubber is called " ribbed smoked sheet.” 
In this case the coagulum passes between rollers which revolve at the 
same speed and serve simply to force out the liquids. Usually there 
is also some sort of design on the rollers which is impressed into the 
rubber sheets, hence the term " ribbed.” Next, this rubber is hung in 
a smoke-house and given much the same sort of treatment as that 
accorded to hams and bacon on American farms. The finished prod- 
uct is dark brown in color and possesses an odor similar to that of 

the smoked meat mentioned above. 

Until rather recently, almost all the rubber that left the planta- 
tions was in one or the other of these two forms. The last few years 
before the war, however, saw increasing amounts of liquid latex bemg 
shipped directly to the manufacturing plants of the United States. 
This development was made possible by the use of preservatives added 
to the latex to slow down bacterial action and to prevent tk liquid 
from becoming acid, thus avoiding premature coagulation. The prin- 
cipal such preservative is ammonia. Before shipment the latex is 
concentrated so that the water content is reduced from 60 per cent 
to about 3 5 per cent. Important modern uses of rubber in this form 


will be described later in the chapter. 

Addition of Compounding Ingredients. - Crude rubber must 

be given further treatment before it has any great industrial value 
We have already made some reference to the nature and importance 
r, cLa.io„ In addition to the sulfur which is added or thu re^ 
a rion various other so-called " compounding ingredients are added 
rr; crude rubber for a variety of reasons. The firs, step in Ai. 
part of the process is breaking down the rubber to make it more plas^ 
This is done in a rubber lAlk a device which 

iT,' - w* .1” t'r 

one The crude rubber is passed between these rolte ..me after time 
during both the ” br.kdown “L former 

rrpretr ;rth; compounding ingredients, consisting of oils, 
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tars, or other softening materials, as well as dry powders, mixed m 
This is accomplished by simply putting these materials on the rub 
I it is being repeatedly worked through the mil The kneadm 
which the rubber receives serves to mix in the ingredients rapidly an 
uniformly. Now we will mention some of the groups of materials 
that are compounded with the rubber together with their^nctions 
Sulfur is added for the purpose of vulcanization. The actual 
vulcanizing process requires the application of heat and is usually not 

done until the finished product has been formed. 

Accelerators are added to speed up vulcanization. The discovery 

of materials which would perform this service was immensely impor- 
tant because they have enabled the time necessary for vulcanizing to 
be reduced to a fraction of its former value. Some of them also per- 
mit vulcanization to be carried out at lower temperatures than would 
be possible otherwise. The most important accelerators are organic 

compounds. 

Retarders are sometimes added in order to prevent vulcanization 

from taking place sooner than is desired. 

Softeners tend to make the stock easier to plasticize and so reduce 

the time necessary for the milling operations. Among the typical 
softeners are vegetable oils, waxes, pine tar, and stearic acid. 

Antioxidants, as the name implies, tend to retard oxidation and 
aging of vulcanized rubber caused by exposure to air and sunlight. 
They also hinder the deterioration which otherwise results from re- 
peated stretching or subjection to heat. 

Reinforcing agents, principal of which is carbon black, greatly 

increase the strength of rubber and the resistance it offers to wear. 
The fact that in 1941 automobile tires could be depended on to go 
from 21,000 to 40,000 miles whereas in 1910, 3,000 was considered a 
good mileage, is due to a considerable extent to the development and 

use of reinforcing agents. 

Reclaimed rubber may or may not be added to the mixture, de- 
pending on the use to which it is to be put. So-called reclaim is 
produced by re-softening and re-plasticizing discarded rubber prod- 
ucts. The material is not " de-vulcanized.” Because reclaim costs 
less than a third as much as new crude rubber, its use reduces manu- 
facturing costs. It should be emphasized that where reclaimed rubber 
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is employed, its use does not necessarily mean a reduction in qual- 
ity. In fact for certain purposes the use of some reclaimed rubber 

adds desirable properties to the finished product. 

Coloring agents are added to give the finished product the desired 
color. These include zinc oxide for white, lead chromate for yellow, 
and ferric oxide for red. Various organic dyes are also employed for 

this purpose. 

Fillers of various kinds are added for such purposes as giving the 
mixture the proper consistency, producing a certain desired kind of 

surface, and lowering cost of manufacture. 

Calendering, Frictioning, and Tubing. — The next operation 
depends on the form in which it is desired to have the final rubber 
stock If sheets of rubber are wanted the compounded material is run 
through a machine called a " calender.” This device consists of a 
series of smooth steel rolls whose distance apart can be accurately con- 
trolled. The same machine can be adjusted either to apply a thm coat- 
ing of rubber on fabric, called " skim-coating,” or to squeeze rubber 

into the fabric, known as " frictioning.” ^ ^ , , 

The tubing machine is one of the most useful of all rubber-worL- 

ing devices. Its operation resembles that of a sausage machine in that 

a worm arrangrmcM rurning in a cylinder forcer .he compounded 

rubber our .hrough an opening or die. If a pin ,, placed ,n Ae ceme 

of the die-opening, the rubber will emerge m the form of atube. 

machine is used in manufacturing such articles as inner tubes, ,ar nngs, 
Tarden hose, channel strips for automobile windows, and expansmu 
joint fillers for concrete roads. It also is adapted or putting ru 

Vukaiigation. — As was mentioned above, this part of the process 
usually is no. carried out until the compounded rubber has been fab- 
Tated into the form of the finished product 

"^T;:?:;r:ut' tista"^^^^ pLd in molds and 
L:" “hileToder pressure the Ah;- 

becoming porous is impressed 

that the tread dej. wh h ^ ^ 

lid.' Ime Ptlcts, such as fire and garden hose, insulated wire, 
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j U- cVipet rubber receive the heat necessary for vulcanization y 

o. h„< «.nco«s and 

foomear are cured simply by being placed m an air- or carb 
dioxide-filled chamber which is maintained at a high temperature. 



Fig. 99. View showing tractor tire being removed from mold. (Firestone 


Tire and Rubber Company. ) 


Temperatures necessary for vulcanization vary somewhat with 
the nature of the article but in general are between 230° F. and 290 F. 
The time that is required may be as little as a few minutes or as much 
as several hours, depending on what the product is and what accelera- 

tors have been used. 
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Electronic heating is now being used to vulcani/c some types oi 
'ubber articles. This metht)d of heating depends upon the heat de- 
veloped when the rubber molecule is subjected to a high-frequency 
alternating current, which causes the molecule to bend rapidly, first 
in one direction and then in the other. During this process heat is 



Fig. 100. Electronically-cured Foamex mattress being removed from drying 
oven. (Firestone Rubber and Latex Products Company.) 


generated in much the same manner as occurs when a piece of wire 
is bent sharply back and forth. Electronic heating has not thus far 
been applied to vulcanization of tires but when it is the time of cure 
will very likely be reduced to a small fraction of its present va ue. 
One of the first applications was to the vulcanization and drying o 

rubber sponge. Figure 100 shows a foam rubber matrress^ e,ng 

removed from an electronic vulcanizer and drier. Thi . , 

unit, which was the first of its kind to be placed in commercial opera- 
tion, is built on three levels Including the vulcanization chambers, 
remote control panel and power unit. 
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" cold cure.” It has 


Some articles are given what is known as a _ 
found th« if nJfur chloridu is osod mstesd of 

Lnd its principal applications in the manufacture of dun. brigh 

mlored articles like balloons, bathing caps, and aprom. 

Sutton. _ In addition to the rubber itself «.d the uanom 

rdeL diSber industry of today. V arious kinds of cotton accm- 
pbyed in several diSetent sorts of weaves, but m all cases it OT 
^de finishnl product added body 

i“a^es. I» importance is eviden«d by the fact that 

the United States tire industry uses around a third as many tons of 

cotttm as it does of crude rubber. 


i • 


Some Applications of Rubber 

The fact that just before the war one rubber company made 

more ^an 50,000 rubber products makes it obvious 

Smss m theie pages all the appUcations of this material. The foUow- 

iug li^ gives the distribution of natural rubber consumption m the 

Ui^eed States for 1939: 


■V. • 


^ . 










Tires 

Tubes 

Repair materials 
Mechanical goods 
Drug and sport sundries 
Boots and shoes 
Miscellaneous 


Per Cent 
63.6 


^ . 







^ consideration of applications we will confine ourselves to 
lew of the more important and more recent developments m the 

be war approximatd.y diree-fourths 
went into tires and tubes. The fol- 
eztent of this production for 1940 in terms 
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Tires 


Original equipment 
Replacement sales 
Export sales 

Total 


Tubes 


22,261,725 

35,724,034 

1,169,569 

59,15 5,316 

52,350,867 


Limitations of space prevent us from discussing here the particu- 
lar procedures and techniques that are employed in the manufacture 
of automobile tires and tubes. Therefore, let us call the attention of 
the reader to the two references given at the bottom of this page. ’ 
The story of tire manufacture is told and illustrated in these sources. 

Direct Use of Latex. — Mention was made earlier in this chapter 
of the fact that increasingly large amounts of latex are being shipped 
directly to the manufacturer without first being made into pale crepe 
or smoked sheet at the plantation. There are many applications in 
which it is advantageous to work with the latex in liquid form. In 
such cases the compounding ingredients, including sulfur, are pre- 
pared in colloidal form and simply stirred into the latex. 

One of the most important uses of rubber in this form today is 

in the manufacture of so-called latex sponge or foam rubber. In mak- 
ing this the compounded latex is put in a mixing device somewhat h e 
, huge egg-beater, and whipped to a froth. It is then put in molds of 
the desired design and heated so that it vulcanizes. The material finds 
applications in mattresses, seat cushions, inner soles, athletic equip- 
ment, and many other products. 

If the mixture, instead of being beaten up, is forced through 

small opening into an acid bath, it coagulates to form rubber thread 
Such thread has a circular cross-section and is greatly superior i 
strength and wearing qualities to the old square-cross-sectton thre. 

that was made by slicing strips from vulcanized sheets^ 

The fact that the latex particles carry a negative charge n made 

use of In coating metal forms with rubber. One ■"''■'od of tong *. • 

called ■' anode deposition,” Is very similar to electroplating, a pr<«s 

that will be discussed in a later chapter. Briefly, the procedure is to 

Mai'aziney February, 1940. 
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connect .source of electric current ,o two electrodes, the ob^c b 
coated with rubber being used as the positive one or anode. When 
electrodes are placed in a container of latex and the current turned on, 
the negatively charged rubber particles ate attracted to the pn.ve 
form and deposited on it. Today, anode deposition has largely bee 
replaced by dipping. The form to be coated is first covered with a 
soLion of a salt. Then when the forms are dipped into latex, ion 
from the salt solution neutralize the rubber particles and they coagu- 
late on the form. The forms that are coated may be irregularly shaped 
metal objects that are to be covered with rubber, or they may ^ glove 
or balloon forms from which the rubber is peeled off after a layer o 
the desired thickness has been built up. Products like rubber-coated 
canvas gloves and rubber-covered paper are also made by dipping. 

New Uses for Rubber. — The following is a list of eight com- 
paratively new applications of rubber which have been suggested by 
J. W. Schade, former Director of Research of the B. F. Goodrich Com- 
pany, to illustrate some of the less familiar ways in which rubber is 

used as well as the great variety of its uses: 

1. Lining for Mills. Reference has already been made to the 

great resistance which rubber offers to wear. This has made it an 
excellent material for lining mills used for such purposes as pulping 
paper or grinding up quartz ores. Additional advantages which it 

offers in this connection are decreased vibration and noise. 

2 Oil-well Cosine Guards. These consist of rubber collars which 


are placed around the drill pipe as it works in the casing to prevent 
wear of the latter. Here also the high abrasion-resistance of rubber is 

important. 

3. Rubber Bearings. Rubber bearings have proved to be superior 

to metal ones in applications which involve water. In something like 
85 per cent of the small boats made today, the propeller shaft turns in 
rubber bearings. In larger boats they are used in sizes up to 14 inches 
in diameter, while vertical bearings with diameters as large as 36 inches 
have been employed in water turbines. They outwear their metal 
predecessors many times, particularly in cases where sand particles 
work in along the shaft. An additional advantage lie.s in the fact that 
water is the ideal lubricant for rubber bearings. 
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4. Rubber Putty. A type of putty made from rubber adheres 
very tightly to both metal and glass and does not become brittle with 

age. 

5. Airplane De-icers. Rubber has served to minimize the dan- 
gers to aircraft of ice forming on the wings, one of the greatest of all 
flying hazards. A rubber strip, placed along the leading edge of the 
wing, is so fixed that it can be alternately inflated and deflated. This 
serves to crack up any ice that may be collecting and permit it to be 

blown away. 

6. Tracks for Tractors. Rubber-covered tracks for caterpillar 
tractors increase traction, decrease noise and at the same time give 
greater wear than all-metal ones. Many such tracks were used during 

the war on military vehicles. 

7. Upholstering Material. The use of foam or sponge rubber in 
seat cushions and mattresses has already been mentioned. A somewhat 
similar application consists in combining rubber with animal hair to 
get an upholstering material. Such a product is highly resilient, light 

in weight, and gives long wear. 

8. Supports for Heavy Machinery. This application resulted 

from the development within recent years of two methods of making 
rubber adhere tightly to steel. Rubber adheres well to brass of a 
particular composition, so one of the methods consists simply m first 
brass plating the steel and then sticking the rubber to the brass. In 
the other procedure, the steel is first painted with a particular type of 
cement, a rubber derivative, which serves to hold the two together. 
The accidental fashion in which this second method was discovered is 
of some interest. A group of investigators were searching for a rub- 
ber derivative from which phonograph records could be ^ade. One 
compound that they tried stuck so tightly to the steel record mold tha 
they were unable to get it free. Recognizing its possibilities m th 
connection, the experimentent promptly changed them tntenest to thn 

material which could be used to make rubber adhere to steel. 

The adhering of rubber to steel has proved particularly valua 

in reducing shock and vibration caused by the operation of heavy m - 
hinery. Rubber pads placed under the machines have not been of 

erv from rubber. The procedure is to sandwich a layer of rubber be- 
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„„ „„1 plates, the materials being adhered together m the 
tween two s»l pla .• thus formed 

Tn'rd tTlerrieal position, one steel plate being bolted to the 
machine and the other to the wall or other support. The machme ac- 



Fig. 101. New application of rubber. Part of a 9.6 mile conveyor belt sys- 
tem used to haul building materials for the Shasta Dam project in California. 


(Goodyear Tire and Rubber Co.) 


tually hangs from rubber. By using a number of these insulators ma- 
chines weighing as much as 80 tons have been suspended in this fashion. 

Other apphcations of the bonding of rubber to metal include lin- 
ing chemical tanks with rubber, and covering irregularly shaped ob- 
jects with rubber. 
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Rubber Derivatives 

Rubber derivatives are materials obtained by chemical reactions 
between rubber and substances other than sulfur. One of them is 
the cement already mentioned in the discussion of bonding rubber 
to steel. It is a product formed by rearranging the structure of the 
rubber molecule through chemical reactions which may be induced 
by a number of acidic compounds. Another material that is marketed 
as Pliofilm comes from the reaction of rubber and hydrogen chloride 
(HCl). It is less elastic than rubber and is readily formed mto trans- 
parent sheeting or tape of a variety of colors. Outstanding among 
its desirable characteristics is the fact that it is highly resistant to oQ 
and water. A third type of derivative, called chlorinated rubber, 
comes from reacting rubber and chlorine. From this there has been 
obtained a horn-like material which has proved valuable as a pamt base. 

A great deal of research has been done in recent years in this 
field of rubber derivatives, and it gives indications of future develop- 

merits of enormous importance. 


Synthetic Rubber 

The term " Synthetic Rubber ” is commonly applied to Aat 
group of materials having elastic and plastic properties simfiar to those 
of natural rubber. Since their composition, structure, and properties 
are not exactly the same as those of natural rubber, they are not truly 
synthetic rubbers. All rubbers, both natural and synthetic, are char- 
acterized by high molecular weight and are capable of bemg 

ized. 


Historical Background , , 

The search for synthetic robber began almost as s«n as Charte 

Goodyear announced the dbcovety of vulcanizanon. Two groups 0 

t s;.I rulr co. 

have, and set about trying to solve the problem. 
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Obviously, ,0 synthesize rubber it 

Englishmen, by heating rubber, broke it down to form a colorless, 
Lboiling liquid, the composition of which wa, also fo^d to corre- 
spond to the formula GH.. This he called .soprene. Then m 1879 
a French chemist converted Isoprene back into an elastic mass approxi- 
mately like rubber. But it was not identical with it, and so synthe i 

rubber had not quite been produced. 

The attempts to duplicate rubber by starting with isoprene were 

continued for many years, particularly in England 

Although in both countries products were obtained which had some 

extensibility, they were all of very poor quality with respect to aging 
and wear resistance. No important commercial use was made of these 
substances until Germany’s supply of natural rubber ran low in 191 5 
because of the English blockade. At that time a German factory was 
put into operation producing synthetic rubber, but the product was 
still very inferior and found almost its only use as a substance from 
which to make articles of hard rubber, such as battery boxes for sub- 


marines. 

Following the war, the search was continued but still without ap- 
preciable success, as far as finding a satisfactory substitute for natural 
rubber was concerned. In fact, no progress was made until chemists 
stopped trying to duplicate the rubber molecule and turned their at- 
tention to materials that would have similar physical properties even 

though chemically they might differ from it. 

In order to be able to point out the degree of resemblance be- 
tween the synthetic and the natural substance, it is necessary that we 
introduce the reader to a somewhat different kind of chemical for- 
mula than that employed so far in this book. Consider , for example, 
methane gas, a compound that in an earlier chapter we designated as 
CH4. Now this formula tells only what atoms are present in the mole- 
cule. The organic chemist finds it desirable to use a type of formula 
that represents not only what constituents are present, but also how 
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they are arranged. So he writes for methane what he cidls a grjphig 
or structured formula, as follows: 


H 

1 

H — C — H Methane 

I 

H 


where the short straight lines represent bonds or imaginary " hooks ” 
which can be thought of as indicating points of attachment of other 
atoms to carbon. The number of these bonds is the chemical valence 

of the element. 

The formula for the rubber molecule, which we have written 
so far as (CsHs)*, in its structural form is expressed as, 

( H, 

H C H H 
— C— C=C— G— 

H H 

where the unattached bonds at the ends are used to attach simibu 

to form the large molecule which is called the “ polymer.” 
Isoprene, which has the formula C^, forms big molecules com^ 
of the same units as rubber. From the structural formulas of biua- 
diene, chloroprene, and isoprene, given bdow, their sjmiknties and 

differences can be noted. 

t . 

H 

H,C = C — C = CH, Butahene 

H 



H,C = C — C=CH, 


Isoprene 


H 

HyC “= C — C =« Ofe 

C3 




• % 




U be noted diat in each cd abewe » 

two douHe bonds, ^»hile ki the nn& of mtind ft 

one and k » in a dSfent pai&itm. 

bond* occBW with bntaifene ««i iddoio^ the 


e 

IjB . 4*^ — " 


us* ^ 
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p„„e and is the fundamental ^hanhm by '’’“'“"X' ■ 

i£ they at. different, as with butadwne and isoptene, they form 

nolvmers and the process is called copolymenzation. 

’^Tt ^1 be shown in the next chapter that thb same mechan.^m 

rler “acUons'which are not involved in the manufacture of 

’’'“'wheTthe' Rubber Reserve Corporation was assigned the task 
of providing the United States with a snpply of rubber independent 
of foreign sources, it had to answer several important questrons. 

namely, 

1. What synthetic rubber was the best substitute for natural rub- 
ber in its most important uses, e.g., tires? 

2. Was there a suflScient quantity of raw materials avadable to 

manufacture this type of synthetic in the necessary amounts 
3 Could this type of synthetic be manufactured by availa e 
’ equipment and did the United States possess the necessary 

" know how ”? , , j l U 

4. What special purpose synthetics were needed and how would 

rheir manufacture fit into the over-all picture? 


It is not possible here to go into the reasons behind the decisions that 
were made but the types finally decided upon were the followmg: 

1. A butadiene-styrene copolymer (GR-S)® was selected as the gen- 
eral purpose rubber, 

2. A butadiene-acrylonitrile copolymer (GR-A) was chosen as the 

oil resistant rubber. 

3. Polychloroprene, or neoprene, (GR-M) was also selected for both 
oil and sunlight resistance as well as a substitute for general 

purposes. 


* GR-S— Oovernment Rubbef^Styrene (copolymer). 

GR-A— Government Rubber— Acrylonitrile (copolymer). 
GR-M— Government Rubber— Monovinyl (acetylene polymer). 
GR-I— Government Rubber— Isobutylene (isoprene copolymer). 
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4. Butyl rubber (GR-I) was considered experimental at first but 
was later incorporated into the program. It is a copolymer of 
butylene and isoprene. 

All of the raw materials are obtainable from petroleum, coal, salt, 
limestone or combinations of these. It was soon discovered that the 
manufacture of butadiene, which was needed in the largest quantities, 
would interfere with the production of aviation gasoline if it were 
to be prepared from petroleum. It then became a question of making 
butadiene from petroleum and doing without gasoline or making it 
from alcohol and doing without whiskey. The program was switched 
to making a large part of the needed butadiene from alcohol. Neo- 
prene is included in this chapter as a synthetic rubber, in spite of the 
fact that it is not vulcanized with sulfur like the others, because its 
physical properties are very similar to those of natural rubber. It was 
developed by duPont chemists from discoveries of Father Julius 
Nieuwland of the Chemistry Department of Notre Dame University. 


Properties and Applications 

The compounding of the butadiene elastomers is essentially the 
same as for natural rubber except for the amounts of the Ingredients 
required. Because, In the case of butadiene-styrene copolymer GR-S, 
much larger quantities of carbon black are needed than for the natural 
rubber, a serious shortage of that ingredient developed. In the case 
of neoprene, certain metallic oxides, when mixed with the rubber, 
produce on heating a change similar to that in natural rubber when 


it is heated with sulfur. 

It has been estimated that synthetic rubber could replace the 
natural product in 9 5 per cent of the latter’s uses. Although no 
synthetic rubber is as versatile as natural rubber, there are enoug 
different kinds, each with its own set of properties, that one can be 
found to meet almost any set of specifications. The new synthetic 
rubber tires have been developed to a point such that some manufac- 
turers claim they wUl wear better than tires of natural rubber. Inner 
tubes made of butyl rubber are much better than natural rubber m 
their ability to hold air. Self-sealing gas tanks for combat aircraft 
are made by putting a layer of off-soluble synthetic rubber betwee 
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1 f nil resistant rubber of the butadlcne-acrylonitrilc 

Then a bullet penetrates the tank, the gasoline comes into 
c«.ct wth the oil soluble rubber which uumediately begins to sw^ 

and close the hole. This 

same oil-resistant synthetic 
is used for gasoline and oil 
hose as well as for oil pump 
gaskets and diaphragms. 

Neoprene, which is partic- 
ularly valuable where sun- 
light resistance is an impor- 
tant factor, replaces the 
natural rubber in other ap- 
plications also. 

It was announced in 

January, 1946, that nat- 
ural rubber, when it was 
again available, would cost 
about 2 5 cents per pound. 

At the peak of synthetic 
rubber production, costs in 
some plants were claimed 
to be as low as 1 1 cents to 
12 cents per pound for the 
GR-S rubber, 19 cents for 
neoprene, 13 cents to 18 
cents for butyl, and 18 
cents for the acrylonitrile 
type. Costs in peacetime 

will depend to a large ex- 
tent on the costs of raw materials on an open market. Dr. Egloff of 
the Universal Oil Products Company has estimated that butadiene 
can be made in this country to provide an annual production of 
85,000,000,000 pounds of synthetic rubber, while recent estimates 
are that the total world consumption of natural and synthetic rubber 
in postwar years will be in the neighborhood of 3,000,000,000 pounds. 
This fact together with the expansion of rubber plantations in this 



Fig. 102. An automobile tire made of Amer- 
ipol. (The B. F. Goodrich Company.) 
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hemisphere would seem to indicate that the United States is rather 
favorably situated to become independent of a rubber supply that is 
thousands of miles from its own shores. 


Discussion 


Questions 


1. Describe a method for determining whether or not any given liquid 
is a colloid. 

2. How many microns in a centimeter? m two inches? 

3. As nearly as possible, find an example other than the one given m 

this chapter for each type of colloid listed. 

4. Name and discuss four properties of colloids. 

3. The rubber that may now be part of a tire was in a colloidal state 

at what stages in its history? 

6. Look up information about the use of rubber before the time of 
Charles Goodyear. 

7. Look up information about the first rubber company to be started 

in this country. . , . i . j 

8. Mention reasons for Hevea braziliensis being considered the best crude 

rubber source. 

9. Describe the early development of rubber plantations. 

10. Why is the chemical formula for rubber written (CsH,), rather than 

1 C H ? 

^ L What are the constituents involved in the reaction called vulcaniza- 

"°°i2. What physical properties of rubber make it so valuable a matenal? 
13 What is the principal undesirable property of rubber? 

14. Describe the various plantation operations in the processmg of rubber. 
13. Identify the following terms as they apply to the preparation an 

of ™bb.n coaguta; pak -pe; smoW rubte mJh cto- 

a« .he foll.w»g eon.p.»nfcg » 

„ c^de X. andoaidanu; ae=ele.a»... cto Wad! 

17. Mention and discuss four of the so-called new uses for rubber given 
'fg. S « many other recent applications of rubber as you can. 

19 Distineuish between polymerization and condensation. 

lo! «U«. » Jcea U.= fonnulaa f» »ve«l orgam. 

compounds not mentioned in this chapter. 

2 1 . Name several sources of butadiene. 
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sulTension of a solid in a liquid, in which the diameters of the 
I!4 articles were around two or three microns, would be classed as ( ) 
r»lloid.l mpension. (b) a cloudy ^pension, (c) a coara au.penuon, ( 

■ ’"Twidch “Tthriiog colloidal piopenics ia made uac of m 

:r Tb":«. Tylll edec,. ,c, 0 , 110 ., .m acable. 

(d) ^'“''^"'Jcharles GoodyL is associated with the (a) develop- 
ment of the fot tubber plantation, (b) smuggling of Hevea brajd.ensi, out 
“ tozih (cl invention of the tubbet mill, (d) discovery of acceletamrs, 

discovery of vulcanization. , 

4 Which one of the following is out of place? (a) Coagulum. (b) 

Accelerator, (c) Reinforcing agent, (d) Activator, (e) Antioxidant. 

5 Which one of the following is involved principally in vulcanization, 
(a) Carbon, (b) Cotton, (c) Zinc oxide, (d) Stearic acid, (e) Sulfur. 


True-False 

1. All colloids exhibit Brownian movements. 

2. The name of Tyndall is associated with a device used for the elimina- 
tion of smoke. . , , 

3. The molecular weight of rubber is believed to be many times greater 

than the number that would represent the sum of the atomic weights of five 
carbon and eight hydrogen atoms. 

4. The fact that the particles in a given colloid all carry the same kind 

of electric charge helps explain why they do not settle out. 

5. Coagulation of rubber is usually accomplished by electrolysis. 

6 . Before reclaimed rubber is used all sulfur is removed from it, that 

is, it is " de-vulcanized.” 

7. One of the processes of bonding rubber to steel Involves first plating 
the steel with brass. 

8. Rubber belongs to that group of substances which do not have 
sharply defined melting points. 

9 . Koroseal is a rubber derivative, that is, is made by reacting rubber 
with certain chemicals. 

10. Most synthetic rubbers offer greater resistance to oil than does natural 
rubber. 
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SYNTHETICS 


” as *' the putting of two or more 


The dictionary defines "synthesis 

things together.” By this definition a " synthetic ” would be the 
product that results from the " putting-together ” process. The great 
variety of materials that we group under this classification today is 
properly described by the above definition if certain qualifications are 
placed on the process. For instance, the putting together of the con- 
stituents that go into modern synthetics is never just a simple physical 
mixing-up. It is, generally, a rather highly complicated procedure in- 
volving a number of steps and various chemical changes. There are 
two general reasons why man has tried to make these materials instead 
of being satisfied with the ones provided by nature. One is his desire 
to duplicate natural substances either to reduce cost, or because of a 
shortage of the natural product, or both. The other reason is an at- 
tempt to produce materials with combinations of desirable properties 
not found in the things provided by nature. Very frequently the 
second objective has been obtained as a result of experiments begun 

for the first reason. j- j l 

Since, for purposes of this discussion, we are gomg to divide the 

subject into inorganic and organic synthetics, it is desirable that we 
define these terms. The distinction between organic compounds and 
inorganic compounds may be made very simply by saying that the 
former contain carbon and the latter do not. This, of course, imme- 
diately raises the question as to why carbon, instead of oxygen, or 
hydrogen, or some other element, is made the criterion Th^ 
reason was the belief that carbon-containing compounds could oiJy 
formed , par. of " life processes," an idea that has smce b«n ^ 
to be mcorrect. Of the variom valid reasons that can be given for the 
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Importance of carbon, the one that particularly concerns us m this c 

nection is the abihty that carbon atoms le 

other to form long chains. These chains, to which atoms of other ele- 
ments may be attached, then form the skeletons, as it were, of organi 
compounds. While carbon is not unique in this respect it does possess 
the property to a greater extent than does any other element, a fact 
which makes possible the great number of known organic compounds, 

now numbering half a million or more. 

Inorganic Synthetics 

We will consider individually only two of the most important 
inorganic synthetic materials, glass and ammonia. Others include sul- 
furic acid, Portland cement, and synthetic sapphires, rubies, emeralds, 
amethysts, and topaz aU having the same chemical composition as the 

natural gems. 


Glass 

Glass is undoubtedly the oldest man-made synthetic. It can be 
called a synthetic plastic because its internal structure is quite similar 
to that of the organic materials usually included under that term. No 
one knows just when or under what conditions glass was first made. 
The process may have been discovered by Egyptian priests, although 
Pliny credits it to some Phoenician sailors. The earliest actual evi- 
dence is in the form of objects having about the same composition 
as ordinary bottle glass, found in Egyptian tombs dating back to 
3J00 B.c. In spite of the industry’s great age, scientific research into 
ways and means of improving the product has only been carried out 
within the past half century or so, and many of the most important 
developments have occurred within the last 20 years. 

Plate glass, and glass for windows and bottles constitute the 
major portion of the industry’s production. The composition of these 
three is about the same, being principally the oxides of silicon, cal- 
cium, and sodium, which are obtained from the raw materials, white 
sand, limestone, and soda ash respectively. Silicon oxide (Si02) makes 
up about 70 per cent of the average batch, calcium oxide (CaO) some 
13 per cent, and sodium oxide (NajO) most of the remainder. The 
ingredients arc fused together at a temperature of about 2,700° F., 
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then cooled to around 2,100° F., and fabricated into the desired 
product. 

Low-expansion glass represents one of the most important mod- 
ern developments in this field. The material that we know as Pyrex 
expands only about one-third as much as ordinary glass for a given 
temperature change. This property makes possible its use in cookmg 
utensils or for other applications where it is subjected to compara- 
tively rapid temperature variations. More recently there has been 
developed a glass that is so resistant to sudden temperature changes 
that it will stand having molten lead poured on one side of it while the 
other side is in contact with ice. This glass is made by dissolving out 
with acid a part of the components of a normal glass. Since the silica 
is insoluble in acid it remains behind. The remaining glass is then 
heated until it fuses together to form a substance having a very high 
silica content and properties of heat resistance and light transmission 

almost equal to those of pure quartz. 

Some developments in the glass industry involve the substitution 

of other ingredients for sUica. One product, in which phosphorus 

pentoxide replaces silica, unlike ordinary glass, is not affected by 

hydrofluoric acid or fluorine. When beryllium fluoride is used in 

place of silica the resulting glass transmits light more rapidly than 

does water. Glass building blocks, glass fibers and glass doth are 

among the other glass developments which show great promise. The 

last of these is finding important applications in the electrical and 

heat insulating fields as well as in the production of plastic laminates. 

Synthetic Ammonia 

Ammonia (NH3) was first isolated and studied as a chemic 

compound by Joseph Priestley, the discoverer of »^f 

oxide, and carbon monoxide. This occurred m 177 . e p 

ranee of ammonia as a plant food was not recogmxed unr.l 1850 and 

since then increasingly Urge quantities of it have been 

mercial fertilizers. It also finds Important appheattons m the manu 

&fl' AeXlpment of methods for making 

L umil shortly before the beginnmg of the pt«ent century mos, 



Chap. 19] 


SYNTHETICS 


353 


of i, was made as a by-product of the 

the '• cyanamid process.” This is an efSclent method, requmms cheap 
electric power and using as raw materials limestone, coal, nitrogen, 

and water, . 

Direct synthesis of nitrogen and hydrogen to form ammoma was 

first made possible commercially by the German chemist Frnz Haber, 

in 1913. Without this development, the 1914-18 World War pro - 

ably either would never have started or would have been over within 

a few months after the English blockade cut off Germany’s supply 

of Chilean nitrates. 

As the method is used today in the United States, a mixture of 
nitrogen and hydrogen is passed through a catalyst of various metallic 
oxides at a temperature of some 900° F. and under a pressure of 5,000 
pounds per square inch. Under these conditions synthesis is accom- 
plished. 

In 1938 the world production of ammonia was something over 
3,000,000 tons, of which five-sixths were made synthetically. The 
estimated production in the United States during 1945 was between 
300,000 and 600,000 tons. It has been estimated that about 200,000 
tons of ammonia would be required annually to meet the explosive 

needs of a 2,000,000-man army. 


Organic Synthetics 

In the preceding chapter we have discussed those synthetics which 
are similar to natural rubber in that they are of high molecular weight, 
elastic, and capable of being vulcanized. In this chapter we shall 
consider other synthetics which also have high molecular weights but 
which cannot be vulcanized and which possess little if any extensi- 
bility unless modified by plasticizers. 


General Characteristics of High Molecular Weight Compounds 

By high molecular weight compounds we mean those whose mo- 
lecular weights are in the range from 10,000 to 1,000,000. Physically 
they may vary from hard, almost crystalline, solids to rubbery, sticky, 
and soft materials. Each molecule is built up of a number of basic 
units which are repeated many times to make up the giant molecule. 
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We still cannot say exactly why so great a variation exists among the 
properties of the different kinds of large molecules, but our knowledge 
is growing constantly. The following analogy has been suggested 
as an aid in visualizing the internal structure of these molecules as we 
think of them today. Everyone has seen a brush pile made up of the 
branches of various sizes and shapes which accumulate as a tree is 
trimmed. If one jumps on such a heap of branches he discovers that 
it exhibits a considerable amount of resilience or '' bounce.” A single 
branch can be pulled from the heap but it tends to bring others with 
it and will spring back if released. In this state the brush pile is 
analogous to unvulcanized rubber. Next we will assume the branches 
to be tied tightly together at all their points of contact in the pile 
so that they cannot be pulled apart although the heap is still resilient 
In this state the brush pile is analogous to vulcanized rubber. If we 
substitute rigid steel rods, not tied together, for the flexible wooden 
branches, we have the analogue of a hard plastic like an insoluble 

infusible resin. 

The common distinction between elastics and plastics on the 
basis of their relative properties of extensibility and hardness is largely 
arbitrary one which depends on their behavior within the normal 
temperature range. For example, if a piece of rubber is kept at 0 F. 
for some time it becomes stiff and leathery; if it is cooled to the 
temperature of dry ice or liquid air, it becomes hard and brittle like 
glass. If polystyrene or polyvinyl chloride, which we think of as hard 
plastics, are heated to the temperature of boiling water they become 
soft and rubbery. Much of the development work with elastomers 
and plastics has been for the purpose of extending their range or use- 
fulness to higher and lower temperatures. This was especially rue 
during the war when rubber on a single airplane would be subjec ed 
to the heat of the desert one day and subzero temperatures over the 

Hump ” the next. 


an 


^ Man has known how to make all sorts of thmgi for many OT- 
turies Until about 1870, however, for materials out 
make'these things, he was limited to nature’s products, such as wo , 
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stone, metals, horn, tusks, bristles, natural resins, and vegetable and 
animal oUs. The only exception to this was glass, which we have 
already mentioned as being the first plastic. In usmg these available 
raw materials, man has had to resign himself to the particular com- 
bination of properties .that they happened to possess, regardless oi 
whether or not they were desirable characteristics. With the develop- 
ment of modern plastics, however, he has learned how to make many 
raw materials out of which other things can be constructed and, 
within limits, is able to put into these materials the properties he 

wishes them to have. 

Definition of a Plastic. — One author suggests that there are three 
conditions a material must fulfill if it is to be classed as a modern 
synthetic plastic. First, it must be a synthetic substance that is built 
up chemically and is not found in nature. (To paraphrase a familiar 
quotation, only man can make a plastic.) Second, the molecules of 
the substance must be able to polymerize. And third, at some stage 
of the man ufacture, it must be capable of flow under heat, pressure, 

or both. 

General Considerations. — As the above definition suggests, plas- 
tics did not just happen. Their present development is the result of 
what probably has been the most extensively planned research pro- 
gram in the history of American chemistry. This research has been 
pomted toward the production of the following five main types of 

products: 


1 . Synthetic resins for use as plastics in the manufacture of molded 
articles. 

2. Synthetic transparent resins. 

3. Synthetic bases for paints and lacquers. 

4. Synthetic resins for adhesives. 

5. Synthetic fibers. 


There are a number of bases upon which plastics may be classi- 
fied including chemical composition, chemical reactions by which 
formed, the forms in which they are supplied to the public, the physi- 
cal properties of the finished products, and raw material sources. We 
shall use as our basis the chemical reactions bv which the materials 
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are formed and at the same time we shall attempt to show their rela- 
tion to each other with respect to raw materials. 

Chemical Reactions Involved in the Manufacture of Plastics. 

— There are two general types of chemical reactions by which plastics 
are formed. The first of these is the usual one of polymerization by 
which small molecules unite with each other to form large molecules. 
This is the process, described in the preceding chapter, by which syn- 
thetic rubbers are made. The most important plastics formed by 
polymerization are those of the vinyl type, all of which may be said 
to be based on acetylene, although acetylene is not necessarily an im- 
portant link in their manufacture. The table below shows the chemi- 
cal formulas of the basic units of the different vinyl polymers as well 
as the scientific name, a commercial name, and some typical applica- 
tions. 


Table 20 


Chemical Formulae and Names of Vinyl Polymers 

Typical 
Applications 

Insulation 


Commercial 


Formula 

Scientific Name 

Name 

H 

H 

Polyethylene 

Polythene 

— C- 

-C — 



H 

H 



H 

H 

Polyvinyl chloride 

Koroseal 

— C- 

-C — 



H 

Cl 



H 

Cl 

Polyvinylidene 

Saran 

— C- 

-C — 

chloride 


H 

Cl 



H 

H 

Polyvinyl acetate 

Vinyhte 

— C- 

-C — 



H 

Ac 



H 

H 

Polystyrene 

Lustron 

— C- 

-C — 

(trans] 

H 

/\ 




Molded goods, insu- 
lation, waterproof 
cloth. 

Bus seat covers, 
molded goods, 
tubing. 

Insulation, molded 
goods, waterproof 
cloth. 

Electric equipment, 
insulation, molded 
goods. 


Another type of vinyl resin is the polyvinyl acetals which are 
used extensively in automohile windshields. The b^ic unit n much 
more complicated than those Bsted above and for that reason n not 

given in the table. 
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The vinyl resins are thernsoplastic which means that th y 

flow under pressure at about the temperature of >>o.hnS 

ordinary temperatures they are hard plastics >'‘'’“"8^ 

modified by the addition of plasticiaets to form soft rubberlike mate- 



Fig. 103. Photograph illustrating the " stretchability ” and toughness of the 
new vinyl resin plastic now being used in making safety glass. (Libbey- 

Owens Ford Glass Co.) 


rials which can be substituted for rubber in a great many uses. Other 
applications of the vinyl resins are in molded goods, extruded articles 
like wrist watch straps, belts, tubing, and electric wiring insulation. 
Naval ships and aircraft are wired with electric equipment insulated 
with polyvinyl chloride and polyvinyl acetate. They can be dissolved 
in solvents and spread on cloth to make it waterproof for use in 
shower curtains and raincoats. They can be calendered into sheets 



MAN AND MATERIALS 


358 


[Chap. 19 


and sealed to make waterproof containers or pressed into paper to 
make oilproof containers to replace tin cans. 

Closely related to the vinyl plastics are the acryloid plastics which 
are so named because they are derived from acrylic acid. These form 
the most transparent plastics and include in their applications bomber 
noses and turrets and fighter plane covers. They will undoubtedly 
replace glass in many uses as, for example, the contact type of eye 
glasses in which the lens fits against the eyeball. Many molded articles 


Fig. 

tion 



104. Photograph illustrating one application of the 
» that is possible with Lucite. (E. I. duPont de Nemours and Co., Inc.) 


are made from transparent plastics of this type, mcluding furniture, 

picture frames, dresser sets, and others. 

One of the most interesting properties possessed by ae. 7 l 0 .ds n 

one which makes possible the phenomenon known as 

other end. That is, light is carried through a bar made of to m« 
rial in a fashion somewhat analogous to the way 
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u ADDlications include advertising signs, illuminated 

through a pipe. App •11„minated batons and pointers. 

togetW of a large number of basic units is accomplished by a reactio 



Pig. 105 . a laminated automotive timing gear between steel gears. (Bake- 
lite Corporation.) 


4 


between two different molecules with an accompanying splitting off 
of another molecule such as water. These form the thermosetting 
resins, so-called because when heated they harden into infusible, in- 
soluble resins. They first form an intermediate stage in which they 
are thermoplastic or in which they may be mixed with other materials 
to give special properties to the finished product. They may be 
molded into any shape and then cured into the hard form. It is this 
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two-stage process that makes them useful as adhesives and bonding 
agents. One member of this type is Thiokol in the preparation of 
which table salt instead of water is split off. The three widely used 
groups of resins which are formed by the kind of reaction just de- 
scribed are, 


1. Phenol-aldehyde resins. 

2. Urea -aldehyde resins. 

3. Alcohol- acid or alkyd resins. 

Resins of this type find application in molded articles, as Bakelite 
and Beetleware, as lacquers and paints, and as adhesives and bonding 
agents. They are used to bond together paper, fabric, and plywood. 
Paper laminates can be molded to form gears (Fig. 105), tubing and 
other articles as well as electric insulation. Fabric laminates have 
been used in airplane construction to replace metal. A core of a 
plastic sponge is placed between two layers of laminated fabric bonded 
together with a thermosetting resin. Plywood bonded together by 
this type of resin has many uses. If completely impregnated with it 
the wood assumes a highly polished, varnished appearance and can be 
used for furniture. The famous Lancaster bombers were made of 
such bonded plywood. Other types are used in a great variety of 
wood construction. Some of these resins have the abUity to absorb 
part of the mineral content of water which makes possible a metlmd 
of purifying water at a cost far below that of distilled water. The 
resin can be " regenerated ” after a period of use in this fasluon and 
made as good as new. One resin will remove the metalhc substances 

in the water and another the nonmetallic. 

Raw Materials. - Since the plastics industry today produces and 

uses millions of pounds of these synthetics annually, it is important 
to know something about the raw materials and how they are made 
into resins or plastics. The following chart shows what raw m^iah 
are used in making representative members of each group of plastics 
discussed and the important steps in their manufacture. 
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Coal 


/ 

Coke 


Limestone 

1 

Quiddime 

(Calcium oxide QC 
carbon dioxide) 

\ 

carbide 
Acetylene Salt 
^nyl diloride 

'i 

Polyvinyl chloride Plasadzecs 


Water 


Air (Nitrogen) 


\ 

Coke &^Steam 

Carbon monoxide QC 
Hydrogen 

Phenob Formaldehyde 



Bak^te, Dutex 



» Synthetic Carbon dioxide 

Ammoniav from 

^ K limestone 
Urea 




piaskon. Beedeware 


Kotoseal 


Synthetic Fibers , r i 

Ever since man has covered himself with cloth instead of the 
skins of animals he has had three basic fibers from which to choose, 
namely, cellulose, wool, and silk. The cellulose fibers were linen and 
cotton. The wool came chiefly from sheep, though some was obtained 
from goats and llamas. Silk came from the silkworm and was for 
centuries worn almost exclusively by royalty. It was only natural 
that man should attempt to make a silk that would displace the costly 
natural variety and make it possible for the poor man to clothe him- 
self in this kingly material. Among the first such experiments were 
those directed toward making silk from proteins. The story is told 
of a professor of organic chemistry who set out to prove that silk 
purses can be made from sows’ ears and was able to make silk fibers 
from proteins and have them fashioned into a silk purse. Recently 
fibers have been made from proteins in milk and it probably is only 
a matter of time until the vegetable proteins will be used. The first 
successful " artificial ” silk was made from cellulose. Today viscose 
rayon is the most important such fiber. Its chief disadvantages are 
its loss of strength when wet and its slow drying properties. Also, it 
lacks certain other desirable properties of real silk. Cellulose acetate 
is made into a fiber sold under the trade name of Celanese. 
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The first real synthetic fiber was Nylon. This was an outgrowth 
of the work of Dr. Carrothers, a duPont chemist who did some of 
the earliest and most fundamental work on polymers in this country. 
Nylon is a polymide and is formed by a type of reaction somewhat 
different from those discussed earlier. It forms a fiber which has con- 
siderable stretch and recovery. It Is the strongest fiber known and 
was used extensively in the recent war for parachutes and for tow 
ropes for gliders. Loaded gliders could be taken in tow by planes 
while in flight without the tow line breaking and with minimum 
shock to those in the glider. Nylon fabric has been used in tires and 
in other rubber goods although some dif&culty has been experienced 
in making it adhere successfully to rubber. A new Nylon has recently 
been reported to have an extensibility of as much as 300 per cent. 
The chief advantages of Nylon are its durability and toughness and 
its resistance to water and to high temperatures. It can be boiled and 
sterilized without being damaged. It is in great demand for women’s 
hosiery because of its resistance to " runs.” Research is in progress 
which no doubt will produce other fibers as good or better than 

Nylon. 


Other Synthetics from Vegetable and Animal Sources 

Synthetics other than fibers are derived from vegetable and ani- 
mal materials. The plastic which we know as Celluloid, or cellulose 
nitrate, which was developed about 1886 to replace ivory m the manu- 
facture of billiard balls, is made by treating cellulose with nitric acid. 
For „,.ny year, ir wa, uaed exrenaively for all aorrs of mo Med arr.d« 

including toy,, dre„er ,et, and collar,. 

make, it very dangerou,. Today it ha, largely ''P 
cellulote acetate which i, made by treating cellulose "'^ce™ JcM. 

Thi, material closely resembles the nitrate in appearan , 
burning. It i, used for photographic film, a great vanety o moldM 
a^r, and some transparent plastic materials. When cellul^ » 

rc'nvr*d into either fiber, or sheets. The regenerated celluta 
U red with a plasticizer and calendered into thin sheets which art 
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used for wrapping cmdy. meat, and other foods. Ollulose acetate 

itself can also be calendered into thin sheets. 

Rubber, both natural and synthetic, forms the base material fo 

some derived synthetics. Rubber hydrochloride and chlorinated ru 

ber are two ilportant derivatives. Rubber hydrochloride sheeting 

sold as Pliofilm, is used as a wrapping material. It 
waterproof. Rubber, heated in the presence of sulfuric acid fo 

a hard, brittle resin which is used as the basis of a cement for bonding 

rubber to steel and as a base for paint. 

Soy beans and other agricultural products have also served as 

sources of some synthetic plastics. One or two automobiles have been 

built with plastic bodies for test purposes; it is un ikely, however, 

that plastics wdl replace steel in such applications because of their 

tendency to soften at elevated temperatures. 


The Silicones 

About 1905 an experimenter in England began an extensive 
study of certain sUicon compounds and some 35 or 40 years later 
stated that these materials seemed to have no practical usefulness. 
It happened, however, that several years before this statement was 
made chemists at the Corning Company had discovered that some of 
the silicon compounds prepared by the English scientist were high y 
resistant to heat and water and possessed unusual electrical properties. 
These were the silanes (silicon compounded with carbon) and the 
silicones (sificon compounded with carbon and oxygen). From 
methyl chlor-silane, which is a volatile liquid, there is obtained a vapor 
which waterproofs any surface exposed to it. This material proved 
extremely valuable in war-time aviation where it was necessary to 
maintain perfect radio performance at all times in a plane which 
might dive from the cold sub-stratosphere into the warm humid 
atmosphere low over the South Pacific Ocean. Treatment of the 
electrical parts with methyl chlor-silane prevented equipment failure 
due to moisture. The reaction of the chlor-silane with water gives 
resins with varying desirable properties determined by the composition 
of the basic compounds. For example, because of their high resistance 
to heat their use as insulation in electric motors makes it possible to 
build smaller motors and to run them at higher temperatures than 
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had previously been possible. Other important applications include 
heat-resistant gaskets to hold the lenses in large military searchlights; 
and oils for hydraulics fluids, heat exchange fluids and vacuum pumps. 

Dyes, Drugs, Insecticides, Soap 

No discussion of synthetics would be complete without some 
mention of other important groups of man-made materials. One of 
these is dyes. Previous to 1856, dyes were obtained entirely from 
natural products. In that year an English scientist named William 
Perkin, while trying to synthesize quinine, discovered how to makt 
a violet dye from aniline which is a coal tar product. This dye, which 
he named mauve, was the first of the great group of the so-called 
coal tar dyes that are now available. Today many more and far 
better dyes can be prepared synthetically than ever came from natural 
products. Every new synthetic fiber like the ones discussed previously 
in this chapter requires a complete new set of dyes because of the 

different chemical structure of the various fibers. 

The importance of quinine to the treatment of malaria is well 

known. When the Japanese occupied the British and Dutch East 
Indies in 1942 they cut the rest of the world off from about 90 per 
cent of its normal supply of this drug. Consequently the search for 
a synthetic substitute or for a method of synthesizing quinine was 
enormously intensified. Atabrine was the first successful substitute 
developed. Then in 1945, chemists working at Harvard Umversity 
succeeded in doing what Wflliam Perkin tried to accomplish in 1856, 
tkt is, synthesize quinine. Since that time other synAetic drugs 
have been developed that may prove superior to quinine. Other 
outstanding examples of drugs known for a long time which are no. 
made synthetically include adrenalin and thyroxin, both formerly 
obtained only from the glands of certain animals. In addition to 
synthesizing known drugs, progress has been made toward discovetmg 
the particular atomic groupings in Ae substances that are responsib e 
for certain physiological effects. When Ais is known it u p jhfe 

“ out also producing undesirable ones that the ol er diug^a^ . 
Novocain is an example of Ab sort of product as also are Ae sulfa 
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drugs. It is worthy of note that the active ingredients of penicillin 

are bemg discovered and, no doubt, will one day be synthesized. 

The production of synthetic drugs for use by man and animals 
has been paraUeled by the production of synthetic chemicals related 
to plants. The insecticides make up one of the most important groups 
of such chemicals. Among the most publicized of these is DDT which 
is too powerful for indiscriminate use on plants because it may also 
kill pollinating insects. This drug alone is said to have prevented 
typhus epidemics in Europe during and following the war. It also 
was an important factor in prevention of malaria among our troops 
in the Southwest Pacific. A large number of chemicals which are 
toxic to insects or rodents without being harmful to men and live- 
stock, are now being produced synthetically. Likewise there are 
chemicals which kill specific weeds without harming the more useful 
plants. Still others cause roots to grow on plant cuttings, apples and 
similar fruits to stay on trees until ripened, and leaves to fall off plants 

earher so that certain crops can be harvested more easily. 

Another synthetic industry which was born before the war and 
grew up along with the synthetic rubber industry is the production 
of synthetic soap. Much of the impetus for its development came 
from the fact that great quantities of soap are necessary in the pro- 
duction of synthetic rubber by the emulsion process. The products, 
however, will be available for other purposes and will make it possible 


to wash clothes, dishes and ourselves readily in hard water or even 
sea water without the softening and purification processes previously 


necessary. 

We have attempted to summarize in this chapter the highlights 
as they exist at the present time in a field that is still developing very 
rapidly, so rapidly in fact that many authorities in industrial organic 
chemistry felt a year or two ago that the decade might be known in 
our history as the one which ushered in an Age of Synthetics. Certain 
events of 1941, of course, now make “ Age of Atomic Energy ” also 
a strong contender for this title. 
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Questions 

Discussion 

1. Describe the difference between organic and inorganic compounds. 

2. Look up the chemical formulas and common names of ten organic 
and ten inorganic compounds. 

3. Name the principal raw materials xised in the manufacture of glass. 

4. Mention several new uses for glass other than those listed in this 

chapter. 

5 . Explain why low-expansion glass should make more satisfactory cook- 
ing vessels than would high-expansion glass. 

6. Why is carbon so important in organic compounds? 

7. Find, from other sources, the structural formulas for two or three 

organic compounds not mentioned in this chapter. 

8. What does one branch represent in the " brush-pile ” analogy men- 
tioned in this chapter? i i • 

9. Describe briefly the two general types of reaction by which plastics 

are formed. ill 

10. Look up information on synthetic drugs and dyes other than those 

mentioned in this chapter. 


Multiple Choice 

1. The name of Dr. Carrothers is associated with the development of 
(a) synthetic quinine, (b) heat resistant glass, (c) Celanese, (d) synthetic 

mauve dye, (e) Nylon. . . , 

2 So-called high molecular weight compounds have molecular weights 

(a) from 0 to 50, (b) from 50 to 100, (c) from 100 to 1,000, (d) from 

1,000 to 10,000, (e) over 10,000. , ■ i 

3. List all of the following that are true of any synthetic plastics, (a) 

It must exist in nature as such, (b) It must be capable of flow under he« 

or pressure at some stage of its preparation, (c) It must be « Jl tem- 

peratures (d) It must be man-made, (e) It must be of vege a gm. 

4 The phenomenon of edge-lighting is exhibited by (a) »» 

(b) vinyl resL only, (c) Lucite, (d) Nylon, (e) aU thermoplastic com- 

List all of the following that are thermosetting resms. (a) Glass, 
(b) Vinyl resins, (c) BakeUte. (d) Beetleware. (e) Nylon. 


True-False , 

1. The name of William Perkin is associated with the discovery o 

“”“ 2 : Temcmv.™ h» n.U.ing t. do .i.h whether a gi.™ h 

classed as an elastic or a plastic. 
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\ The molecules of a plastic must be able to polymerize. 

1' -.tio" «” “ ' 

CO the older inflammable film than it is to Pliofilm. 

J The vinyl resins are thermoplastic. 

6 . Both sylthetic elastics and plastics can be classed as high-molecular- 

"”*5! a„ „«<i only in ca„. wlere a corr.aponding natural 

dye does not exist or is not available. 

8. Pliofilm is a rubber derivative. 

9. Viscose rayon is made from silk. 

10. Silicon is one of the ingredients of the silanes. 



M.an anJi Energy 


Chapter 20 

FORCE, WORK, AND POWER 


For the past several chapters our attention has been focused rathei 
closely on what man has learned about the “ stuff ” of the world. 
Modern scientific development, however, cannot be described entirely 
in terms of materials. What are popularly known as the " wonders of 
modern science ” involve also the quantity that we call energy. In the 
automobile of today there are incorporated many remarkable achieve- 
ments in the development and use of substances such as metals, plastics, 
rubber. In spite of these, the automobile would have no reason for 
existing if it did not also embody a means of transforming the chemical 
energy in the gasoline into a form that can be used to turn the rear 
wheels. An electric Ught bulb, whose glass and filament reprwent 
great advances in research on material substances, must also be able to 
emit Ught energy if it it to be worth «.ythmg. In other wor*, m ord» 
to make the wheels go round in the world of today, man has had to 

learn a great deal about energy as well as about matter. 

It is with energy, then, that we shaU concern ourselves m the neat 
few chapters. Our investigation of it wiU cover such points as iB 
nature, some of the forms it takes, ways in which it can I* 
fmm one form to another, and methods of transnuttmg » 
place to another. However, before diKussmg energy as sue 

XatL of energy is bound sooner or later to 

work, and power. These words, which we use quite natural m «e^ 

day conversation, have definite specific meanings in science, a 

that we shall deal in th. ^P«r. J 
of fact, that the exact scientific definition of ^ 

deal in common with the everyday meanmgs that we attach 
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Force 

Definition of Force 

Our purposes in this discussion will be adequately served if we 
define force as simply " push or pull.” The fact that the definition 
contains only words of one syllable may keep it from sounding very 
impressive, but it covers the ground fairly satisfactorily. Perhaps too 
often, scientific definitions seem to imply that a one-syllable word 
should never be used if a six-syllable one can be substituted. 

Kinds of Forces 

In considering kinds of forces, the first thing to be noted is that 
when we classify them we do so in terms of their effects. In speaking 
or thinking about the force of gravity, one ordinarily has in mind the 
tendency of objects to fall toward the earth, even though he knows 
that the term includes forces of attraction among all bodies in the uni- 
verse. Forces that we call mechanical make us think of push or pull 
being employed to move something, such as a wheelbarrow or a vacuum 
cleaner, or to deform something, like a coil spring or a football, or 
both. The name electrical force, causes us to visualize running motors 
and generators, or lights, toasters, and irons. In other words, one does 
not think of the force itself but instead, of some effect that it produces. 
It is on such a basis that forces are divided into the various kinds. 

It is just these effects that concern us most, because what we have 
learned about them constitutes our experimental knowledge of force. 
In the next section two groups of such experimental facts will be con- 
sidered, one connected with certain laws advanced by Sir Isaac New- 
ton, and the other concerning facts that we use in the measurement of 
forces. 

Some Experimental F acts About F orces 
Facts Described by Newton’s Laws. — It should be noted first 
that the four laws of Newton that we are about to consider are true 
scientific laws. This means that they describe the manner in which 
certain general groups of experimental phenomena have been found 
to occur. They are not laws which have been passed to tell N ature how 
she should behave. They are statements of how it has been found she 
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does behave under certain circumstances. Since a complete mathe- 
matical discussion of them would be beyond the scope of this book, we 
shall confine ourselves pretty largely to qualitative considerations. 
That is, we shall ask what the laws are, what sort of phenomena they 
describe, and whether or not they seem reasonable in the light of com- 
mon, everyday experience. First we shall follow up the law of gravi- 
tation a little further than we were able to do in a previous chapter, and 
then we shall consider three laws that, as a group, are known as New- 
ton’s laws of motion. 

Newton’s Law of Gravitation expresses the facts concerning a 
certain kind of force, namely, the force of gravitational attraction. 
It will be recalled that the statement of this law as given in Chapter 2 

was. 

Every two objects in the universe attract each other with a force 
which is directly proportional to the product of their masses and 
inversely proportional to the square of their separation. 

Now we can state the law in a somewhat more efficient form, that is, as 
an equation: 

_ Mass of 1 st object X M ass of 2nd object 
Force of attraction = K Distance apart, squared 


or, as it would usually be written, 

F=K 


MiXMa 


where K simply represents a number whose value may be 
as determined by the kind of units in which the other quantrtrm m ie 
expression are stated. It also wiU be recaUed from *e prevmus 
cuLion of the law, that Newton advanr^ it « grvrng a 

^y of the calcuUtkms based upon it which led to the dncovery of 

'’JrA.^dT^ted »t 
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the gravitational pull between two 200-pound men who are standing 
a yard apart is less than two millionths of an ounce. So it is not re- 
markable that we do not feel ourselves pulled this way and that as a 

result of the gravitational attraction of objects near us. 

The first of the so-called laws of motion is known as the Law of 

Inertia. The facts which it describes are exemplified In everyday life 
in many ways. Consider the behavior of an individual riding In an 
automobile when the driver suddenly applies the brakes. The passen- 
ger, of course, tends to keep right on going. We say he is thrown 
forward. Actually, he does keep on moving until he is stopped by the 
exertion of a force of some kind, usually that of his feet pushing on 
the floor of the car. Or, think of the passenger’s behavior when the 
car starts very suddenly. In that case we say he Is thrown backward. 
Actually he simply tends to remain at rest and does so until some 
force acts upon him, usually one exerted by the back of the seat. As 
a final example, consider a dog that is riding on the right hand run- 
ning board of an automobile which suddenly makes a left turn. The 
dog tends to continue his motion in a straight line, and will do so, 
sliding off the running board unless some force acts to keep him on the 
car. This force ordinarily will be the one he exerts with his feet. 
These and all similar phenomena are described in Newton’s law of 
inertia which states. 

Every body persists in its state of rest or motion in a straight line 

unless acted upon by some outside force. 


All objects possess this property of tending to remain in their present 
condition, a characteristic which is called inertia. As a matter of fact, 
the term need not be confined to the physical world. Mental inertia, 
which can only be overcome by the application of some sort of outside 
stimulus, is not entirely unknown. 

Newton’s second law of motion is known as the Law of Accelera- 
tion. Before stating the law it will be necessary to make our peace with 
the quantity “ acceleration.” In a limited sense it may be thought of 
as that which an automobile acquires when the driver “ steps on ” the 
accelerator. In such a case, then, it Is an increase in velocity. Strictly 
speaking the term includes decrease in velocity as well as increase. 

down the accelerator gives the car a positive accelera* 


Thus, pushing 
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tion while applying the brakes gives it a negative tmc. Quantitativeiy, 
acceleration may be defined as " rate of change of velocity/* that ia, 

“ change in velocity per unit time.” In order to see the kind of uniti 
that may be used in measuring acceleration, consider the following 
example. 

Suppose an Automobile Starts from Rest and Speeds Up in Such a Way 

That It Is Moving, 

0 miles per hour at the end of 0 seconds, 

4 miles per hour at the end of 1 second, 

8 miles per hour at the end of 2 seconds, 

12 miles per hour at the end of 3 seconds, 

16 miles per hour at the end of 4 seconds. 

Obviously, the above car’s velocity b increasing at the rate of 4 miles 
per hour for every second that it is in motion. In other words, we 

could say that its 

Acceleration = 4 miles per hour each second, or 

= 4 miles per hour per second. 

Or, to take another example, any object falling freely through 
space can be shown to be traveling about 32 feet per second faster at 
any instant than it was moving exactly one second earlier. Thus, for 

such a body, 

Acceleration =32 feet per second every second. 

In general then, acceleration can be measured b units of, 

(A length unit) per (A time unit) every (A time umt). 

Now let us return to the law of acceleration. It follows natu- 

raUy after the inertia law which is quite qualitative, sutbg simply 

that such and such is true unless an outside force acts. Thb 

goes a step farther and teUs what happens when that outside force doa 

act. It states that, 

A force is required to produce an acceleration, the ac^atum 

produced being directly proportional to tbefmrce ’ 

and inversely proportional to the moss of the obyect that a ac- 
celerated. 
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rhe meaning of direct and inverse proportion has been discussed both 
in connection with the law of gravitation and in Chapter 1 3 when the 
gas laws were being considered. Applied to the above-mentioned 
automobile, the law means that twice as great a force would be neces- 
sary to accelerate the same car 8 miles per hour every second; or that 
the same force would produce in a car twice as heavy an acceleration 
one-half as great, that is, of 2 miles per hour every second. 

In the interests of accuracy and completeness it should be pointed 
out that the term “ velocity ” actually involves direction as well as 
speed. So a change in direction also is an acceleration and, as in the 
case of the dog on the running board, can only be produced by the ap- 
plication of a force. We have confined our discussion of acceleration 
to changes in speed since that is the more familiar use of the term. 

The third law of motion goes by the name of the Law of Inter- 
action. If a rope is tied to a tree and a man pulls on the free end with 
a force of 1 3 pounds, the tree may be said to pull back with an equal 
force. Or if a 2 5 -pound cake of ice is hanging on a spring balance, the 
ice may be said to pull down with a force of 25 pounds and the spring 
balance to pull up with the same amount. To the action of a bullet 
traveling along the gun barrel, there is a reaction of the gun itself in 
the opposite direction. These and similar phenomena are described in 
this law which states. 


To every action there is an equal and opposite reaction. 

It involves the recognition of the fact that a force cannot exist all by 
itself. Forces must exist in pairs. 

Facts Used as Bases for Measuring Forces. — It is true of 
force, just as of other quantities we have discussed, that if we are to 
know very much about it we must be able to measure and compare 
forces. To do this we find that we must make use of units which are 
defined in terms of some of the above-mentioned effects. 

G)nsider the pound when it is used as a measure of force. If a 
person lifts a 5 -pound weight, we say quite naturally that he is exerting 
a force of 5 pounds. We have simply assumed a force unit, the pound, 
which we would have to define as, " a force equal to the gravitational 
attraction between the earth and a 1 -pound weight.” We recognize, 
again without stopping to think about it, that this 5 -pound force does 
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lot have to be used in lifting something. One might push against the 
wall with a force of 5 pounds, that is, a force 5 times that with which 
the earth attracts a 1 -pound weight. In similar fashion we may define 
an ounce, gram, kilogram, ton or any other force unit with the same 
name as a weight unit. It will be observed that weighing devices such 
as equal arm balances operate by balancing the force of gravity for an 
unknown object against the force of gravity for one or more bodies 
of known weight. 

On the other hand, if we measure a force with a device such as a 
spring balance, we make use of the effect a force may have in deform- 
ing a coil spring. We are able to employ this type of force-measuring 
instrument because of an experimental relation known as Hooke’s 
Law. This states that, within the limits of elasticity, the deformation 
produced is proportional to the force producing it. With such scales 
we usually use the same kind of force units as those described above. 

Although there is no force-measuring instrument which is based 
on the effect a force may have in accelerating an object, there are force 
units that are so defined. The one in the English system is called the 
poundal. By definition, it is the amount of force that would speed up 
a 1 -pound mass at the rate of 1 foot per second every second. This is 
the equivalent of about 1/32 of a pound of force. The analogous 
metric unit is more commonly used and is called the dyne. It is the 
force necessary to accelerate a l-gram mass at the rate of 1 centimeter 
per second every second. It amounts to only 1/980 of a gram of force, 
or as someone has calculated, about the force that would be required to 

lift an average-size mosquito. 

So it seems to be true that while we talk about forces, we think 
rather of their effects. Then we make use of these effects in various 
ways, including the development of instruments for force measure- 
ment and as bases for defining force units. 

Work 

Definition and Relation to Force 

Before formally defining the quantity “ work, let us mention 
a few operations to which the term would naturally be applied. 
Everyone would agree that work is being done in all of the following 
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cases: when a housewife pushes a vacuum cleaner, when a man pushes 
a lawnmower, when a horse pulls a wagon, when water turns a water- 


wheel, when a locomotive pulls a train. 

Now it may be noted that two elements are common to these and 

all similar examples. First, a force is being exerted and, second, that 

force is producing a displacement. In other words, work involves 

force, which has already been discussed, and one additional quantity, 

displacement. By actual definition we may say. 


Work = Force X Displacement 


where the displacement must be measured in the direction in which the 
force acts. 


The Measurement of Work 

In the previous discussion of force we said that a force of I pound 
is required to lift a 1 -pound weight. Now if that weight is lifted 
through a vertical distance or displacement of 1 foot, work is done. 
This amount of work is called a foot-pound. By definition, then, we 
can say, 

A foot-pound is the amount of work done when a force of one 
pound produces a displacement of one foot. 

The reader will have no difficulty in defining for himself in similar 
fashion other units in both the English and metric systems, such as 
ounce-inches, yard-tons, gram-centimeters, kilogram-meters. It will 
be noted that all the above work units involve force units of the kind 
that were defined in terms of gravitational attraction. 

Obviously though, work is also done if a force of a poundal or a 
dyne produces a displacement of a foot or a centimeter. Thus the 
poimdal-foot and the dyne-centimeter are perfectly good units of 
work. The former is seldom used but the latter is a common unit and 
is given a special name, the erg. This, it will be observed, would be 
the amount of work done if our hypothetical average mosquito were 
lifted a distance of one centimeter. Since the erg represents a very 
small amount of work, a larger unit, the joide, is also defined. A joule 
is the equivalent of 1 0 million ergs. 
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The Machine as an Aid in Doing Work 

The title, ” Machine Age,” is one of several that are often 
applied to the period in which we happen to be living. Since ma- 
chines are devices that man uses to aid him in getting the work of the 
world done, it is desirable to examine them to some extent in this 
connection. 








to) 

Without Machine 

Work=100 lb X 3ft =500ft lbs 



/////f///f////////W////f///////. i 


IE 

With Machine 

WorU= 40lbx 9ft = 360 ft lbs 
Mechonkol Advantogc”^^’*^"*^^ 


¥ic. 106. Diagrams illustratmg the use of an inclined plane in raising a 100- 
ib. weight from the floor onto a table that is 3 feet hi^. 

The first pout to be noted is that the problem is greatly simplified 
by the fact that every machine, no matter how complicated, is a com- 
bination of six or less so-called simplt maciuius. These six are known 
as the lever, the inclined plane, die pulley, the screw, the whed 
axle, and the wedge. Since space does not permit our considermg dl 
of rkwa in detail, we wffl examine carefully a giedfic cam of thnifte 

ofone. With r^d to this example we will ask whether it was nece^ 

sary to use a machine; what, if anydiing, was gained by its usej and 
what, if anything, was lost by employing it. 
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Let us consider the problem of getting a 100-pound keg of nails 
from the floor to the top of a table which Is 3 feet high. First we will 
think of the work being done without any machine. In that case, the 
keg Is simply picked up and placed on the table. To do this a vertical 
force of 100 pounds would have to produce a displacement of the keg 
of 3 feet. Therefore, If no machine is used the work done amounts to 
100 pounds times 3 feet which equals 300 foot-pounds, as indicated in 
(a) of Fig. 106. But we might prefer to use an iiicliiicd plane as an 
aid in doing this bit of work. In an actual case of this sort a plank 9 

feet long was used as the incline up which the keg was rolled. (Part (h) 

of Fig. 106.) In this manner it was found that a force of 40 pounds 
was all that was required to roll the keg up the plank. This force, 
however, had to be exerted throughout the entire length of the plank 
if the keg was to reach the top of the table. Consequently work was 
done to the extent of 40 pounds times 9 feet which equals 360 foot- 
pounds, as compared to only 300 foot-pounds required when no ma- 
chine was employed. 

From this example we can establish several fundamental principles 
that are applicable to all machines. First, it Is true, that the use of a 
machine always increases the amount of work that has to be done. 
The additional work, in part, is expended in overcoming the friction 
of the machine itself. At first thought then, one may wonder where 
the advantage lies in using such a device, if more work has to be done 
with it than without it. One source of gain lies In the fact that it may 
be possible to exert a smaller force than is otherwise required. In the 
above case for example, of the two possibilities one would probably 
prefer to exert the 40-pound force rather than the 100-pound one, 
even though it did have to be exerted through a greater distance. 
Then too, very often without a machine forces are so large that the 
work could not be done. In the above illustration, for example, if the 
keg had weighed 200 pounds, one man could not have done the work 
without the machine. But if he used the plank the force required 
would have been only 80 pounds which he probably could have exerted 
by himself. 

In connection with the use of machines, two important character- 
istics of these devices must be defined. The first is called mechanical 
advantage. It is a fraction whose numerator is the actual resistance 
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or load to be moved and whose denominator is the force required to 
move the load. For the above inclined plane, 


Mechanical Advantage 


Load 

force 



This simply means that with this particular inclined plane under the 
conditions existing above, the load which could be moved would be 
2 Yz times as great as the force applied. In the same way, a block and 
tackle which would enable one to lift a 500-pound safe by applying 
a force of 25 pounds would have a mechanical advantage of 500/25 = 
20. It should be noted that mechanical advantage has no units. It 
simply expresses the number of times that the machine multiplies the 
force which is applied to it. The drawings in Fig. 107 indicate where 
the loads and forces are applied in various applications of the other 
simple machines. For each case, the reader might ask himself in just 
what manner lubrication of these devices would affect, if at all, the 
quantities of load, force, mechanical advantage, and efficiency. Effi- 
ciency will be discussed next. 

Efficiency is also a fraction. In this case the numerator is the 
useful work obtained from the machine, while the denominator is the 
total work put into it. Making the application to our example, in 
order to get the 300 foot-pounds of useful work done, that is, to get 
the keg from the floor to the top of the table, it was necessary to do 
360 foot-pounds of work on the machine. Consequently, for that 
particular device under the conditions used, 


Efficiency 


Useful Work 300 
Work Putin 360 


.833 = 83 + %. 


In other words of all the work put in, a little over 83 per cent was got 
out in the form of useful work. Although different types of machines 
vary greatly in efficiency the value always is less than 100 per cent . A 
device that was 100 per cent efficient would have to be fnctionless and 
therefore would produce perpetual motion. Looking at the page of 
diagrams of the other machines, it will be obvious that levers should 
have comparatively high efficiencies, since there are few places where 
friction can occur. Actually, they may run as high as 98 per cent or 
99 per cent efficient under certain conditions. Jackscrews, on the 
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‘iG. 107. Diagram illustrating application of several different simple machines. 





380 


MAN AND ENERGY 


[Qu^ 


other hand, of the sort used in raising buildings maf have 

as low as 15% to 20% because of the enormous diding friction in- 
volved. 

Power 


Definition and Relation to Force and Work 

It will be noted that thus far in this chapter no mention has been 
made of the time required to do work. In the nail keg experiment no 
attention was paid to the time spent in rolling the keg up the plank, 
the work done being entirely independent of that factor. But in many 
circumstances it is important to know how long a job requires, as well 
as how much work it involves. The quantity that brings this new 
factor into the picture is Power. It may be defined as. 

Power = Rate of Doing Work 




Power = 


Work 

Time 


or, since Work = Force X Displacement, we may say. 


Power 


Force X Displacement 

Time 


So we see that power involves one factor in addition to work, just as 
work involved one more than did force. 


The Measurement of Power 

Most of the units in which power is measured follow naturally 
from the above definition. We have seen that the foot-pound is a umt 
of work. Obviously then, " foot-pounds per second ” would express 
a rate of doing work, that is, would be a unit in which power could 
be measured. Similarly, " foot-pounds per minute,” " yard-tons per 
hour,” “ gram-centimeters per second,” " kilogram-meters per mm- 
ute ” would all be acceptable power units. In other words, the quantity 
power can be measured correctly in terms of, 

I Any work umt') per {Any time unit). 


There are in addition to these, several power units with special 
names. These include the horsepower, the watt, and the kilowatt. 

The horsepower is simply defined as a rate of working, such t^t 
550 foot-pounds are done every second. This means a 1 h.p. engine 
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can do 550 foot-pounds of work every second, a h.p. engine can do 

work at one-fourth this rate and so on. 

The watt is a rate of working equal to a joule per second, the 

joule having already been defined. The kilowatt equals 1,000 watts. 
This last unit is connected with the kilowatt-hour, a term with which 
the reader will be more or less familiar if he has anything to do with 
paying electric bills. It should be pointed out that the kilowatt-hour, 
or KWH, is a unit of work or energy, although it is frequently incor- 
rectly thought of as being a measure of power. It represents the 
amount of work that is done or the energy consumed in 1 hour by a 
device which works at the rate of 1 kilowatt. A 1,000-watt electric 
light bulb burning for 1 hour, or a 500-watt bulb burning for 2 
hours, or a 100-watt bulb burning for 10 hours would use 1 KWH of 
electrical energy. 

The horsepower and kilowatt are related as follows: 

1 Horsepower = ^ Kilowatt (approximately). 


Using the above relationships, the reader may be interested in 
proving for himself that when electricity costs 5 cents per kilowatt- 
hour, a nickel will buy enough energy to raise a 1 -ton weight through 
a vertical distance of about a quarter of a mile. 

Now, in the light of these definitions, let us calculate the power 
in two special cases. Pint we will again consider the experiment in- 
volving the 100-pound nail keg and the 3 -foot table, assuming that 
6 seconds were required to perform the 360 foot-pounds of work. The 
power then is given by. 

Work 360 

Power = = — — = 60 foot-pounds per second, 

Tme 6 


which would be an entirely correct expression of power, or rate of 
working. If we wish to express the result in horsepower, since 1 horse- 
power equals 550 foot-pounds per second, the above rate of doing 
work is, 


60 

550 


or .11 horsepower. 


In other words the rating in rolling the keg up the plank in 6 seconds 
would be a little over .1 horsepower. 
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As a second example, consider the case of a 200-pound man who 
climbs the stairs to the top of the Empire State building, a vertical 
height of about 1,250 feet, in half an hour. In getting himself from 
the street level to this high point he has done work given by, 

Work = Force X Displacement 

= 200 lbs. X 1,250 ft. = 250,000 ft.-lbs. 

Since this work was performed in half an hour, which equals 1,800 
seconds, his rate of working amounted to, 


Power 


Work 2 50,000 


Time 


1,800 


139 ft.-lbs. per second, 


or to express it as a fraction of a horsepower. 


139 

TTo 


.25 = 54 horsepower (approximately) 


Table 21 gives the quantities discussed in this chapter together 
with their definitions and units of measurement. The quantity en- 
ergy, which is last in the table, is considered in the next chapter. 

Table 21. Definitions and Examples of Units of Force, Work, 

Power, and Energy 

Quantity Definition Units 

Force Push or Pull lb., oz., ton, etc. 

gram, kg., etc. 

poundal 

dyne 


Quantity 

Force 


Work 


Force X Distance 


Power 


Rate of Doing Work 


or 


Work 

Time 


Force X Dist 
Time 


ft.-lb., oz.-in., etc. 
gm.-cm., kg.-m., etc. 

poundal-foot 

dyne-cm. — erg 
joule = 10^ ergs 

ft.-lb. per sec., etc. 
gm.-cm. per sec., etc. 
hp. = 5 50 ft.-lb./sec. 
watt = joule/sec. 
kilowatt = 1,000 watts 


Energy 


Capacity for Doing 
Work 


Same as work units 



383 


Chap. 20] FORCE, WORK, AND POWER 

Questions 

Discussion 

1. Define force, work, and power, and state just how each one differs from 
the other two, 

2. How would the force of gravitational attraction between two objects 
change if both their masses were suddenly tripled? If the distance between 

them was suddenly tripled? 

3. Mention one or two examples of the operation of Newton’s law of In- 
ertia, other than those described in this chapter. 

4. Explain why any statement of acceleration must involve the use of 
two time units, as " miles per hour per minute ” or " feet per second per 
second.” 

5. Assuming that it bcreases at a uniform rate, what is the acceleration 
of an object that starts from rest and at the end of 3 minutes is going 60 feet 
per second? 

6. If it requires a force of 220 pounds to give a certain automobile an 
acceleration of 2 miles per hour per second, what force would be necessary 
to give the same car an acceleration of 1 mile per hour per second? 

7. Other things being equal, what force would it take to give a car twice 
as heavy as the one mentioned above an acceleration of 2 miles per hour per 
second? 

8. Mention some examples of the operation of Newton’s law of Interaction 
other than those given in this chapter. 

9. Define the following: 

a, A pound of force. c. A dyne of force. 

h, A poundal of force. d, A gram of force. 

10. How is the dyne related to the gram? The poundal to the pound? 

11. Using some other simple machine, take data analogous to that given in 
this chapter for an inclined plane and calculate mechanical advantage and 
eflSciency. 

12. What is the relation between the dyne and the erg? The erg and the 
joule? 

13. Explain just what advantages there are in the use of machines in view 
of the fact that they always increase the amount of work that has to be done. 

14. What is the mechanical advantage of a machine with which a force 
of 25 pounds is required to lift a load of 25 poimds? 

15. Which one of the following would be the best basis on which to pay 
a man who mowed your lawn, and why? 

tf. At so much per force unit. 

b. At so much per power unit. 

r. At so much per work unit. 

16. Decide what data you would need to take in order to calculate youi 
honepower while running upstairs; then make the experiment. 
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17. Make the necessary conversions between kinds of units and calculate 
the value of your effort in running upstairs in Ques. 16 at the prevailing elec- 
trical rates in your locality. 


Multiple Choice 

1. Every body persists in its state of rest or motion In a straight line 
unless acted upon by an external (a) acceleration, (b) power, (c) force, 
(d) energy, (e) action. 

2. List all of the following that are true when a barrel is rolled up a plank 
into a truck instead of being lifted up directly, (a) Less work is done, (b) 
A mechanical advantage of less than one is obtained, (c) A smaller force 
is exerted, (d) An efficiency of more than 100 per cent is obtained, (c) 
The power is probably less. 

3. Which one of the following might be a correct expression of a ma- 
chine’s mechanical advantage? (a) 6, (b) 6 pounds, (c) 6 foot-pounds, (d) 
6 foot-pounds per second, (e) 6 per cent. 

4. Which one of Newton’s laws would be involved most directly in an 
explanation of the fact that when an aviator pulls out of a power dive, the 
blood tends to drain from his head? (a) Law of gravitation, (b) Law of 
interaction, (c) Law of acceleration, (d) Law of inertia. 

5. The force of gravitational attraction between a 10-pound weight and 
a 2-pound weight 2 feet apart is — (a) 1, (b) 2, (c) 3, (d) 4, (e) 5 — 
times as great as that between a 5 -pound and a 2-pound weight, also 2 feet 

apart. 


True-False 

1. In the fraction which represents the mechanical advantage of a ma- 
chine, both numerator and denominator are forces. 

2. A machine which lifts a 5 5 -pound weight through a vertical distance 

of 10 feet in 1 second is working at a rate of 1 hp. 

3. Only objects at rest possess inertia. 

4. In addition to the quantities involved in work, a definition of power 

must also take into account acceleration. 

y. In the fraction which represents efficiency, the numerator is never 

larger than the denominator. 

6. To every acceleration there is an equal and opposite acceleration. 

7. If it requires 10 seconds for a 1-pound object to fall from a certain 
balloon to the earth, a 10-pound object would fall the same distance in 1 

8. By using a jack to raise an automobile, a man does less work than he 

would do if he were able to take hold of the car and lift it. 

9. A spring balance measures forces in terms of their effects in causmg 

deformation. 
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Chapter 21 

ENERGY AND ITS TRANSFORMATIONS 


Definition and Relation to Work 

In the preceding chapter we saw that the formal definitions of force, 
work, and power agree rather well with the meaning we associate with 
those terms in everyday usage. The same thing is true of " energy.” 
An individual whom we describe as having a great deal of energy is 
one whom we think of as being able to accomplish a lot. Very much 
the same idea is involved in the scientific definition which states. 

Energy is capacity for doing work. 

So a wound watch spring, a boiler under full head of steam, a rap- 
idly moving fist, a person who has eaten regularly, all have a capacity 
for doing work, or in other words, all possess energy. 

Kinds of Energy 

Two ways in which energy is classified are of importance to us in 
this discussion. The first one that we will consider is a grouping based 
primarily oh the kinds of energy effects, or phenomena, that we hap- 
pen to observe, rather than on any characteristic of the object possess- 
ing the energy. 

Classification into Mechanical, Heat, Chemical 

In speaking of energy in any given case as belonging to one of the 

above groups we really have in mind the effects of the energy. The 

situation is much the same as that mentioned previously with regard 

to various kinds of forces. The important thing about the several 

kinds of energy is the fact that one can be changed into another almost 
without qualification. 
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Let us fix our attention on a certain ” chunk ” of energy that left 
the sun and arrived in western Pennsylvania several hundred million 
years ago. While making the journey from its solar home to the earth 
it was in a form that we would call radiant energy. Arriving here, it 
was absorbed by the trees, mosses, and ferns, of that early period and 
became chemical energy. As such it remained while the vegetation 
underwent the transformations discussed in Chapter 16, which resulted 
in turning it into coal. Then let us assume that the coal containing 
this particular portion of energy was recently mined and shipped to 
an electric light and power plant to be used as fuel for the operation 
of a steam turbine. When it is burned the energy emerges in the form 
of heat energy. Used to generate the steam which causes the turbine 
to operate, we next see it as mechanical energy. In this form it is em- 
ployed in rotating the armature of an electric dynamo and so is changed 
into electrical energy. As electrical energy it is sent out over trans- 
mission lines and may be turned into a number of forms. If it hap- 
pens to be used to ring a doorbell or a fire alarm, part of it becomes 
sound energy. The portion of it that may be put to use in running a 
vacuum cleaner, lathe or other device employing an electric motor goes 
back into mechanical energy again. That part that may be used for 
lighting becomes light energy. If some of it finds a career in charging 
storage batteries, it returns to the form of chemical energy. So it ap- 
pears that what we call energy can take a number of different forms 
and can be converted from one to another pretty much as happens to 
suit our fancy. In the light of this fact, the reader may have begun to 
wonder whether we can ever create energy or destroy it, or whether 
all we can do with it is to change it about from one kind to another. 
This question comes in for more serious consideration a little later in 
the chapter, in connection with a very important energy law. 


Classification into Potential and Kinetic 

Here we have energy classified on a different sort of basis, one 
which concerns certain definite characteristics or properties of the ob- 
ject possessing the energy. 

First, we will consider the conditions as a result of which a body 
is said to have potential energy. To begin with the name itself un- 
nlies something that is hidden or " wrapped up,” at least for the time 
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being. Commencement speakers often refer to the " great potentiali- 
ties ” in the graduating class, meaning possibilities for future action. 
Much the same idea is embodied in the term when applied to energy. 

As a first example let us consider the 5 -pound weight shown in 
Fig. 108. In its position on the floor (a) it has no capacity whatever 
for doing work, that is, it has no energy. When placed on the edge of 
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No Potential Energvj 
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15 foot-pounds of Potential Enerqij 


Fig. 108. Diagrams illustrating one form of potential energy, that of position. 


the 3 -foot table {h), it does possess energy. It could be made to do 
some work by allowing it to fall from the table to the floor. It now 
possesses energy that it did not possess in the first case, and it has this 
energy because of its position. This is one form of potential energy. 
In deciding how much this energy amounts to, we must look at the 
process by which the weight acquired it. Obviously the energy was 
acquired because someone did work equivalent to lifting the weight 
from the floor to the table, which according to the relations developed 
in the last chapter, would amount to “ 5 pounds X 3 feet ” or 1 5 foot- 
pounds of work. Consequently, the weight on the table is said to pos- 
sess 15 foot-pounds of potential energy that it did not have on the 
floor. Or, in general, for cases of this sort we can say. 

Potential Energy = Weight X Height. 


Energy of position is not the only kind of potential energy. The 
case of a stretched spring is another example. Here the object is ca- 
pable of doing work because it has been put in a strained state. As in 
the above case, the amount of energy it has is equal to the work done 
on it to put it in its “ energy-possessing ” condition. When one winds 
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a watch, one is storing up potential energy in the spring. This poten- 
tial energy comes back out again as the spring " unwinds ” and moves 
the hands. 


A third sort of energy that is commonly spoken of as potential, 
is the kind possessed by gasoline or dynamite. This is chemical in na- 
ture and gives the material the capability of doing work at some future 


time. 


In general we can say that, 


Potential energy is energy that a body possesses because of its posi- 
tion, its state of strain, or its ability to do work by chemical reac- 
tion. 


The above cases still do not cover all the possibilities of obtaining 
work from an object. Work can also be done by an object purely be- 
cause it is in motion. This kind of energy is called Kinetic Energy. A 
baseball bat at the instant it hits the ball, an automobile at the instant 
it strikes another one, a hammer just when it hits the nail, are all ex- 
amples of cases in which work is done because of motion rather than 
position, state of strain or chemical reaction. So by definition we may 

say, 

Kinetic energy is energy that a body possesses because of its motion. 

The relationship by means of which kinetic energy may be cal- 
culated is somewhat more complicated than the one given for potential 
energy and will not be derived here. Its form is. 

Kinetic Energy = Yz Mass X Velocity- 

which means that the kinetic energy a body possesses increases with the 
square of its velocity. An automobile traveling 40 miles per hour has 
four times the capacity for doing work of one going 20 miles per hour, 
or one movmg 60 miles per hour has nine times that of the 20 miles per 
hour vehicle. Like potential energy, the units in which kinetic energy 
is measured are the same as those used for the measurement of work. 

In our consideration of the first manner of classifying energy, we 
saw that conversion could be made from one kind to another. Sum- 
larly, it is true that potential energy can change into kinetic and ki- 
netic into potential. This can easily be shown by considermg a httle 
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further the previous example of the 5 -pound weight on the table. It 
was pointed out that this object, due to its position, is capable of doing 
work. Since this work will actually be done only if the weight falls 
from the table, let us ask what energy changes occur when this hap- 
pens. On the table the energy is all potential, because the object has 
no motion. As it falls through the air its height above the floor is be- 
coming constantly less while its speed is becoming constantly greater. 



All Kinetic 


(Q) ll?) 

Fig. 109. Diagrams illustrating the acquisition of potential energy by a 
pendulum and the transformations between potential and kinetic energy as 
the pendulum swings. 

In the light of our definitions of the two kinds of energy, its potential 
energy is decreasing and its kinetic energy increasing. At the instant 
it hits the floor, the energy is all kinetic. So potential energy is con- 
verted into kinetic energy as the weight falls from the table to the 
floor. A swinging pendulum such as is shown in Fig. 109 offers an 
excellent example of repeated energy conversions between these two 
kinds. Let us assume that the pendulum is found at rest as in (a). 
Someone grasps it and pulls it to the position shown in (^) . To do this 
required that work be done. This amount of work is then incorpo- 
rated in the pendulum when it is in position B in the form of potential 
energy. When released, it swings back and forth as shown in (c) . 
During the swing from B to A, potential energy is changing into ki- 
netic. From A to C, the conversion is from kinetic to potential. 
Changes that are the opposite of these occur during the swing back 
again from C to A to B. The fact that the height to which the pendu- 
lum rises is a little less with each oscillation, so that the pendulum 
eventually comes to rest, makes it clear that during no downward 
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trip is quite all the potential energy changed to kinetic. Similarly 
during no rise is there a complete transformation from kinetic energy 
to potential. This concerns an interesting fact about energy changes 
which we will take up in more detail a little later in this chapter. 

Having considered here two examples of energy conversion be- 
tween potential and kinetic, the reader will readily see the changes that 
occur in other cases such as a baseball thrown vertically upward, a 
screen door that is pushed open and shuts again because of tension in 
a spring, water going over a waterfall, or a diver moving up and down 
on a diving board. 


The Law of Conservation of Energy 

Statement of the Law 

For the background of this important scientific principle, we 
must return to the caloric theory of heat which was discussed in Chap- 
ter 14. In that hypothesis heat was regarded as an actual material 
substance, and an important part of the theory was a law to the effect 
that heat could be neither created nor destroyed. In other words, the 
theory involved a " Conservation of Heat ” principle. Then there 
occurred the experiments of Count Rumford and Sir Humphry Davy 
which could not be explained on the basis of the caloric theory and 
in which heat definitely was created. Finally, it will be recalled, there 
was the work of James Joule which resulted in the abandonment of 
the caloric picture and the adoption of the view that heat is simply a 
form of energy. It will now be recognized that it is in the form of 
kinetic energy of the molecules of the material. The work of Joule 
showed that an exact quantitative relationship exists between mechan- 
ical work and heat. This relation, known as the Mechanical Equiva- 
lent of Heat, states that 778 foot-pounds of work are required to 
produce 1 B.t.u. of heat. The fact that repetition of this experiment 
in various forms and performance of many similar experiments always 
has given the same result led to the expression of the Law of Con- 
servation of Energy. This law states. 

Energy can be neither created nor destroyed; it can only be con- 
verted from one form to another. 
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We now have the conservation principle applied to energy as a whole 
instead of to only one kind, as in the conservation of heat version. 
A companion principle— the Law of Conservation of Matter— states 
that matter can neither be created nor destroyed. For almost all 
practical purposes both of these laws can be thought of as still hold- 
ing today. It should be pointed out, however, that modern research 
in atomic physics has demonstrated experimentally that under certain 
extreme conditions matter can be changed into energy and energy into 
matter. The idea that there might be a definite, quantitative relation- 
ship between matter and energy was advanced by Albert Einstein, in 
1905, on purely theoretical grounds. The Einstein equation which re- 
lates these quantities, its experimental verification and application in 
the atomic bomb, and some of the general implications of recent 
atomic energy studies are discussed in some detail in Chapter 26. 

The Sun as the Source of Our Energy 

If, as the above law states, we can neither create nor destroy en- 
ergy, we may well wonder just what its source is. It happens, as was 
mentioned in Chapter 2, that the ancestry of almost any bit of energy 
one examines can be traced back to the sun. One such example has 
already been followed through in the opposite direction in the early 
part of this chapter. As another illustration, consider the energy the 
reader uses in turning the pages of this book. He receives it from the 
food he eats. This food may be traced back to green plants either di- 
rectly or indirectly. That is, the reader’s food is either animal or vege- 
table in nature. But the animal part itself comes from either vege- 
tables or other animals, and so on until an animal is reached which 
eats only green plants. Green plants have the ability to absorb energy 
directly from sunlight. The reader may find it of interest to take other 
specific examples of energy and trace them back to the star member of 
the solar system. The only exceptions are ones of minor importance 
in which the energy came from some star other than the sun. An ex- 
ample of this would be the light from Arcturus, mentioned previously, 
which was used to activate a photoelectric cell and so set in motion the 
1933 Chicago World’s Fair, So we can trace the earth’s energy back 
to the sun. Some of the theories that have been advanced to account 
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fur the source of the sun'i energy were docuaed to the Utter put ol 
Chapter 2. 

An Amendment to the Conservation Law 

We have considered at some length the matter of the converaon 
of energy from one kind to another. Nature teems to have placed 
one definite qualification on these conversions, a qualification that may 
be thought of as a sort of amendment to the Law of Conservation of 
Energy This amendment becomes quite evident if we consider a few 

examples. Let us look again at the 
previously discussed cax of the 
swinging pendulum. We have al> 
ready referred to the fact that in 
spite of the energy changing l»ck 
and forth between potential and 
kinetic, the pendulum slows down 
and eventually comes to rest. At 
first thought this might appear to 
mean that energy is actiully being 
destroyed, and so constitute a vio- 
lation of the conservation law. But 
careful investigation shows that the 
facts are rather those pictured in 
Fig. 110. All the potential energy 
that the pendulum possessed at B 
is not converted to kinetic as it faDs 
to A. Some of it is changed to heat energy, due to friction at the point 
of suspension, and with the air. Then in rising from A to C, kinetic 
energy changes back to potential again. But no such reversal occurs as 
far as the heat energy is concerned. In fact, still more goes into heat. 
As the pendulum continues to oscillate there is a continual net flow of 
energy into the form of heat until eventually the pendulum comes to 
rest. The point to be noted is that at no time does any of thn heat 
energy return naturally to either the potential or kinetic forms. Or we 
may consider the case of a baseball that is thrown vertically upwaiA. 
As it leaves the hand its energy is kinetic. On the way up this kiiietic 
changes to potential and to heat, the latter due to friction with the at- 



Fig. 110. The complete energy 
transformations that occur in a 
swinging pendulum. 
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mosphere. On the way back down there is a reversal in direction of the 
kinetic-potential conversion, but the change into heat energy still goes 
on. In like fashion one might examine all the energy changes men- 
tioned in the first part of the chapter when radiant energy from the sun 
was followed through a series of reincarnations until it became sound 
and light. With every change, some energy was transformed into heat. 
In other words, in Nature’s energy family. Heat seems to be the fa- 
vorite child, always collecting for itself a percentage of the energy in- 
volved in any of the transactions among Mechanical, Electrical, Mag- 
netic, Sound, Light, or any of the other children. 

This amendment to the Law of Conservation of Energy may be 

stated, 


Energy never changes naturally from heat to any of the other 
forms. 

These facts are of considerable importance to us in this discussion, be- 
cause, as we shall see in the next chapter, much of our modern use of 
energy Involves making just this conversion from heat to another 
form, and since it does not occur naturally, we must devise machines 

which will make it occur. 

In order to link our discussion with more conventional treatments 
of the subject, it should be pointed out that the experimental facts 
which we have been calling an amendment to the Law of Conservation 
of Energy, really represent part of the data upon which a law, known 
In physics by the somewhat formidable title of the Second Law of 
Thermodynamics, is based. The Conservation Law itself is the First 

Law of Thermodynamics. 


Questions 

Discussion 

1. Trace the energy you use in turmng the pages of this book, back to 
the sun. 

2. Mention circumstances in which the following energy changes might 
occur; 

a. Radiant to chemical. d. Mechanical to heat. 

b. Mechanical to electrical. e. Potential to kinetic. 

c. Electrical to heat. /. Kinetic to potential. 

3. Mention examples, other than the ones given, of objects which possess 
potential energy and of ones which possess kinetic energy. 
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4. On the basis of the kinetic theory, what relationship would you say 
exists between heat energy and kinetic energy? 

5. If a book possesses more potential energy when on a table than when 
on the floor, from where does the additional energy come? 

6. Explain the statement, " The fact that a swinging pendulum eventu- 
ally comes to rest is not a violation of the Law of Conservation of Energy.” 

7. In the caloric theory of heat there was a basic assumption to the effect 
that heat could neither be created nor destroyed. Mention some experimental 
evidence that contradicts this statement. 

8. Look up some information on the so-called ** Heat Death of the Uni- 
verse ” and link it to the discussion in this chapter of what we have called 
an amendment to the Conservation Law, 


Multiple Choice 

1. List all of the following that may be said to possess more potential 
than kinetic energy, (a) A freight car at rest on a level track, (b) The 
same car in motion on the same level track, (c) A roller coaster car at the 
top of an incline, (d) A bullet as it leaves the muzzle of the gun. (e) A 
baseball at the highest point it reaches after having been thrown vertically 
upwards. 

2. Energy may be defined as capacity for (a) exerting force, (b) action, 

(c) great power, (d) doing work, (e) producing motion. 

3. Energy may be (a) created but not destroyed, (b) destroyed but not 
created, (c) created and destroyed but not transformed into various forms, 

(d) changed from one form to another but neither created nor destroyed. 

4. During which of the following (one or more) is kinetic energy be- 
ing transformed into potential energy? (a) A roller coaster car going down 
an incline, (b) The same car going up the next incline, (c) A storage 
battery while it is being charged, (d) A parachutist falling through the 
air, before he pulls the rip cord, (e) The same parachutist after he pulls 

the rip cord, (f) A man winding a watch. 

5. If the transfer could be made without loss, the energy necessary to 
heat a pound of water from 70° F. to 71° F. would be sufficient to lift a 
200-pound man through a vertical height of between — (a) 0 and 2, (b) 2 
and 4, (c) 4 and 6, (d) 6 and 8, (e) 8 and 10 — feet. 


True-False 

1. The fact that a swinging pendulum slows down and eventually stops 

proves that there are exceptions to the Law of Conservation of Energy. 

2. If a block slides down an incline due to its own weight only, its actual 
kinetic energy at the bottom will be less than was its potential at the top. 

3. At 80 miles an hour, an automobile possesses 16 times as much kinetic 

energy as it does at 20 miles per hour. 
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4. It is correct to s.ty that heat can be neither created nnr destroyed. 

5. More energy changes naturally from mechanical to heat than from heat 


to mechanical. 

6 . A man’s physical energy cannot be traced back to the sini without a 

green plant’s being involved somewhere along the way. 

7. In a freely swinging pendulum, the total amount of potential energy 

that changes to kinetic is greater than the total which is transformed in the 


apposite direction. 

8. The statement of the Law of Conservation of I'.nergy 


is contradicted 


by the fact that no machine can be 100 per cent eflicient. 

9, In the light of the previous discussion of the kinetic or molecular 

theory, heat may be thought of as a form of kinetic energy. 

10. Potential energy could be measured correctly in joules. 
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Chapter 22 
HEAT ENGINES 


General Description of Heat Engines 

In the first part of this chapter we shall consider heat engines in gen- 
eral, defining them and describing their general functions. Then we 
shall discuss three specific types, the steam engine, the internal com- 
bustion engine, and the jet-propulsion engine. 

Relation to Previous Discussion 

First, let us remind the reader of the statement which, in the pre- 
ceding chapter, we called an amendment to the Law of Conservation 
of Energy. That amendment was, " Energy never changes naturally 
from heat into other forms.” Keeping this fact in mind, let us ask 
just what are the immediate sources of most of the energy used in the 
world today. Consider, for instance, the energy expended in trans- 
portation of all kinds. In its final form it is mechanical enerp, but 
almost all of it can be traced back to the heat energy of gasoline, oil, 
coal, or other fuel. Similarly, much of our electrical energy comes 
originally from the heat energy of some type of fuel, fuel which was 
burned to produce the energy that drove the dynamo. In other words, 
most of the energy that makes the wheels go around in our modern 
world is the result of transformations from heat energy to other kinds. 
Consequently, when we make energy changes of this sort occur we 
find that there are always large losses involved. Or, to state the same 
fact quantitatively, although 778 foot-pounds of work are required 
to generate 1 B.t.u. of heat, we cannot take 1 B.t m of heat and make 
it do 778 foot-pounds of work. In fact, we shaU find that under th 
very best conditions we cannot get much over a fourth of 778 foo^ 
pounds from the 1 B.t.u. of heat. It is this loss, inherent m any energ) 
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transformation from heat to other forms, that is the principal cause of 
the low eflSciency of heat engines. 

Definition of a Heat Engine 

As might be suspected from the above discussion, a heat engine 
may be defined as any device which changes heat energy into mechan- 
ical energy. Included in this classification arc all such machines as 
steam engines, gasoline engines, Diesel engines, and jet-propulsion en- 
gines. Even the human body itself is a heat engine since it is able 
to do mechanical work as a result of the energy provided by the food 

that is eaten. 

It should be emphasized that, even though heat engines are rela- 
tively ineflScient, they do make it possible to use fuels to do work 
which such substances could not be made to do in any other way. 
Five gallons of gasoline all by itself is not capable of providing much 
in the way of what we may call controlled transportation. But, if it 
is run through the kind of heat engine we use in an automobile, 80 to 
100 miles of such transportation are made available for the car and its 
occupants. 

The Steam Engine 

It has often been pointed out that man is the only animal that 
makes use of energy other than that resulting from his own muscular 
efforts. It is also true that even man did very little about external 
sources of energy until the latter part of the seventeenth century. 
During all the preceding thousands of years his only such supple- 
mentary energy came from domesticated animals, water, and wind. 
But with the industrial revolution came the need for doing various 
kinds of work that could not be performed satisfactorily by beasts 
of burden, water-wheels, or windmills, and so the steam engine was 
developed. 

Steam Power before 1700 

Previous to 1600 a number of attempts had been made to harness 
steam power but without any appreciable success. By 1600, however, 
changing industrial conditions in England had enormously increased 
the demand for coal. Since one of the principal hindrances to in- 
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creased coal production was the water which collected in the mines, 
there was an urgent need for a power-driven water pump of some 
kind. The first such pump to have any extensive commercial use was 
patented in 1698 by Thomas Savery. Its principle of operation was 
very simple and its applications extremely limited. Steam was al- 
lowed to enter a cylinder from which a pipe led to the water in the 
mine. As the steam condensed, creating a partial vacuum, atmos- 
pheric pressure forced water from the mine up into the cylinder. A 
valve in the inlet pipe was then closed and new steam introduced, 
forcing the water out through a pipe leading up to the surface and 
at the same time again filling the cylinder with steam. The cycle was 
then repeated. Since the engine had no moving parts it could not be 
adapted for use in running other machines but was strictly limited 
to pumping water. The Savery engine had many shortcomings and 
within a few years was supplanted by a device developed by Thomas 

Newcomen. 


Newcomen’s Engine 

The earliest direct ancestor of the modern steam engine was the 
" atmospheric engine ” which was built around 1705 by Thomas New- 
comen (1663-1729). Newcomen’s engine, like Savery s, was built 
primarily for pumping water out of mines. Although the two men 
were contemporaries and fellow-countrymen, there seems to be no evi- 
dence that either one knew about the work of the other. 

The essential features of the Newcomen engine are shown in Fig. 
111. It marked the first important use ever made of a piston operat- 
ing in a cylinder. The cycle of operation was as follows: Valve A wm 
opened and the cylinder filled with steam. This steam condensed, 
creating a partial vacuum in the cylinder. In this device cold water 
was sprayed into the cylinder throngh the jet B to speed up the con- 
densation process. Because o£ the lowered pressure wiAin the cylin- 
der, atmospheric pressure forced the piston ^ f"*"™ 

motion of the piston was communicated through the walkutg beam 

and rahed the pump rod. Next the valve C was opened and * 
water drained out of the cylinder. Opening this valve »'«> 
air to enter the cylinder and the weight on the left end of the wafag 
beam dropped, raising the piston up to its original position and 
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ing the pump rod again. Although the valves were opened and 
closed by hand in the earliest models, by 1712 Newcomen engines 

were in use in which this work _ 


was done automatically by levers at- 
tached to the moving parts of the 

machine. 

One of the principal advantages 
enjoyed by the Newcomen engine 
over the Savery was the fact that 
steam pressure in the later engine 
was not much greater than that of 
the atmosphere. For this reason the 
danger of explosion was considerably 
reduced. Also the engine produced 
an up and down movement of a 
beam, and so possessed possibilities 
for doing other things than pump- 
ing water. Actually not much else 
was done with it until after certain 
improvements had been added by 
James Watt. 
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To 
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Fig, 111. Schematic diagram of 
the steam engine of Thomas 
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Watt’s Engine 

James Watt (1736-1819) is frequently credited with having 
been the steam engine’s inventor. Almost everyone has heard how 
Watt as a boy was so impressed with the power exhibited by steam as 
it raised the lid of his mother’s teakettle that he grew up and invented 
the steam engine. As a matter of fact this tale belongs with some of 
the other fables we have mentioned because, as we have seen, steam 
engines were being used industrially some years before James Watt was 
born. What Watt did do was to add a number of improvements to 
the Newcomen engine, improvements that were so important and rev- 
olutionary that it is not surprising the whole invention has so often 
been ascribed to him. We will consider four of his improvements 
that were of outstanding importance. 

First, he noticed that the Newcomen engine seemed to require 
an enormous quantity of steam in order to do a rather small amount 



400 MAN AND ENERGY [Chap. 22 

of work. A little experimentation convinced Watt that this was 
because the entire piston and cylinder cooled down with each con- 
densation of steam and so had to be heated up again after each power 
stroke. In fact he found that about seven-eighths of all the steam 
generated was being used in this fashion and only one-eighth going 
into the production of useful work. To remedy this he added a 
small separate chamber that was kept at a low temperature and in 
which the steam was allowed to condense. Since the condensation of 
the steam created a partial vacuum in both chambers, the engine could 
operate as before. Now the cylinder could be kept warm all the time, 
eliminating the necessity for constantly re-heating it. 

Second, Watt increased the pressure at which the steam was ad- 
mitted to the cylinder. By doing this he was able to use the steam 
pressure to raise the piston, instead of depending on the counter- 
weight on the walking beam. At this point in the development the 
down stroke was still accomplished by the creation of a partial vacuum 
below the piston. 

The third improvement consisted in making the engine double- 
acting. This means that he devised a system of tubes and valves so 
arranged that steam could be admitted alternately on either side of 
the piston. Then steam pressure was used both to force the piston up 
and to drive it back down again, eliminating the use of atmospheric 

pressure. 

The fourth important feature that Watt added resulted from his 
observations of the exhaust steam that issued from the engines. He 
noticed that it was at a fairly high pressure and reasoned from this 
that it still contained a fairly large amount of energy that was being 
wasted. Up to that time steam had been admitted to the cylinder 
during the entire stroke of the piston. Watt changed this so that the 
steam was cut off after the piston had traveled only part of the way 
along the cylinder. The force for the rest of the trip was exerted by 
the expansion of the small amount of steam that had gained entrance. 
In Watt’s engine the steam cut-off occurred at such a time that the 
steam expanded to three or four times its original volume during the 
rest of the stroke. In some modern engines this expansion is as much 

as two hundredfold. 
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One more improvement must be mentioned here, although it 
cannot be credited to Watt. It concerns the type of motion obtained 
from the engine. It will be noted that both the Newcomen engine 
and the Watt engine, as discussed thus far, produced only " up and 
down ” motion. Such motion is called " reciprocating,” a term that 
includes all motions that we might describe as up and down, back and 
forth, or to and fro. However, it is obvious that most of the things 
for which we use engines today involve making wheels, gears, and 
shafts go around rather than in causing something to go back and 
forth. In other words, an engine which delivers rotational motion is 
a much more valuable device than one which generates only recipro- 
cating motion. But any engine which has a piston operating in a 
cylinder produces reciprocating motion of that piston, so that if we 
are to get rotational motion out of it, the engine must contain some 
device which changes the one type of motion into the other. 

The device which we use today to change the reciprocating mo- 


tion of a piston into rotational motion of a shaft was first applied to 
steam engines around 1780. It is called a crankshaft and its operation 
may be illustrated by the familiar brace and bit used by carpenters 
to bore holes in wood. It will be recalled that when this device is 
being used, the carpenter’s hand and arm move back and forth but 
the bit rotates as it goes through the wood. The brace represents 
the crankshaft and the carpenter’s hand and arm the connecting rod. 
The offset part of the brace which is grasped by the hand is called 
a " throw.” If the reader will look back at the Newcomen engine 
pictured in Fig. Ill he will see that one might replace the pump 
rod and chain on the left side of the walking beam with a connecting 
rod and fasten it to the throw of a crankshaft and so make the shaft 
rotate as the engine operated. 

By the time the above five improvements, together with many 
others of less importance, were added to Newcomen’s engine its effi- 
ciency had been increased six or eight times. Although all of Watt’s 
engines looked like Newcomen’s in that they used vertical cylinders 
and overhead walking beams, they were quite close in principle and 

cycle of operation to the slide-valve steam engine of today which we 
will consider next. 
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The Slide-Valve Steam Engine 
Cycle of Operation. — The essential parts of a simple slide-valve 
steam engine are shown in Fig. 112. We will trace the steps in its 
cycle of operation. Steam enters the steam chest from a boUer not 
shown in the diagram. As the engine is pictured here, the steam 
moves down through the passage L and exerts its force against the left 
side of the piston, pushing it toward the right. As mentioned above, 
the steam is cut off before the piston has traveled far so that most of 
the stroke is caused by the expansion of the first steam to enter the 



Fig. 112. Cross-sectional diagram of a simple slide-valve engine when the 
piston is at the left end of the cylinder starting back. 

cylinder. This cut-off is accomplished by the valve V sliding a little 
to the left. As the piston moves to the right, exhaust steam from the 
preceding stroke is pushed ahead of it, up through the passage il, and 
out the exhaust pipe £. By the time the piston reaches the right-hand 
end of the cylinder, the valve has moved to the left to the position 
shown in the insert. Now steam from the steam chest enters the 
cylinder through R and forces the piston back. Exhaust is now take^a 
care of through L and out through £. After the piston reaches A 
left-hand end of the cylinder, completing one cycle, the procedu 
is repeated. Although modern engines Inc ude strain addmo j 
features designed to increase efficiency, the above description covers 

the essentials of their operation. is 

It should he pointed out that the slide-va ve escn e 
no, the only kind of device used to provide for admission and exhaus 
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of steam in reciprocating engines. However, it is the most widely 
used, other valve arrangements simply accomplishing exactly the same 

results by slightly different mechanisms. 

Additional Features. — One method of increasing efficiency is to 
have the exhaust steam go into a condensing chamber. When it is 
simply exhausted into the open air, atmospheric pressure of about 1 5 
pounds per square inch is constantly pushing back on the piston. If, 
however, it condenses in a closed chamber, thus creating a partial 
vacuum, the back pressure on the piston is considerably reduced. 
Also, the condensed steam can then be conducted back into the boiler 
and used over again. This effects an additional saving in fuel since 
this water is already at a comparatively high temperature and so re- 
quires less heating. 

Higher efficiencies are also obtained if more than one cylinder is 
used. Steam that has worked against one piston, as described above, 
still has some energy in it. This can be used by conducting the steam 
to another cylinder and letting it work against another piston instead 
of simply exhausting it. In modern engines the steam may be em- 
ployed in as many as four cylinders before being finally conducted 
to the condensing chamber. 

Efficiency. — The efficiency of the average steam engine is about 
18.J per cent and of the average steam boiler approximately 70 per 
cent. Thus the total efficiency of the installation from fuel through 
to useful work averages 18.5 per cent of 70 per cent, or about 13 
per cent. By the use of very high initial temperatures efficiencies as 
high as 24 per cent have been reached in the best modern reciprocating 
engines but with valve mechanisms other than the slide-valve type. 


The Steam Turbine 

In the steam turbine, rotational mechanical energy is obtained 
from the heat energy in a fuel by a procedure somewhat more direct 
than that just described for the reciprocating type of engine. Two 
men, an Englishman and a Swede, were chiefly responsible for early 
turbine development. The former, Charles Parsons, built his first 
machine for use in running an electric generator. The latter, Carl 
de Laval, was interested in building a device that could be used as a 
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source of energy for his newly developed cream separator. Both did 
their work during the latter part of the nineteenth century. 

As might be expected, early steam turbines looked very much 
like water-wheels and operated by directing jets of steam against flat 
vanes on paddle-wheels. Later developments which led to increased 
efficiencies included the use of curved paddles and of directing the 



Fig. 113. The rotating member or rotor of a General Electric 75,000-kilowatt 
steam turbine. (General Electric Co.) 


steam against a whole series of wheels instead of only one. The rotat- 
ing member of a large modern turbine is shown in Fig. 113. The 
tapered design enables the device to make use of the expansive power 
of the steam which enters at the small end and is exhausted at the large 
end. Stationary vanes, which alternate with the rotating vanes in the 
completed turbine, serve to reverse the direction of the steam between 
impacts against the rotor. 

Steam turbines attain maximum efficiency, between 20 per cent 
and 2 5 per cent, only when run at high speed. Although they average 
a little higher than do reciprocating engines, the maximum efficiencies 
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of the two kinds are about the same. Turbines, however, can be built 
in larger sizes than can the other type, some generating more than 
160,000 horsepower. They find their principal applications in cir- 
cumstances where high-speed, continuous, rotational motion is desired. 
Two important examples of their use are as sources of energy for run- 
ning electric generators and for operating ocean liners. 


The Internal Combustion Engine 

Two specific kinds of internal combustion engines will be con- 
sidered. But first we shall discuss a group of general features which 
are found in all such engines, introducing them by comparing the 
internal combustion type of device with the reciprocating steam 
engine described earlier in the chapter. 


Comparison with the Steam Engine 

The most important similarity between the internal combustion 
engine and the steam engine is that both are heat engines. Also, both 
of them accomplish the conversion of heat energy into mechanical 
energy by first generating a reciprocating motion of a piston in a 
cylinder and then converting this into rotational motion by the use of 
a crankshaft and one or more connecting rods. 

The fundamental difference between the steam engine and the 
internal combustion engine concerns the place in which the fuel is 
burned. The name " internal combustion ” suggests that the burn- 
ing takes place inside of something. That something is the cylinder. 
So the steam engine might be called an " external combustion ” ma- 
chine because the fuel is consumed entirely outside the cylinder or 
cylmders. The rate at which combustion occurs also differs widely 
m the two types of engines. In the steam outfit the fuel burns com- 
paratively slowly, the heat being used to generate steam. The steam 
then acts as an intermediate working substance, a sort of " middle- 
man,” that conveys the energy into the cylinder and expends it in 
moving the piston. In the internal combustion engine no such inter- 
mediate material is necessary. The fuel burns with great rapidity 

within the cylinder and the expanding gaseous products of combiu- 
tion themselves drive the piston. 
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Essential Features 


The very fact that combustion occurs in the somewhat inacces- 
sible location described above introduces certain rather obvious prob- 
lems that must be solved if such an engine is to operate. We will 
consider four of the most important of these. 

Vaporization of the Fuel. — It is obvious that, with combustion 
occurring within the cylinder, a solid fuel like wood or coal could 
hardly be satisfactory, at least not unless it were to be ground into a 
fine powder. It is conceivable that a liquid might be made to flow 
into the cylinder but it would undoubtedly burn too slowly to be 
satisfactory. A vaporized fuel, on the other hand, not only can be 
made to burn very rapidly, but it also can easily be conducted into 
the combustion chamber. Therefore, internal combustion engines 
always use fuels that are in vapor form at the time combustion occurs. 
If the fuel happens to be purchased in liquid form, then some means 
of converting it into a vapor must be provided. For instance, in the 
automobile engine the carburetor has this function. Space here does 
not permit a detailed explanation of the construction and operation 
of the carburetor, but one may think of it as working in somewhat 
the same manner as an insect spray gun or atomizer. That is to say, 
air moves rapidly past the end of a tube from which the gasoline 
emerges and mixes with it, the proportion being about H pounds 
of air to 1 pound of gasoline. In this fashion, every gallon of gaso- 
line is mixed with approximately the amount of air that would be 


in a room 10 feet square and 12 feet high. 

Conduction of the Fuel to the Cylinder. — The next step is to 
get the mixture of fuel and air from the carburetor to the cylinders. 
This transfer is made through a pipe called the “ intake manifold. 
The vapor is forced through the manifold as a result of a partial 
vacuum which is created in the cylinder. The manner in which this 
vacuum is created will be considered a little later. Since combustion 
occurs more readily if the vaporized fuel has been heated, the mani- 
fold runs close to the engine proper where it will be kept warm. 

Ignition of the Fuel. — Igniting the fuel presents no particular 
problem in the case of a steam engine because the coal is readily acces- 
sible in the firepot under the boiler. But there is a problem connected 
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with this part of the operation in an internal combustion engine where 
the fuel is deep inside the engine itself. It is obvious that the method 
of igniting the fuel must be an automatic one. A completely satis- 
factory procedure of this sort had to await the development of the 
electric ignition system, thus furnishing another example of the in- 
terdependence of different fields of technology. In the automobile 
engine of today the fuel is ignited by an electric spark which jumps 
across a gap between two wires on the bottom of the spark plug. 

Exhaust of Waste Products. — Here again the average steam en- 
gine presents no particular problem. If the fuel is coal or wood, the 
waste products of combustion, that is, the ashes, may be exhausted by 
means of a man and a wheelbarrow or their equivalent. But in the 
internal combustion engine, the waste products are inside the cylin- 
ders. The first point that suggests itself is that, under such conditions, 
the easiest kind of waste products to get rid of would be gaseous ones, 
because they could simply be blown out through an exhaust manifold 
and pipe. The ideal situation in this type of engine is to have the fuel 
pure enough and combustion complete enough so that all the products 
of the burning will be gases. Since this ideal is never quite attained, 
there are always larger or smaller amounts of solid waste materials 
formed. These collect on the inside of the cylinder in the form that 
we call carbon, and are eliminated when we take the car to a garage to 
have the carbon removed. 

The above discussion concerns all kinds of internal combustion 
engines. Next we shall consider one particular type. 


The Gas Engine 

The gas engine is the type of internal combustion engine which 
today provides the motive power for all pleasure automobiles and most 
trucks. Beginning around 1680, attempts were made to devise an 
engine that would run on some more concentrated form of fuel than 
wood or coal. Among the fuels tried were gunpowder, turpentine, 
and illuminating gas. The first machine that operated on the same 
principle as a modern engine did not appear until 1878. The builder 
was a German named Otto. (In other words today’s " auto ” engine 
IS a direct descendant of the original Otto engine.) It is a little 
startling to think that all the development from that first machine 
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to the high-powered automobile and airplane engines of today has 
occurred within a period of from 60-65 years. 

Cycle of Operation. — Now we will trace the actual cycle of 
operation of the gas engine, following it through step by step for a 
one-cylinder unit. The relative positions of carburetor, intake mani- 
fold, and valve, piston and cylinder, spark plug, and exhaust valve and 



Fig. 114. Diagram showing the rela- Fig. 115. Positions of piston and 
tive locations of various parts of a one- valves just after the beginning of 
cylinder gas engine. (After a General the intake stroke. (After General 
Motors Corp. chart.) Motors Corp. chart.) 


manifold are shown in Fig. 114. Note also in this diagram the con- 
necting rod running from the piston down to the crankshaft, the view 
of the latter being an end-on one. It should be recalled that here the 
term “ stroke,” as in the case of the steam engine, refers to a one-way 

trip of a piston along a cylinder. 

In Fig. 115 piston, cylinder, valves, and so forth are shown a little 

after the beginning of what is called the intake stroke. As the piston 

moves down, a partial vacuum is created above it. Because of this the 

greater outside pressure forces the vaporized mixture of gasoline and 

air from the carburetor, along the intake manifold, through the open 

intake valve, and into the cylinder. The exhaust valve is closed during 

this stroke. 

The next, or compression stroke, starts with the piston at the bot- 
tom of its path. Both valves are closed so that as the piston moves 
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upward, the fuel above it is compressed (Fig. 116). The extent of this 
compression is described by what engineers call ” compression ratio.” 
This may be defined as the ratio of the volume of gas in the cylinder 
when the piston is at its lowest point to the volume when the piston is 
at its highest point. If, at the beginning of the compression stroke, 


a certain cylinder contains a quart 
of vapor which, during the stroke, 
is squeezed down to one-fourth of 
a quart, the compression ratio is 
4 to 1. Other things being equal, 
the higher the compression ratio 
the more efficient the engine; 
therefore, it is desirable to com- 
press the gas as much as possible. 
On the other hand, compressing a 
gas raises its temperature, as any- 
one knows who has ever inflated 
an automobile tire or even a bas- 
ketball or football with a hand 
pump. If the compression ratio 
is too high the heat generated will 



Fig. 116. Positions of piston and 
valves toward close of compression 
stroke. (After General Motors 
Corp. chart.) 


automatically ignite the fuel too quickly. Thus an upper limit is 
placed on practical compression ratios. The addition of anti-knock 


compounds to gasoline has made it possible to use compression ratios 
of around 6 to 1 in modern automobile engines. These substances, 
usually compounds of lead, serve the purpose of keeping the gasoline 
vapor from igniting quite so readily as it otherwise would. 

Shortly before the piston reaches the end of the compression 
stroke and starts down again, an electric spark jumps across the gap at 
the bottom of the spark plug, igniting the fuel. By the time the 
burning occurs, the piston has just passed its highest point and started 
down again. The force of expanding gases drives the piston down 
and IS the motive power for the operation of the engine (Fig. 117), 
This is called the power stroke. Obviously, both valves must he closed 
throughout this stroke also, since otherwise the explosive force would 
not all be directed against the piston. It is principally in connection 
with the compression and power strokes that the presence of carbon 
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in the cylinder reduces the effective operation of the engine. These 
solid materials collect around the valves, prevent them from closing 
tightly, and so cause loss of compression and power. Carbon in the 
cylinder also prevents the escape of heat which increases the chances 
of automatic ignition of the gas. 

During the last, or exhaust stroke, of the cycle, the piston travels 
upward again (Fig. 118). In doing this it forces the waste products 



Fig. 117. Positions of pistons and Fig. 118. Positions of piston and 
valves shortly after beginning of valves toward close of exhaust 
the power stroke. (After General stroke. (After General Motors 
Motors Corp. chart.) Corp. chart.) 


of combustion out through the open exhaust valve into the exhaust 
manifold and thence to the exhaust pipe. The intake valve is closed 
since it would not be desirable to drive part of the waste gases back 


into the carburetor. 

Thus one cycle is completed. The four parts of it are repeated 

in sequence as long as the engine runs. 

It will be noted that during one cycle the piston makes four 

strokes. Any gas engine, regardless of the number of cylinders it 
possesses, that operates on this cycle is said to be a *' four-stroke-cycle 
engine,” a name that is frequently but erroneously abbreviated to 
'* four-cycle engine.” It should also be pointed out that since the 
crankshaft makes a half revolution during each stroke, it makes two 

complete revolutions for every cycle. 
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The operation of the valves is taken care of automatically by a 
cam and a camshaft which is geared to the crankshaft. A device called 
a timer acts as a sort of time-clock and sends a surge of electrical 
energy through the ignition circuit at exactly the instant that it is 
desired to have the fuel ignited in the cylinder. 

There is also a two-stroke-cycle gas engine in which, as the name 
implies, an explosion occurs every second stroke. It is of considerably 
less importance than the four-stroke-cycle type and will not be dis- 
cussed here. Readers who are interested in the details of its operation 
should consult a textbook in physics or internal combustion engines, 
or an encyclopedia. 

Multiple-Cylinder Engines. — In the one-cylinder engine just 
discussed, only one of the four strokes furnishes the power that is 
required in order for the engine to coast through the other three stages 
of the cycle. Actually, power is being exerted on the piston less than 
one-fourth of the time, since the force resulting from combustion 
is almost entirely dissipated before the piston reaches its lowest point. 
The motion of such an engine is not smooth but consists rather of a 
series of surges separated by the longer coasting periods. A heavy 
fly-wheel serves to smooth out to some extent the motion of a one- 
cylinder gas engine by making use of 
our former acquaintance, inertia. Both 
smoother operation and increased power 
are obtained by using engines of more 

than one cylinder. Vebtical V-Type 

Consider a four-cylinder gas en- 
gine. In the first place, the crankshaft 
will have to be long enough to have four 
throws or connecting rod connections in 
it. Since there are four strokes in the 

cycle and four cylinders, the timing can W-Typc X-Type 

be SO arranged that some one of the 119. Diagram showing 
cylinders will fire every half revolution end-on views of four types of 
of the crankshaft. However, because airplane engines. 

of the fact mentioned above, that force is not exerted through the 
entire power stroke, even in a four-cylinder engine there are times 
when no power is being applied to the crankshaft. In a six-cvlinder 
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engine the power strokes overlap slightly. With more than six cylin- 
ders the overlapping, of course, increases. 

On the other hand, multiplying the number of cylinders has the 
disadvantage of increasing the cost of operation, other things being 
equal. 

Gasoline engines used in propeller driven airplanes are of the 



Fig. 120. A 1200-horsepower Pratt & Whitney R-1830 air-cooled airplane 
engine. (United Aircraft Company.) 


four-stroke-cycle type and differ little from automobile engines in the 
essentials of their construction and operation. Among the liquid- 
cooled airplane engines there are, in addition to the vertical- and 
V-types used in automobiles, so-called W- and X-type engines. Com- 
parative diagrammatic end-on views of these engine types are shown 
in Fig. 119. The air-cooled or radial type airplane engine, in which 
the cylinders are grouped around a crankshaft like the spokes of a 
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wheel, also operates on a four-stroke cycle. It differs from the other 
type in that the crankshaft has only one " throw ” in it. One master 
connecting rod is attached to this throw and the other rods to the 
master rod. Such engines are built with odd numbers of cylinders 
in one bank or row. When the engine has two banks of cylinders 
there are two throws in the shaft. 


Gas Engine Efficiencies. — The average efficiency of gas engines 
as a whole, from fuel through to useful work, is about 2 5 per cent, 
with the best ones reaching something like 30 per cent, which is 
appreciably better than the average for steam engines. 

Data from the Research Division of the General Motors Cor- 


poration indicate that the over-all efficiency of the average automobile 
is about 8 per cent, which means that only 8 cents of every dollar 
spent for gasoline is expended in actually moving the car along the 
road. The remainder is lost in various ways chief among which are 
40 per cent absorbed by the water in the radiator and 20 per cent 
unavailable because of incomplete combustion. The principal hope 
for increasing the total efficiency lies in reducing these combustion 
losses by improving techniques of fuel injection, ignition and burning. 

The useful work in aircraft may run as high as 2 J per cent, the 
difference being due principally to the low frictional and heat losses 
in comparison with those mentioned above. 


A comparison of different engine efficiencies is shown in Fig. 121. 


The Diesel Engine 

The Diesel engine, which has excited a great deal of popular 

interest in recent years, is inherently more efficient than either the 

steam or gas engine. The reason for this will be pointed out in the 
course of the discussion. 

Comparison with Gas Engines. — In outward appearance a 
modern Diesel engine bears a very close resemblance to a gas engine, 
except that for equal-powered units, the former is somewhat the larger 
of ffie two. Both are heat engines. Both machines use a liquid fuel 
which is transformed into vapor form before being ignited. Both 
have cylinders in which pistons move with reciprocating motion. 
Both have intake and exhaust manifolds and valves. Both transform 
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the reciprocating motion of the pistons into rotational motion of a 
shaft by means of connecting rods and a crankshaft. Both operate, in 
most installations, on a four-stroke cycle, although there are also two- 
stroke-cycle types of both engines. The four strokes of the cycle are 
given the same names in the two machines. 

There are three principal respects in which they differ. One is 
in the fuel employed. Whereas the gas engine of today commonly 
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efficiencies of various types of engines. 



uses gasoline, Diesels in general are run on a rather highly refined type 
of fuel oil. The relation of this fuel situation to the comparative costs 
of operation of the two engines will be considered a little later in this 
chapter. The other two important differences concern compression 
and ignition of the fuel and can best be described in connection with 
those strokes of the cycle. 

Cycle of Operation. — The intake stroke in the Diesel engine 
differs from its counterpart in the gas engine in that only air is drawn 
into the cylinder instead of a mixture of air and fuel. 

Since nothing but air enters the cylinder during the intake stroke, 
it is obvious that only air can be compressed during the compression 
stroke. The reason for this variation from the gas engine case con- 
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cerns the matter of the heat developed by compression. Whereas 
maximum compression ratios in gas engines are in the neighborhood 
of 6 to 1, they may run as high as 16 to 1 in Diesels. This enormously 
greater compression creates temperatures as high as 1,000° F. which is 
suflScient to ignite automatically any fuel that is present. If prema- 



Fig. 122. Photograph of the oil spray coming from 
a Diesel fuel injector. (General Motors Corporation.) 


ture ignition is to be avoided, the cylinder must not contain any fuel 
during compression. 

In the power stroke, ignition of the fuel occurs at the instant it 
enters the cylinder, because of the high temperature generated by 
compression. The fuel is sprayed into the cylinder by an injector 
device. Figure 122 is a photograph of such an oil spray as it comes 
from the tip of one type of fuel injector. Such devices force the oil 
into the cylinder at pressures of from 3,000 to 20,000 pounds per 
square inch, and at velocities as high as 1 3 miles per minute. 

The action in a Diesel engine during the exhaust stroke is exactly 
the same as that described for a gas engine. 
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Advantages and Disadvantages. — Since the gas engine is the 

Diesel’s principal competitor, one tends to classify its features as good 
or bad in comparison with the other type of machine. 

The principal advantage, as was suggested at the beginning of 
the discussion of Diesels, is its greater economy of operation. This 
is true because of the experimental fact that, other things being equal, 
engine efficiency increases with the compression ratio. It is true that 
modern Diesels use approximately half the quantity of fuel consumed 
by gas engines for the same horsepower unit. 

One popular misconception about Diesel engines should be men- 
tioned in this connection. That is the common belief that Diesels 


will operate satisfactorily on very poor fuels such as old crankcase oil. 
While it is true that Diesel engines have been run on various things 
including powdered coal, potato peelings, sawdust, pine needles, hay, 
rice hulls, thin tar, buttermilk and a few others, it is also true that 
they run well and efficiently only on a rather highly refined type of 
fuel oil that costs about the same as gasoline at the refinery. So their 
greater economy of operation is not due fundamentally to their being 
run on cheap fuel. 

Among the disadvantages are the facts that the first cost of Diesels 
is somewhat greater than that of gas engines, and that the weight 
per horsepower is also higher. It is also true that the Diesel engine is 
the less flexible of the two and does not run well over as wide a range 


of speeds. 

Uses. — Since Diesel engines are now built in sizes from S horse- 
power up to more than 20,000 horsepower, their applications are quite 
varied. In stationary installations they are used to generate power 
in cases all the way from small factories up to whole towns. More 
than half of the world’s shipping today is carried in Diesel-powered 
boats. Other applications include their use in trucks, tractors, road- 
building equipment, and streamline trains. 


The Reaction Engine 

The general term " reaction engine ” applies to a group of power 
plants which have received an increasing amount of attention m 
recent years — particularly for their military applications. Names 
applied commonly, though frequently loosely, to various members of 
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the group include rocket, jet-propulsion engine, thermal-jet engine, 
duct engine and others. A little later we will define these types and 
differentiate among them but first the group as a whole will be 
considered briefly. The distinguishing characteristic of all reaction 
engines is their common principle of operation which is Newton’s 
third law of motion. This law, it will be recalled, states that to every 
action there is an equal and opposite reaction. For example, a man 
jumping from a rowboat exerts a backward thrust on the boat, push- 
ing it in the opposite direction; a bullet fired from a gun causes the 
gun to “ kick water emerging from the nozzles of a rotary lawn 
sprinkler exerts a backward thrust which produces the rotation. Gen- 
eration of motion in a reaction engine is just that simple as far as 
principle is concerned; a gas emerging from a jet exerts a thrust in 
the opposite direction against the chamber from which it issues caus- 
ing the engine, and the airplane or other device to which it is attached, 


to move. 


The idea of producing motion in this manner is not new. In 
the first or second century a.d. the steam reaction engine, or aeolipyle, 
shown in Fig. 123 was invented by Hero of Alexandria, a Greek 
mathematician and scientist. Steam gener- 
ated in the hollow sphere issued from the 
side spouts and the reaction or ” kick-back ” 
caused the outfit to rotate. This particular 
reaction engine, however, was never put to 
any practical use. 

In the reaction engines which we will 
consider, a fuel of some sort is burned and 
the escape of the resulting gaseous products 
of combustion through a jet in the rear of 
the device causes the desired reaction or 
thrust forward. Two major types of re- Fig. 123. Hero's steam 
action engine can be distinguished on the engine, or aeolipyle — 
basis of the source of the oxygen used for 1^^ a.d. 

combustion. (The role of oxygen in the burning process is discussed 
m an earlier chapter.) These are airstream engines, which use atmos- 
pheric oxygen to burn the fuel they carry, and rockets, which contain 
both fuel and an oxidizing agent and are, therefore, independent of 
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the oxygen content of the air through which they travel. Reaction 
engines are heat engines in that, like the types discussed earher in 
this chapter, they convert heat energy into mechanical energy. In 
fact, strictly speaking they probably should be classed as internal 
combustion engines since burning occurs within a combustion cham- 
ber. We are considering them separately, however, since by usage 
the term " internal combustion ” ordinarily signifies the type of en- 
gine in which a piston is driven back and forth in a cylinder by the 
forces resulting from a series of explosions of a mixture of air and a 
vaporized fuel. 


Airstream Engines 

Airstream engines resemble the gas and Diesel types described 
previously in the broad features of their operation. Air is introduced 
into a combustion chamber; compression occurs; the air-fuel mixture 
is burned; and the resulting force is employed to produce motion. 
They differ in the particular manner in which these effects are accom- 
plished with the airstream devices requiring few or no mechanically 
moving parts. These differences will be evident from the following 
discussion of three kinds of airstream engines.^ Schematic diagrams 

of the three types are given in Fig. 124. 

The Turbo-Jet Engine. — The operation of all turbo-jet (also 

called thermal-jet) engines can be described in terms of the top engine 
of Fig. 124. This figure does not depict any specific design but indi- 
cates the general makeup of all airstream engines in which compression 
is effected by a turbine-powered compressor. Air, drawn m at the 
front, passes through the vanes of the rotary air compressor and 
reaches the combustion chamber at high pressure. Fuel is injected 
into the chamber through the fuel nozzles and burns in the com- 
pressed air. The greatly accelerated gases are then ejected from the 
jet at the rear, imparting an opposite thrust to the engine m the 
direction shown by the large arrow. Power to operate the rotaiy 
compressor is supplied by a turbine wheel located at the rear of the 
combustion chamber (see diagram) and attached to the coinpressor 
shaft The turbine wheel is driven by the escaping gases in the same 


1 Th* airurcam cn*.nc .ub-groups listed here are those used in The Coming Ag‘ of 
Rockrt Pourr. by Edward Pendray. Harper U. Brothers. 1945. 
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Fig. 124. Three types of airstream engines: (a) turbo-jet, (b) mtermittent 

duct^ (c) continuous duct. (After G. Edward Pendray’s The Coming Age of 
Rocket Power, Harper & Brothers. ) 


420 


MAN AND ENERGY 


[Chap. 22 

manner that wind drives a windmill or steam a simple steam turbine. 
Since the compressor must be turning before the engine can operate, 
either compressed air or an electric motor is usually used to start the 
unit. Initial ignition of the fuel can be accomplished by an electric 
spark. Once started, operation is continuous as long as fuel is fed 
into the chamber. Fuel requirements, as far as the engine is con- 
cerned, are simply that the substance burned have a high heating 
value and be easy to introduce into the combustion chamber. These 
are easily met by existing petroleum products. Certain other restric- 
tions may arise, however, as the engine finds special applications as, 
for example, in airplanes operating at extremely high altitudes. 

Among the principal advantages of the turbo-jet engine is its 
low weight. It has been predicted that future gas turbines will not 
weigh more than half as much per horsepower developed as does the 
best conventional internal combustion engine. One of its big dis- 
advantages at present is its high fuel consumption. 

This type of power plant, which has but one moving part in 
the engine itself, involves no gears, pistons, cams, connecting rods 
or crankshafts, and applies its thrust directly instead of through the 
medium of wheels or a propeller, is becoming increasingly important, 
particularly in the field of aviation. Figure 125 shows the U. S. 
Army Air Force’s new turbo-jet-propelled P-80 fighter, the " Shoot- 
ing Star,” which has attained speeds in excess of 5 5 0 miles per hour. 
Its service ceiling is above 40,000 feet. In this plane air for the jet 
engine enters by vents in front of the wings close to the fuselage (see 
figure). The fuel used is aviation kerosene. The jet exhaust is at 
the rear tip of the fuselage. There is virtually no vibration, which 
reduces pilot fatigue. SufiScient power for takeoff can be developed 

in less than a minute. 

The Intermittent Duct Engine. — Both the intermittent and 
continuous duct engines differ from the turbo-jet unit in that they 
contain no compressor; in fact they contain almost no movmg parts 
whatever. Air which enters the front vents at high speed exerts a 
ram action on the air already in the chamber compressing it. One 
example of an intermittent duct engine— a German model patente 
in 1930— is shown in the center picture of Fig. 124. Its cycle o 
ooeration Is as follows: First, the engine must be moving rapidly 
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forward (150 miles per hour or more) before it can function. As a 
result of this motion air enters through the air inlet valves which arc 
designed to open easily to let air in but to close if air begins to flow 
out through them. As the entering air compresses that already m 
the chamber, fuel is injected and burns. The resulting explosion 
closes the valves and forces out the rear nozzle a blast of gases which 



Fig. 121. U. S. Army Air Force jet-propelled P-80 " Shooting Star.” 
(U. S. A. A. F. Photo.) 


exerts a momentary opposite thrust in the direction shown. Immedi- 
ately following the explosion there is a low pressure region just inside 
the valves which permits the force of the outside air to open them 

and begin the cycle over again. Generation of thrust is, of course, 
pulsating or intermittent. 

Although this type of engine has not been employed to power 
full-sized airplanes it was used in the famous German V-l robot bomb, 
or "buzz-bomb.” The engine was mounted above and at the rear 
of the flying bomb which was airplane-shaped and had a length of 
some 25 feet and a wingspread of about 16 feet. The duct engine 
was approximately 11 feet long. In the large forward end of the 
engine was a lattice containing several hundred square holes through 
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which the air entered. Behind these holes were thin steel flutter 
valves. Fuel was injected by means of compressed air through nine 
jets. A spark plug was used for initial ignition; after the first few 
explosions enough flame remained after each one to provide ignition 
for the next. The explosions occurred at a rate of approximately 
2,400 per minute. The speed of the bomb was between 250 and 
400 miles per hour. Its rate of fuel consumption was some eight 
times that of an internal combustion engine of equal power. 

The Continuous Duct Engine. — This engine, which also goes 
by the names of ram-jet, athodyd, and flying stovepipe, is the simplest 
of the three airstream power plants. It consists simply of a tube open 
at both ends and shaped as indicated in the bottom diagram of Fig. 124 
with provision for fuel injection and ignition. Before it will function 
the engine must be moving through the air at high speed and, in 
general, operates most effectively at speeds greater than the speed of 
sound. Air entering the front slows down momentarily as a result of 
the increased diameter of the tube. Because it slows down it is com- 
pressed by the ram effect of the inrushing air following it. Combus- 
tion occurs in the mixture of fuel and compressed air just as in the 
case of the other engines. The gaseous products of combustion are 
driven out the rear and exert a reaction which provides a continuous 
net thrust in the direction shown. 

No applications of this power plant to airplanes have yet been 
tried due to the high speed required to make it operate. However, as 
part of the U. S. Navy's guided-missile program, the Applied Physics 
Laboratory of Johns Hopkins University had, by mid- 1946, success- 
fully flown 70-pound ram-jets, developing over 2,000 horsepower 
each, at speeds greater than 1,400 miles per hour. 

Rockets 

Rockets which constitute perhaps the simplest form of reaction 
engine can be divided into solid-fuel and liquid-fuel types. Both 
kinds carry an oxidizing agent as well as fuel; thus combustion of 
the fuel, and consequently flight, does not require the presence of 
oxygen in the atmosphere through which the rocket travels. This 
means that, whatever the other difficulties may be, at least lack of 



423 


Chap. 22] HEAT ENGINES 

oxygen in the space between the earth’s atmosphere and the moon 
would not preclude a lunar trip by rocket. Airstream engines, on 
the other hand, cannot operate in an atmosphere devoid of oxygen. 
If the reader is concerned because the jet of a rocket traveling in a 
vacuum would have no air to push against he should recall again 
Newton’s third law. A jet-powered device (projectile or airplane) 
moves, not because the jet pushes against the air, but because it reacts 

or “ kicks ” back against the engine. 

Solid-Fuel Rockets. — The common or garden variety Fourth 
of July skyrocket is the best known engine of this type. The pro- 
pellant, which is usually black powder mixed with something to slow 
down burning, is packed into a heavy paper tube. The walls of the 
tube at the rear of the charge are shaped to form a nozzle while the 
rear surface of the fuel itself is the shape of a hollow cone. A fuse 
runs from the apex of this cone out through the nozzle. The hollow 
cone forms the combustion chamber as burning starts and the reaction 
to the rush of gases out the nozzle starts the rocket on its way. As 
burning progresses, of course, the combustion chamber enlarges. 

Among the solid-fuel rocket’s chief disadvantages are the loss of 
combustion control once the fuel is ignited and the rapid decrease 
in mass that occurs as the fuel burns. The latter characteristic changes 
the stability of the device as it travels through the air. 

Military applications of solid-fuel rockets in the last war in- 
cluded the bazooka projectile, and airplane and antiaircraft rockets. 

The Liquid-Fuel Rocket. — Use of solid-fuel rockets is confined 
to short-range applications. For longer flights — such as long-range 
military rockets — liquid- fuel types are required. The principle of 
operation is essentially the same; combustion, however, instead of 
occurring in a cavity in the fuel takes place in a metal chamber into 
which liquid fuel and oxygen are injected. One of the principal 
problems is the development of metal alloys able to withstand the 
high temperature of burning. Better control of combustion is possi- 
ble but rate of fuel consumption is very high. 

The most spectacular war application of the liquid rocket was 
in the German V-2 bomb which traveled at supersonic speed. These 
missiles, which were 40 to 50 feet long, burned alcohol and liquid 
oxygen. The explosive load was about one ton and the total weight 
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of the bomb at launching approximately 1 2 tons, two-thirds of which 
was fuel. Fuel consumption was at the rate of some 200 pounds per 
second which meant that the V-2 used about seven tons of fuel in its 
approximately 20 seconds of powered flight. At the mid-point of 
their flights these bombs reached maximum altitudes of from 65 to 70 
miles; the horizontal distance covered was some 200 to 250 miles. 

Questions 

Discussion 

1. Name ten specific examples of the use of energy that can be traced 
back to a fuel of some sort, 

2. The most efficient steam engines and turbines produce approximately 
how many foot-pounds of useful work per B.t.u. of heat energy in the fuel? 

3. Mention some advantages possessed by the Newcomen engine over the 
Savery engine. 

4. Calculate exactly what height of water would be required to exert a 
pressure of 1 5 pounds per square inch, 

5. Name the improvements made by Watt on the Newcomen type of 
engine and explain wherein each one really was an improvement. 

6. Explain the advantages of a condensing steam engine over a non- 
condensing one. 

7. Compare and contrast the steam engine and gas engine with respect 
to intake of fuel, ignition of fuel, and exhaust of waste products, 

8. Discuss the function of each of the following parts of an automobile 
engine; (a) carburetor, (b) spark plug, (c) crankshaft, (d) timer. 

9. Draw diagrams showing the location of the piston in the cylinder and 
the position of the valves at the close of each of the four strokes of a gas- 
engine cycle. 

10. Explain why there Is an upper limit to the practical compression ratios 
that can be used in automobile engines. 

11. Connect the earlier discussion of inertia with the statement in this 
chapter to the effect that a heavy fly-wheel helps smooth out the motion of 
a one-cylinder gas engine. 

12. Find out why there are 3-, 5-, 7-, and 9-cylinder radial aircraft en- 
gines, but not 2-, 4-, 6-, and 8-cylinder ones. 

13. What experimental fact discussed in Chapter 21 makes it safe to pre- 
dict that gas or Diesel engines that are 80 per cent or 90 per cent efficient will 
never be built? 

14. Compare and contrast the operation of gas and Diesel engines. 

15. Why is an ignition system unnecessary in a Diesel engine? 

16. Mention the various ways in which the energy in gasoline that is not 

converted into useful work is used up in the gas engine. 
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17. Discuss reasons for a Diesel engine’s being more economical to operate 
than a gas engine. 

18. The turbo-jet design discussed in this chapter is very general; look 
up a specific type and be able to describe its operation. 

19 . Why would rocket propulsion be more satisfactory than turbo-jet 

propulsion for a trip to the moon? 


Multiple Choice 

1. In a slide-valve steam engine, reciprocating motion is transformed 
into rotational motion by means of (a) a slide-valve and an eccentric, (b) a 
throw and a cam, (c) a piston and a cylinder, (d) a rotor and a stator, (e) 
a crankshaft and a connecting rod, 

2. List all of the following cases in which the principal transformation 
of energy is in the same direction as that accomplished in a heat engine, (a) 
Swinging pendulum slowing down because of friction, (b) Nail becoming 
heated while being driven with a hammer, (c) Boy eating food to provide 
energy for riding a bicycle, (d) Man rubbing his hands together to warm 
them, (e) Rocks rising into the air because of a dynamite explosion. 

3. In a gas engine that is operating properly, both valves are open during 
all or almost all of (a) the compression stroke, (b) the exhaust stroke, (c) 
the power stroke, (d) the intake stroke, (e) no stroke. 

4. For any four-stroke-cycle gas engine it is necessarily true that (a) it 
has four cylinders, (b) it has a compression ratio of 4 to 1, (c) the crank- 
shaft makes four revolutions per cycle, (d) any one piston makes four one- 
way trips along the cylinder from one exhaust stroke to the next, (e) each 
valve opens four times and closes four times between successive power strokes. 

5. In the turbo-jet engine described in this chapter, the compressor is 
driven by (a) an auxiliary electric motor, (b) the rotation of the airplane’s 
propeller, (c) an auxiliary compressed-air supply, (d) a separate air motor, 
(e) the combustion gases as they move toward the jet after burning. 


True-False 

1. A heat engine may correctly be said to be a device that enables man 
to violate the Law of Conservation of Energy, 

2. The need for more rapid means of transportation furnished the chief 
impetus for the development of early steam engines. 

3. Other things being equal, the higher the temperature of the steam as 
it enters a steam engine, the more efficient will be the engine. 

4. The function of the condensing chamber which Watt added to the 
Newcomen engine was simply to provide a larger volume of vacuum. 

5. A boy riding a bicycle makes use of the crankshaft and connecting 
rod principle to convert reciprocating into rotational motion. 
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6. The function of the distributor in a gas engine is to distribute the 
fuel evenly to all the cylinders. 

7. The operation of a crankshaft and connecting rod is better illustrated 
by a man turning a grindstone than by one operating a Flit gun. 

8. In a 16-cylinder automobile engine there are 16 power strokes during 
every two revolutions of the crankshaft. 

9. The German V-2 bomb was propelled by a continuoxis duct engine. 

10. Lack of an atmosphere against which the jet could push rules out 

any possibility of a rocket ship ever reaching the moon. 
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Chapter 23 

MAGNETISM 


Magnetism is related to energy because its various manifestations in- 
volve forces, and whenever forces act, there exists the capacity for 
doing work. The facts concerning magnetism are of importance to 
us in this discussion both because of their direct application in our 
modern world, and because of the close connection there is between 
magnetism and electricity. 

Historical Background ^ 

Knowledge before 1600 

No one can say just when, where, or by whom the phenomenon 
of magnetism was first discovered. The event occurred in whatever 
part of the world at whatever time some individual first chanced to 
pick up a piece of naturally magnetic iron ore and noticed that it at- 
tracted bits of iron or other pieces of ore. This particular kind of 
iron ore has the formula Fe304 and is called magnetite or lodestone. 
That magnetism was known at a fairly early time is evidenced by some 
of the legends that have grown up about it. One of these tells how it 
was discovered by a shepherd of Crete, named Magnes. He is said to 
have experienced great difficulty one day in lifting either his feet or his 
shepherd’s staff from the ground. A little excavation is alleged to have 
brought to light a large magnetic rock which was strongly attracting 
the iron nails in his shoes and the iron tip of the staff. According to 
this legend the word " magnetism ” derives from his name. A much 
more likely theory of the origin of the word is that it came from Mag- 
nesia, a city in Asia Minor near which many natural magnets were 
found. 

^ Much of the historical material on both magnetism and electricity was condensed 
from Physics, the Pioneer Science, Taylor. Lloyd W. Boston: Houghton Mifflin, 1941. 

427 



428 


MAN AND ENERGY 


[C^hap. 23 


One of the Arabian Nights stories concerns a coastal mountain 
that was so strongly magnetized that it was not at all unusual for all the 
nails to be drawn out of the hull of a passing ship, sending it to the bot- 
tom. Although none of the stories of this sort can possibly be true 
because of the fact that magnetic forces are comparatively small, they 
do indicate the existence of some knowledge of the phenomenon.' 

Among the earliest verified references is that made by Socrates to 
iron rings suspended one below the other, the top one being held by a 
magnet. There is also some evidence to support the claim that as early 
as the first or second century a.d. the Chinese had learned to suspend 
a lodestone and use it as a compass for directing them on land journeys. 
The first use by the Chinese of compasses to guide them on the sea seems 
to have occurred around 1100 a.d. By that time they had learned how 
to magnetize long thin pieces of iron by rubbing them with natural 
magnets. Incidentally, most nations, including ourselves, speak of the 
compass needle as pointing north, while the Chinese emphasize the 
other end of it and say it points south. By the latter part of the 12th 
century the compass was in common use in ships sailing from European 
countries. The importance that was attached to it is made evident 
by the penalties which were enforced against anyone who damaged it. 
One of the codes of the sea provided that anyone caught tampering 
with the ship’s compass should have his hand fastened to the mast by 
a dagger driven through it, and that the culprit could be released only 
by tearing himself loose. 

Many weird beliefs and superstitions cluttered up the general field 
of magnetic knowledge in early times. It was believed that contact 
with garlic would remove the magnetic properties of a compass and 
elaborate precautions were taken on shipboard to see that no such 
tragedy occurred. If it did occur, a thorough washing in goat’s blood 
was said to restore the magnet to its original effectiveness. Power to 
cure all sorts of diseases was attributed to magnetism, as well as the 
ability to reconcile estranged husbands and wives. Although the sec- 
ond of these two beliefs probably has no supporters today, the first one 
still has a following. Even in this presumably enlightened age, one can 
buy coils of wire inside of which the ailing individual is supposed to 
stand or sit after having plugged the device into a light socket. Many 
objective investigations of the curative effects of magnetism have been 
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made during the past 330 years and all have produced exactly the same 
result, namely, that the only people who derive benefit from such de- 
vices are those who sell them. 

Magnetic declination and dip, phases of magnetism which we will 
consider in some detail in connection with the experimental facts of 
magnetism as a group, were known before 1600. Columbus’ writings 
indicate his knowledge of the former during his voyages to the New 

World. 


The Work of William Gilbert 

The modern study of magnetism may be said to have begun with 

the work of William Gilbert (1540-1603), court physician to Queen 

Elizabeth and James I of England. In the course of it he collected the 

magnetic knowledge of his time, including the results of both his own 

work and those of earlier investigators. Gilbert had two very specific 

reasons for embarking on a study of magnetism. First, as a physician, 

he was interested in either verifying or disproving the claims that were 

being made of the curative effects of magnetism. As we have already 

pointed out, neither Gilbert nor anyone since his day has been able to 

find good evidence of the existence of such effects. His second motive 

grew out of his support of the Copernican model of the solar system. 

He hoped to find in magnetism a way of accounting for the forces 

which were necessary to keep the planets in their orbits, as pictured in 
this theory. 

Gilbert’s greatest contribution to the knowledge about magnetism 

was his conclusion that the earth is a huge magnet. This resulted from 

experiments he carried out with small iron spheres. He magnetized 

these spheres and investigated the behavior of small compass needles 

placed at different locations on them. To his surprise he found that 

the small compasses behaved with respect to his magnetized spheres in 

exactly the same manner that ordinary compasses behave with respect 

to the earth. For this reason he was led to conclude that the earth must 

also be a magnet. Details of the earth’s magnetic features will be con- 
sidered a little later. 

In spite of his scientifically sound experimental procedure, Gil- 
bert was not entirely free from the tendency of his day to embellish 
prosaic observable facts with a certain amount of mystical embroiderv. 
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He tried to explain both magnetic and gravitational forces by attribut- 
ing to the magnet or the earth a soul which flowed out in the form of 
invisible radiations that surrounded and drew to itself objects which 
it attracted. However, Gilbert’s speculative imaginings about the 
" why ” of magnetism in no way detract from the importance of his 
careful investigations of the " how ” of it. 

With this we will leave the historical background of magnetism 
and turn to the actual facts about it. 

Some Experimental Facts about Magnetism 

Our procedure here, as in our discussions of other phenomena, will 
be in accordance with the steps of the scientific method. We will dis- 
cuss first a group of typical experimental facts concerning magnetism 
and then examine a particular theory of the nature of the phenomenon 
to see how well it fits these facts. 

Directional Effect 

It is the directional effect, of course, which finds practical appli- 
cation in the compass. Any magnet, whether natural or man-made, 
if suspended from a string or floated on a cork, will tend to line itself 
up in a general north and south direction. Under these conditions, the 
end that points approximately north is called the north-seeking pole 
and the opposite end the south-seeking pole. These names are com- 
monly abbreviated simply to " north pole ’ and south pole. But 
the reader may avoid some confusion if he thinks of them by their full 
names and keeps in mind just how those names were determined. 

It will be noted that we spoke of the north-seeking pole as point- 
ing approximately north. There are two reasons why it does not point 
directly north for most places on the earth’s surface. One of these is 
the fact that deposits of iron ore or similar local effects may cause some 
deviation of the compass needle. The other is more fundamental and 
concerns the observed fact that the magnetic North Pole of the earth 
is not at the same location as the geographic North Pole. In fact, the 
former is some 20 degrees or approximately 1,400 miles from the geo- 
graphic pole, roughly on a north and south line that would run 
through Minneapolis, Minnesota. Since the compass needle points at 
the magnetic pole, it obviously will point true geographic north foi 
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only a few places on the earth’s surface. The angle between the true 
north direction and the direction that the compass points for any 
locality is called its magnetic declination. The manner in which this 
quantity varies over the United States will be evident from Fig. 126. 
On this magnetic map the lines that run generally north and south pass 
through places having the same declination. These are called hogonic 



Fig. 126 . A magnetic map of the United States for the year 1930 , showing 
the declination of a compass needle from true north and the angle of dip 
of a dipping needle. The map was drawn from data collected by the U. S. 
Coast & Geodetic Survey. (From " Classical & Modern Physics, ”"by Harvey 
E, White, D. Van Nostrand Co., 1940 .) 


lines. Note that the line of zero declination, that is the line through 

places in which the compass points true north and south, runs across 

the middle of Lakes Superior and Michigan, down through Cincinnati 

and approximately along the boundary between Georgia and South 

Carohna. All points west of this line have an eastern declination and 

all points on the east side, a western declination, the extremes in the 

United States being Maine with 23° W. and Washington state with 
24° E. 

There is one phase of the directional effect that we cannot observe 
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with an ordinary compass. In such an instrument, the magnetic needle 
can only rotate about a vertical axis. Fig. 127 shows a magnetic needle 
suspended so that it is free to rotate about a horizontal axis. Such a 
device is called a dipping needle. Since the 
north-seeking pole tends to point directly at 
the north magnetic pole of the earth, a needle 
of this sort will not maintain a horizontal po- 
sition in the northern hemisphere, but will 
point down, or dip. The angle between the 
horizontal and the direction such a needle 
points for any locality is called its magnetic 
dip. This quantity also varies at different lo- 
calities as shown by the lines which run across 
the magnetic map in Fig. 126. These are 
called isoclinic lines and pass through localities 
having the same dip. Directly over the 
north magnetic pole, the north-seeking end 
of the dipping needle would point vertically 
downward while over the south magnetic 
straight up. 

Attraction and Repulsion 

The qualitative facts of attraction and repulsion are pictured in 
Fig. 128. The first part of the demonstration would be to suspend the 
magnets freely and determine the north-seeking and south-seeking 
poles of each. If we assume that to have been done before the com- 
passes and magnets were located as shown in the illustration, then we 
see that whenever poles of the same kind are near each other there is a 
force of repulsion between them, while poles of different kinds attract 
each other. These facts are summed up in the magnetic law which 

states. 

Like magnetic poles repel and unlike attract. 

With this law in mind, let us return for a moment to the question of 
the earth’s magnetism. Since unlike poles attract and the north-seek- 
ing pole of a compass points north, then we must conclude that the 
north magnetic pole of the earth, that is, the one up around Hudson 



Fig. 127. A clipping 
needle. Angle X marks 
the angle of dip. 

pole it would point 
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Bay, is a pole of the south-seeking type. Similarly, the earth’s mag- 
netic pole that is located down in Antarctica is a north-seeking type 
of pole. This may appear a bit confusing but is not diflScult to keep 
clear if one remembers the basis on which poles of a compass are named 
and the magnetic law stated above. 
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Fig. 128. Diagram indicating forces of repulsion and attraction 
between like and unlike magnetic poles. 


Quantitatively, the force of attraction or repulsion between two 
magnetic poles is expressed by a relation which bears a close resem- 
blance to the one given in Chapter 20 for gravitational forces. We 
will state this one also in both words and symbols: 

Force of attraction ^ ^ Strength 1st pole X Strength 2nd pole 

or repulsion Distance apart ^ squared 

or 


F = Fi 


X 

~D^ 


It IS obvious that before such a relation can be used in the calculation 
of forces one must adopt some sort of basis for measuring the strength 
of magnetic poles. The one which is used defines a unit magnetic pole 
as one which repels an identical pole with a force of 1 dyne when the 
two are 1 centimeter apart in air. When such units are used to measure 
the strength of the poles and the D is measured in centimeters, then 
K becomes simply 1 and the force, F, comes out in dynes. 
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Magnetic Poles in Pairs 

We find it to be an experimental fact that it is impossible to have 

either a north-seeking or a south-seeking magnetic pole all by itself. 

If a bar magnet is broken into two 

pieces and each of these broken 

again into two pieces, the results 

are as shown in Fig. 129. New 

poles always appear at the breaks 

so that each piece is a complete 

magnet. This holds true no mat- Fig. 129. Diagrams illustrating the 

ter how small a section is sliced magnetic poles of 

, breakmg a magnet into two and 

from one end of a magnet. then four pieces. 

Magnetizing Methods 

We will list three methods that may be used to make a magnet out 
of an unmagnetized iron bar. 

One way is to stroke it with a good magnet. This method was 
employed in making early magnets for ships and in keeping them up 
to strength. A lodestone that could be used periodically to rub the 
compass needle was an important part of every vessel’s equipment. 

A slower way is simply to place a magnet beside the unmagnetized 
bar and let it stay there for a time. The bar will be found gradually 
to acquire some magnetism. The process may be speeded up by lightly 
tapping the bar. 

A third method is to heat the bar to a high temperature, red-hot 
for example, and then permit it to cool while near a good magnet. 
When it reaches room temperature it will be found to have become 

magnetized. 

Demagnetizing Methods 

There are several ways in which a magnetized bar can be made to 
lose its magnetism. Pounding it vigorously with a hammer will serve 
the purpose. Another way is simply to heat it red hot and then see 
that it cools away from all other magnets. Or, if one is in no hurry , the 
magnet can simply be laid aside for a long time, because magnets grad- 
ually lose their magnetism. 
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The reader will recognize that there must be other methods since 
when the jeweler demagnetizes a watch he obviously neither pounds 
it with a hammer nor heats it red-hot. The procedure he uses is to put 
it in a device that rapidly and repeatedly reverses the magnetism in 
the watch while constantly reducing it in amount. The watch be- 
comes demagnetized in a manner that may be thought of as somewhat 
analogous to a swinging pendulum which gradually dies down and 
eventually comes to rest. 


Limit to Extent of Magnetization 

Experimentally it is found that there is a limit to the amount of 
magnetization that an unmagnetized bar will acquire. In other words, 
as the magnetizing methods described above are applied, there eventu- 
ally comes a time when the bar that is being magnetized ceases to be- 
come any better magnet. At this point it is said to be saturated. 

Change in Length with Magnetization 

It is an observed fact that an iron bar changes slightly in length 

during the process of being made into a magnet. As the magnetizing 

procedure begins, the bar first increases a little in length. Soon the 

change is reversed and it starts to shorten. If it is made into a fairly 

good magnet, its final length is a little less than it was originally. It 

should be emphasized that these changes are very small and not at all 

of the order of magnitude that one might detect with a foot ruler or a 

yardstick. Nevertheless, they are definitely established and quite 

measurable by accurate methods. The phenomenon is called mag- 
netostriction. 

The Molecular Theory of Magnetism 
Basic Assumptions 

According to this theory of the nature of magnetism, a magnetic 
material, like iron, is pictured as containing a large number of tiny 
elementary magnets. When the substance is in a completely unmag- 
netized state these elementary magnets are thought of as being ar- 
ranged quite at random. This condition is shown in the upper part 
of Fig, 130. In this state one would expect no accumulative magnetic 
forces to make themselves felt at the ends of the bar, since there are 
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about as many small north-seeking poles pointing one way as the other. 
In the center picture, the bar is shown in a partially magnetized state. 
That is, although there are still many elements in a more or less hap- 
hazard arrangement, there are more of them pointing toward the left 
than in any other one direction. The bottom diagram shows the bar 
completely magnetized or saturated. 

Here all the elementary magnets are 
arranged with their tiny north-seeking 
poles pointing one way and their south- 
seeking poles the other. 

Thus, according to the theory, the 
process of magnetizing a material is not 
one of adding something to it but 
rather one of rearranging what is al- 
ready there. Conversely, the demag- 
netizing process is one of disarrange- 
ment, not one of removal. 

To complete the picture of a mag- 
net, as far as we shall be concerned with 
it in this book, we must say something 
about the region around it. The space 
about a magnetized bar seems to possess 
certain properties not present in that 
about an unmagnetized one. This may 
be inferred from the fact that in the first case, bits of iron or compass 
needles, when in the region, are acted upon by forces, while in the 
second there are no such effects. The region around a magnet is called 
a magnetic field and the field is thought of as containing lines of force, 
where a line of force is defined as the path along which a free north- 
seeking pole would travel if one could be turned loose in the region. 
Since such a pole would be repelled by the north-seeking pole of the 
large magnet and attracted by the south-seeking one, it will be evident 
that the lines drawn in the space about the bar magnet in Fig. 131 rep- 
resent such lines of force. It should be noted that the small compass 
needles are lined up with these force lines. In fact, it is by the use of 
small compasses that the field about a magnet may be mapped. The 
photographs in Fig. 132 show the field arrangement for cases of like 



Unmagnetized 



Partially Magnetized 



Fully Magnetized 

Fig. 130. Schematic diagrams 
showing arrangement of ele- 
mentary magnets in an iron bar 
which is (a) unmagnetized; 
(b) partially magnetized; (r) 
completely magnetized or satu- 
rated. 
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and unlike magnetic poles near each other. The positions of the lines 
of force in the photographs are marked by iron filings which were 
scattered about the surfaces on which the magnets are lying. Each 
filing behaves like a tiny bar magnet or compass needle and orients 
itself in a direction parallel to a line of force at that particular point. 



Fig. 131. Diagram showing the magnetic field about a bar magnet. 


Above Experimental Facts in the Light of the Theory 

Directional Effect: Attraction and Repulsion. — What wa: 
called the directional effect earlier in the chapter is seen now to be sim- 
ply a special case of attraction and repulsion. The north-seeking pole 
of a compass is attracted by the south-seeking magnetic pole located in 
the earth up near Hudson Bay. The molecular theory, it is evident, 
throws no light on why attraction and repulsion occur. It is not, of 
course, contradicted by any of the experimental facts. 

Magnetic Poles in Pairs. — The picture of a magnet as consisting 
of many small magnets makes reasonable the observed fact that mag- 
netic poles always exist in pairs. If the elementary magnets are of 
molecular dimensions, then any piece one might cut off the end of a 

large magnet would contain many of the tiny ones, each of which has 
two poles. 

Magnetizing Methods. — In terms of the theory, any procedure 
that would tend to line up the elementary magnets in a bar of mag- 
netic material would be expected to impart magnetic properties to the 
bar as a whole. In view of the facts of attraction and repulsion, it is 
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obvious that stroking such a bar with a magnet would tend to do just 
this. Or placing the bar near a magnet should have some effect, while 
tapping it should speed up the readjustment process. According to the 
kinetic theory, heating the bar would put all its molecules in rapid 
motion. So it might be expected that letting it cool, that is, letting 
its molecules slow down, near a magnet would result in a final partial 
magnetic alignment when the bar reached room temperature. 

Magnetic Saturation. — Here again, the facts are what one would 
expect from the theory as stated. If the magnetizing process is simply 
one of lining up elementary magnets, then a limit would be reached 
when all the elements were in line. Thus, the phenomenon of satura- 
tion is to be expected. Actually, in the manufacture of magnets, 
saturation is only approximated. Since there is constant molecular 
motion it is impossible ever to get all elementary magnets in line at the 
same time and keep them that way. 

Magnetostriction. — Recalling the diagrams of unmagnetized and 
magnetized bars shown in Fig. 130, it will be seen that in the latter case 
as one goes from one end of the bar to the other, every pole of every 
elementary magnet is followed by one of the opposite kind. This 
means that all forces between these small poles from one end of the bar 
to the other would be forces of attraction. Such is not the case in the 
unmagnetized bar. Therefore, it is not unreasonable that a bar should 
be a little shorter when magnetized than when not a magnet. Like- 
wise it does not appear unreasonable that, as the magnetizing process 
starts, the initial rearrangement of random elements should at first 
result in a slight lengthening. 


Conclusions about the Theory 

In the light of the above discussion, the molecular theory of mag- 
netism seems to offer a satisfactory language or picture in terms of 
which we can describe magnetic phenomena. Although we are lim- 
ited by the scope of this book principally to qualitative considerations. 

It may be said that quantitatively also the agreement is reasonably 
good. 

Here again, as in other theories, it should be pointed out that the 
theory does not " explain ” magnetism. To postulate that a big mag- 
net IS made up of a large number of little magnets tells us nothing 
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about why magnetic poles attract or repel each other with forces 
which can be calculated by the equation given earlier in the chapter. 
And, as has been mentioned before, to expect it to do so is to mis- 
understand the function of a scientific theory. 

Nothing has been said here concerning the nature of the ele- 
mentary magnets or their relation to the atoms and molecules of the 
magnetic material. The reader should keep this in mind while study- 
ing Chapter 26. The material considered there may throw light on 
these points and enable him to suggest a plausible elementary magnet. 


Types and Uses of Magnets 

So far in this chapter we have referred only to iron as a material 
from which magnets are made. As a matter of fact there are three 
so-called “ magnetic ” elements, iron, cobalt, and nickel. These three 
are the only ones which exhibit strong magnetic properties. Almost 
all the rest are affected to some extent by strong magnetic fields but 
give so slight a reaction that they are commonly called non-magnetic. 
Formerly, good permanent magnets were made from hard steel, but 
today most magnets are made from alloys. These usually contain two 
or all three of the magnetic elements and often small percentages of 
one or more of the non-magnetic group. 

Two properties of magnets are of particular importance in con- 
nection with the uses to which they are put. For certain purposes it is 
necessary to have very strong magnets which will retain their magnetic 
properties for long periods of time. To cite an example, magnets 
of this kind find important uses in telephone systems. Such mag- 
nets are said to have a high retentivity. Hard steel is a material that 
possesses this property to a considerable degree. The material which 
probably has a higher retentivity than any other substance known 
today is the alloy known as Alnico. The composition of this material 
was discussed in Chapter 17, in connection with our general considera- 
tion of alloys. 

Substances like soft iron possess magnetic properties essentially 
the opposite of those just discussed. They can easily be magnetized 
but lose their magnetism just as readily. These materials are said to 
have a high permeability. The highest properties of permeability 
known today are attained in an alloy of nickel and iron called 



441 


Chap. 23 ] MAGNETISM 

Permalloy. This substance also was discussed in Chapter 17. Mag- 
netic materials with a high permeability are valuable for use in elec- 
tromagnets. It is necessary that such a device have strong magnetic 
properties when the electric current Is on and just as necessary that 
there be no attractive forces when the current is off. For instance, an 
electric crane must be able to pick up the iron at one place and unload 
it at another. Such a device then should be made of material with a 
high permeability rather than a high retentivity. 

In addition to the uses for magnets that have already been men- 
tioned, they find important applications in telegraph and radio instru- 
ments, electrical measuring devices of various sorts, electric motors 
and dynamos, and many other instruments and machines. 

Questions 

Discussion 


1. Discuss the probable truth of the story of the discovery of magnetism 
by the shepherd Magnes. 

2. Discuss the contributions to the field of magnetism made by Sir ^^il- 
liam Gilbert. 

3. How would you expect an ordinary compass to behave at a place where 
the magnetic dip is 90 degrees? Explain. 

4. Approximately where on the earth’s surface would the magnetic dip 
be zero? Explain. 

5. Find what the magnetic declination and dip are for your particular 
locality. 


6 , ^That would you expect the magnetic declination of the geographic 
south pole to be? Explain. 

7, Suppose you were given two iron bars identical in appearance and 

told that one was magnetized and the other unmagnetized; how could you 

determine which was which without the use of any other magnets or com- 
passes? 


8. How would the force of repulsion between two magnetic poles 20 

inches apart compare with that between the same poles when they were 4 inches 
apart? 


9- Describe an experiment which would prove that there are two kinds of 
magnetism. 

I 

10. Draw lines of force about two bar magnets arranged to form a letter 
T, one magnet being the stem and the other the cross. 

11. Name three experimental facts that tend to indicate that magnetizing 
a bar is not a process of adding something to it. 
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Multiple Choice 

1. The north-seeking pole of a compass placed halfway between the geo- 
graphic North Pole and the magnetic North Pole wiU point geographically (a) 
north, (b) east, (c) west, (d) south. 

2. Which one of the following statements describes correctly the man- 
ner in which an unmagnetized piece of iron behaves toward a magnet? (a) 
It will be attracted by both poles, (b) It will be repelled by both poles, (c) 
There will be no force exerted on it by either pole, (d) It wUl be attracted 
by the north-seeking pole and repelled by the south-seeking, (e) It will be 
attracted by the south-seeking pole and repelled by the north-seeking. 

3 . List all of the following that would tend to magnetize an unmagnetized 
piece of iron, (a) Pounding it with a hammer, (b) Raising its temperature 
40 or 50 F. (c) Heating it red-hot and allowing it to cool in a magnetic 
field, (d) Swinging it in a circle on the end of a cord, (e) Stroking it with 
a magnet. 

4. The south-seeking pole of a compass located in Washington, D. C. 
points (a) due south, (b) due east, (c) east of south, (d) due west, (e) west 
of south. 

5. Two magnetic poles 3 feet apart would repel each other with — (a) 
(b) 3 times, (c) 6 times, (d) 9 times, (e) 27 times — as much force as 

the same two poles if they were 9 feet apart. 

True-False 

1. The end of a compass that points north in the northern hemisphere 
will point south in the southern hemisphere. 

2. If a bar magnet is broken in two, each piece will be a complete magnet. 

3. At the geographic North Pole, one would expect the magnetic declina- 
tion to be zero. 

4. The angle of magnetic dip should be less at the equator than at the 
southern end of Hudson Bay. 

5. Two magnetic poles each having a pole strength of four units would 
attract each other with a force four times as great as that between poles 

of two units each, the same distance apart. 

6. The name of William Gilbert is associated primarily with the develop- 
ment of the molecular theory of magnetism. 

7. Peregrine and Gilbert were contemporaries. 

8. Isogonic lines on a magnetic map always run exactly perpendicular to 
isoclinic lines. 

9. The molecular theory of magnetism would lead one to infer that an 

iron bar should become heavier as it is magnetized. 

10. Lines of force in a magnetic field are imaginary lines which represent 

paths that free north poles would take if released in the field. 
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Chapter 24 
STATIC ELECTRICITY 


The early historical development of man’s knowledge of electricity 
caused him to divide the phenomenon into two categories. He called 
these static, or electricity at rest, and current, or electricity in motion. 
This was somewhat unfortunate because of the fact that later discov- 
eries made it quite clear that the two are identical as far as their funda- 
mental nature is concerned. However, since the terms arc still em- 
ployed in the electrical language and literature of today, we will use 
them. The reader will avoid confusion if he simply keeps in mind 
that the difference between static and current electricity lies, not in 
their nature, but only in the particular electrical phenomena that arc 
included under the terms. 

Our procedure in this chapter will be first, to build up an ele- 
mentary picture of what electricity is, as we think of it today, and then 
to consider some static phenomena. In the next chapter we will in- 
vestigate various manifestations of electricity when it flows through 
wires, that is, when it constitutes an electrical current. 

Historical Background 

Knowledge before 1600 a.d. 

It is interesting to note that essentially all of man’s knowledge of 
dectricity has been acquired during the last 300 years. Four phe- 
lomena constituted his entire electrical experience some 3,000 years 
igo and he had no reason to believe that they had any relation to each 
)ther. First was the familiar and terrifying lightning, which primi- 
:ive man interpreted as being either a punishment for past sins or a 
varnbg against committing future ones. Second, he was more or less 
Familiar with the fact that certain materials, after having been rubbed 
ngorously, everted forces of attraction on light objects. An example 
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in terms of today s substances is the way in which bits of paper can 
be picked up by a hard rubber comb or fountain pen after it has been 
rubbed on one’s coat sleeve. Third, people in some parts of the world 
had made the unpleasant acquaintance of so-called electric fish which, 
when touched, are able to administer electric shocks of painful pro- 
portions. Finally, there was the weird sort of glow that is often visible 

about the pointed metal tips of ship masts, a phenomenon long known 
as St. Elmo’s fire. 

The above four effects were observed by the man of 30 centuries 
ago and the same four and no more made up the total contact with 
things electrical for the man of 3 centuries ago. 


Development since 1600 a.d. 

William Gilbert. — Around 1600 the same William Gilbert who 
performed the pioneer experiments in the field of magnetism made 
the first scientific approach to the study of electrical phenomena. His 
experiments concerned the generation of electrical charges by fric- 
tion, that is, the second of the four effects mentioned above. He 
tested a large number of substances to see whether or not, upon being 
rubbed, they acquired the ability to attract light bodies. Instead of 
the two or three that had been known previously he discovered the 
effect could be produced with a great many including amber, diamond, 
rock crystal, and sapphire. These he called electrics and the phenom- 
enon itself he named electricity, both terms coming from the Greek 
word for amber. Other substances, notably the metals, he grouped as 
non-electrics. Later experience has shown that Gilbert’s non-electrics 
also can be given a charge by rubbing them, although the charge may 
be conducted away almost immediately unless the object is insulated 
from the hand. In detecting and measuring the forces of attraction, 
Gilbert used a long metallic needle balanced on a point, somewhat like 
a compass needle, so that it turned easily. But in spite of extensive 
and painstaking experiments of this sort he never discovered the phe- 
nomenon of repulsion either in magnetism or electricity. 

Otto von Guericke. — The first machine for the generation of 
electric charges by friction was devised by the German lawyer, phi- 
losopher, and scientist, Otto von Guericke (1602-1686). His ma- 
chine consisted of a large sulfur sphere mounted on an ?xle so that it 
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electrostatic ,i;cncrator. (Photograph courtcsv 

Prof. R. J. Van de Graaff.) 


could be rotated with a crank, while the operator’s hand rubbed a,i;ainst 
It. Working with this machine, von Guericke discovered among Other 
things that, under certain conditions, charged objects repelled rather 
than attracted each other. Many other machines for the generation 
of electric charges have been built since the time of von Guericke, the 
most recent being ones designed for the creation of the large voltages 


446 


MAN AND ENERGY 


[Chap. 24 


required in certain so-called atom smashing ” experiments. One of 
the earliest of these, the Van de Graaff generator, is pictured in Fig. 
133. The hollow columns are some 2 5 feet high and 6 feet in diameter. 
On the top of each column is a sphere of polished aluminum, 1 5 feet 
in diameter. Inside each column is a silk belt running from a pulley 
at the bottom to one within the sphere. Charges are built up on the 
belts both by friction and by induction, the latter process being one 
that will be explained later in this chapter. Voltages of the order of 
10 million volts can be generated by this device. 

Stephen Gray. — The discovery that electric charges can be con- 
ducted from one place to another through certain substances was made 
by an English experimenter, Stephen Gray (1696-1736). Using 
damp coarse twine as a conductor. Gray was able to conduct an elec- 
tric charge generated by rubbing a glass tube, over a distance of more 
than 700 feet. In searching for materials that would serve as non- 
conducting supports for the twine, he discovered a number of excel- 
lent electrical insulators. 

Charles Dufay. — The important discovery that there are two 
kinds of electricity was made by the French scientist, Charles Dufay 
(1698-1739). He found that the properties acquired by rubbed res- 
inous materials like amber differed in certain respects from those which 
appeared on rubbed vitreous substances, such as glass. In view of the 
types of materials involved, the charges on the former he called res- 
inous electricity and on the latter, vitreous electricity. Since the time 
of Benjamin Franklin the names of resinous and vitreous have been 
replaced by negative and positive respectively and it is these that we 
will use in the rest of our discussion. To indicate the difference be- 
tween the two kinds, we will describe an experiment similar to the ones 
carried out by Dufay, although using different materials. 

In this experiment, as pictured in Fig. 134, the hard rubber rod 
in each case has been rubbed with fur or wool and the glass rod with 
silk, giving them their respective electric charges. Note in (a) that 
the two rubber rods repel each other, while in {b) a force of attrac- 
tion exists between a rubber rod and a glass one, indicating conclu- 
sively that the charge carried on one rod is different from that on the 
other. Finally, in (f ) , two glass rods are seen to repel each other. In 
other words, there appears to be a relationship between the two kinds 
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of electricity, similar to that between the two kinds of magnetic poles 
in that like charges repel each other but unlike ones attract. 

In the light of his experimental results, which were of the sort 
just described, Dufay advanced the first theory of the nature of elec- 
tricity, a so-called " two-fluid ” theory. Its principal postulates were 
the following: that there were two kinds of electricity, called resinous 
and vitreous; that they exerted forces of repulsion and attraction in 
the manner indicated above; that both kinds could travel readily 



(O) (b) (C) 


Fig. 134. Diagram illustrating forces between like and unlike electric charges. 

through conducting materials; that an uncharged body possessed equal 
amounts of the two kinds; and that an excess of either kind on an 
object would give it a net charge of that particular sort. As we shall 
see a little later, with one exception, these assumptions are in agree- 
ment with our present picture, as far as they go. 

Benjamin Franklin. — Benjamin Franklin (1706-1790) ad- 
vanced a one-fluid theory of electricity. He postulated the existence 
of only one kind, that being the one that Dufay had called vitreous. 
Then he assumed that there was a certain normal amount or quota of 
this electricity that any body must have in order to be neutral or un- 
charged. If it had more than this quota, it acquired properties like 
that of the glass rod described above, that is, it became positively 
charged. If it had less than its normal allotment, it was negatively 
charged. Although later evidence resulted in the abandonment of this 
theory, the names negative and positive have been kept, as already in- 
dicated. Franklin’s most important work in this field was his definite 
identification of lightning as an electrical phenomenon. Other in- 
vestigators before Franklin had suspected this to be true and two 
French scientists had even conducted electricity from the atmosphere 
to the earth by means of long pointed rods. Franklin was not certain 
that m these cases the electricity had actually come from the clouds 
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and devised his kite experiment in order to use the storm cloud itself 
as the source. The experiment is well known to everyone. Its result 
was that Franklin was able to show that what he collected in a Leyden 
jar, or condenser, using the storm cloud as a source, had exactly the 
same properties as electricity collected in a similar jar from an ordinary 
electrical machine. One of the most remarkable features of the ex- 
periment was the fact that Franklin sustained no injuries while per- 
forming it. Several European scientists who tried to repeat it were 
severely shocked and one was killed. Franklin’s work marked about 
the last that was done with what might be called purely static phe- 
nomena. The development since his time has largely involved electric 
currents or combinations of the two sorts of manifestations. 

Present Picture of the Nature of Electricity 

The facts already mentioned play an important part in the forma- 
tion of the modern theory of what electricity is. In this section we 
will try to summarize and bring together these and more recently es- 
tablished facts, all of which enable us to make up a kind of model of 
this thing we call electricity. 

Kinds of Electricity 

Today we talk in terms of two kinds of electricity, to which we 
give the names negative and positive. One way of defining them is with 
regard to the materials on which they may be generated. We may de- 
fine negative electricity as the kind that appears on rubber, amber, or 
similar substance when it is rubbed with wool or fur, and positive elec- 
tricity as the kind that appears on glass or a like substance when it is 
rubbed with silk. It should be pointed out that rubber will acquire a 
negative charge and glass a positive charge regardless of what kind of 
cloth is used as the rubbing material. The materials mentioned sim- 
ply seem to give the best results. 

The Nature of Negative Electricity 

One of the most important discoveries of the last half century 
was the fact that electricity is what we may call “ atomic ” in nature. 
This means that there is a fundamental quantity or unit charge of 
electricity which cannot be divided into smaller amounts. Thus any 
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electric charge, regardless of its size, consists of an exact, whole num- 
ber of these units. Some of the evidence for this fact, which appliej to 
both positive and negative electricity, will be considered in Chapter 26. 
The unit of negative electricity is the electron. In view of the fact 
that the electron has mass, it was formerly thought of as being a par- 
ticle of matter which carried an electric charge. But since modern 
evidence quite definitely implies that in the last analysis matter is elec- 
tricity, today the electron is commonly described as itself being the 
basic unit of negative electricity. So the electron’s charge may be said 
to be — 1 . Its mass has been found to be very small, only about 1/1850 
that of a hydrogen atom. Hydrogen, it will be recalled, is the lightest 
of all the elements. In more conventional units the mass of the elec- 


tron equals.000,000,000,000, 000,000, 000,000,000, 9 grams, or 

9 X 10"‘* grams. 


The Nature of Positive Electricity 


Up until 1932 the proton was the only candidate for the honor 
of being the fundamental unit of positive electricity. Its charge is 
+ 1, that is, it is equal in size to that of the electron but opposite in 


kind. Its mass, however, is many times that of the electron, being 
about equal to that of the hydrogen atom. In fact, as we shall see a 


little later, the hydrogen atom may be thought of as consisting of a 
particular kind of arrangement of one proton and one electron. By 
about 1920 physicists were hopeful of being able to prove that atoms 
of all the elements were composed simply of varying numbers and 
groupings of electrons and protons. In recent years several other fun- 
damental building blocks have been discovered which somewhat com- 
plicate this simple picture. The one that is related to our consideration 
of the nature of positive electricity is the positron, discovered in 1932. 
Its charge is identical with that of the proton while it has the same 
mass as does the electron. Therefore, the proton can no longer be said 
to be the only unit of positive electricity. However, in view of the 
fact that the positron only comes into being under highly specialized 
conditions and then does not remain free for any appreciable length 

of tune, we will employ only electrons and protons for our discussion 
in the balance of this chapter. 
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The roles played hy these units In the building up of atoms will 
be considered in Chapter 26. 

Mobility of Electrons and Protons 

It is in this connection that the modern picture differs from that 
of Dufay. Whereas he thought of both kinds of electricity as travel- 
ing readily through conducting materials, the evidence today indicates 
that only electrons exhibit this freedom of movement. Protons, on 
the other hand, remain relatively stationary, vibrating about fixed po- 
sitions but not moving bodily through conductors. To illustrate this 
someone has suggested an analogy of a field containing a rabbit and a 
tethered cow. With respect to relative freedom of motion, the former 
is analogous to the electron and the latter to the proton. 


Attraction and Repulsion 

We have already pointed out that the relationship which expresses 
the qualitative facts in this connection is similar to the one for mag- 
netism, and so, may be stated. 

Like electric charges repel; unlike charges attract. 

Quantitatively also there is a similarity between the two cases. The 
magnitude of the force between electric charges is given by. 

Force of attraction _ 1st Charge X 2nd Charge 
or repulsion Distance a part, squared 



f = K where and q^ are the two electric charges and D is 

their distance apart. K here has the same significance it had in the 


magnetic equation. 

The close resemblance between the form of the expressions for 
gravitational, magnetic, and electrical forces has sometimes led people 
to draw the erroneous conclusion that the phenomena may also be 
essentially identical. As a matter of fact, the resemblance is simply 
one of form. For example, there is no such thing as gravitational re- 
pubion which sets it apart from the others. Then between electricity 
and magnetism, although the two are related, there are important dif- 
ferences. For instance, the process of magnetization is one of arrange- 
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ment of something already present while that of charging is one of 
adding or removing something. Also in the electrical case the charge 
can be removed by connecting a wire from the object to the earth 
while demagnetization cannot be accomplished in this fashion. 

Co-existence of Opposite Charges 

In proving the existence of two kinds of electricity earlier in the 
chapter, we confined our attention to the charges on the rubber and 
glass rods. Now let us ask also about the fur, wool, and silk. Experi- 
mentally we find that when the rubber rod is given a negative charge 
by rubbing it with fur, at the same time the fur acquires a positive 
charge of the same size. Similarly, in the glass and silk case, the silk 
becomes negatively charged to exactly the same extent that the glass 
becomes positively charged. This means that it is impossible to gen- 
erate an electric charge of one kind without at the same time generat- 
ing one of the opposite sort. Here again, it will be noticed, is a simi- 
larity to magnetism. In that field we found that magnetic poles 
always occurred in pairs. 

Some Static Phenomena in the Light 

OF THE Above Picture 

Now, having built up a picture of the nature of electric charges 
and their properties, we will ask just how certain static phenomena fit 
into the theory. 


Charged and Uncharged Bodies 

Since the charge on the proton is equal in size but opposite in kind 
to that on the electron, it is obvious that equal numbers of the two 
would cancel each other out. In other words, a neutral or uncharged 
body, in terms of our picture, is one which possesses equal numbers of 
protons and electrons. To have a negative charge then, an object must 
possess an excess of electrons over protons. If it possesses fewer elec- 
trons than protons it is positively charged. 


In terms of the process of charging, since only the electrons are 
able to move about freely, to give a neutral body a negative charge 
electrons must be added to it, while to charge it positively electrons 
ust be removed from it. In the case of hard rubber and fur, both 
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neutral to begin with, the rubbing process transfers electrons from 
the fur to the rubber. Rubbing glass with silk, on the other hand, 
causes a migration of electrons from the rod to the cloth. 

Either negatively or positively charged bodies can be discharged, 
or made neutral, by connecting them to the earth, a process known 
as *' grounding.” This can be accomplished by actually connecting 
the body to the earth with a conducting wire or by simply touching 
the charged object with one’s hand. Grounding 
a negatively charged body makes it possible for the 
excess electrons to flow into the earth, which 
may be thought of as a sort of vast reservoir 
from which electrons can be taken or into which 
they can be put more or less at will. If a positively 
charged body is grounded, it becomes neutral be- 
cause electrons flow on to it from the earth in suffi- 
cient quantities to just make up the electron deficit. 

In this connection it is desirable that we de- 



scribe the instrument that is commonly used to Fig. 13 5. A neg- 
detect the presence of an electric charge on a body, atively charged 
Such a device is called an electroscope. The charged electroscope. 

rod suspended in the manner shown back in Fig. 134 is a simple form 
of electroscope. A more commonly used type is the gold-leaf electro- 
scope such as is pictured in Fig. 135. It consists chiefly of a metal rod, 
on one end of which is a metal knob while suspended from the other 
end is a pair of gold foil leaves. The lower part of the rod and the leaves 


are enclosed in a glass container to protect them from air currents. 
When it is uncharged the leaves hang vertically downward. But if 
either kind of charge is given to the instrument the leaves will sepa- 
rate because of the force of repulsion between the like charges on them. 
When it is used to detect the presence and kind of charge on an ob- 
ject, the electroscope is usually charged one way or the other. This 
may be done by contact with a charged rubber or glass rod. Suppose 
we wish to so use it and have charged it negatively as shown in the 
diagram. If the unknown object is uncharged, its approach will have 
no effect on the leaves. If it carries a negative charge, it will repel more 
electrons down into the leaves as it comes near the elctroscope and so 
cause them to separate still farther. An approaching positively charged 
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body will attract some electrons up into the knob causing the leaves 
partially to collapse. 


Electrostatic Induction 

In discussing the phenomenon of electrostatic induction we will 
malcp use of the electroscope described above. Part (a) of Fig. 136 
shows such a device in an uncharged condition. This means, as pre- 
viously pointed out, that there are just about the same number of elec- 
trons as protons on it. Now if we bring a negatively charged object 



Fig. 136. Diagram illustrating meaning of electrostatic induction. 

near the knob, but not touching it, we find that the leaves diverge be- 
cause of the fact that electrons have been repelled down into them 
from the knob. Thus, as shown in (h), although the instrument as a 
whole has equal numbers of electrons and protons, their uniform dis- 
tribution has been interfered with in such a way as to give the knob 
a positive charge and the leaves a negative charge. The result of bring- 
ing a positively charged body near the uncharged electroscope is indi- 
cated in (c) . In this case electrons have been attracted up out of the 
leaves. Charges produced in this fashion are said to be induced, and 
the process is called electrostatic induction, in contrast to charging by 
conduction which involves actual contact between the charging body 
and the electroscope knob. 

In the cases just described, when the charged object is removed 
from the vicinity of the electroscope, the electrons on the latter imme- 
diately resume their original distribution and the instrument again is 
uncharged. The four parts of Fig. 137 show how an electroscope may 
be given a permanent charge by induction. In (a), a negatively 
charged body has been brought near the knob of the electroscope, 
repelling electrons down into the leaves. Grounding the instrument 
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with his hand in (^»), the demonstrator provides a path of escape to 
the earth for the excess electrons on the leaves, causing them to be- 
come neutral, while the knob remains positively charged. In (c) the 
hand has been removed, eliminating any connection with the earth. 
When the original charged object has been removed in (d) , the elec- 
trons which are left distribute themselves as uniformly as possible 



Fig. 137. Diagram illustrating the method of giving an electroscope a per- 
manent positive charge by induction. 


throughout knob, stem, and leaves. But since some escaped in {b) 
there are now fewer of them than there are protons, so that the instru- 
ment as a whole is positively charged. To check his understanding of 
this process, the reader should now figure out just how he would go 
about giving an electroscope a negative charge by induction. 


Static Discharges 

We have already described how an electrostatic charge can be con- 
ducted off to the earth through a wire or through one’s body. There 
are two additional ways in which charged bodies become neutral, one 
quite peaceful and gentle and the other more or less violent. 

It happens that because of the repelling force between like charges, 
any charge on an object tends to spread out over its surface. If the 
object is flat or uniformly curved this distribution is uniform, but if 
it has any sharp points there is a concentration of charge near these 
which tends to escape or “ leak ” off. Actually, of course, the leaking 
off or neutralizing process consists in the escape of electrons if the 
charge on the body is negative or in the arrival of electrons if it is posi- 
tive. Such a discharge often produces a visible glow of light when it 
occurs at the tips of flag poles, ship masts, or lightning rods, and is the 
phenomenon referred to earlier as St. Elmo’s fire. 
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The value of a lightning rod in preventing a building from being 
struck involves this sort of discharge. Suppose a positively charged 
cloud drifts over a building protected by lightning rods. The posi- 
tive charge on the cloud will induce a negative charge on the building 
and earth beneath it. But if the lightning rods have sharp points and 
are well grounded in damp earth, the charge can escape in the manner 



Fig. 13 8. Lightning striking the Empire State building in New York Citv 
Photograph taken August 6, 1940 by Paul C. Edwards. (General Electrit 
Company.) 


described above, before a disrupting stroke occurs. In case the flasl 

occurs anyway and the building is struck, good lightning rods stil 

provide protection because they offer a path of low resistance into tht 

earth for the electricity to follow. If they are not well grounded 

however, lightning rods are an additional hazard rather than a pro 
tection. 

Lightning flashes are examples of the more violent type of static 
discharge referred to above. Such a flash, or indeed any electric spark 
occurs when the opposite charges become so large that the force of at- 
traction is sufficient to cause a sudden and disruptive transfer of elec- 
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trons through the non-conducting material between the charges. It 
should be noted that in every case of discharging a charged object, 
electrons move from one place to another. 

Lightning striking the Empire State building is shown in Fig. 1}8. 
The steel framework of such buildings is well grounded and serves to 
conduct the charge directly to the earth. This is the reason why, al- 
though modern skyscrapers are frequently struck with lightning, no 

one has ever been injured by such a stroke while in a building of 
this sort. 

In spite of the very considerable damage that may be done to 
poorly protected buildings by a stroke of lightning, the actual amount 
of electricity involved in one flash is rather small. It has been shown 
that the quantity of electrical energy stored up in an average thunder 
cloud would be sufficient to operate a medium-sized light bulb less 
than one minute.* However, the total amount of electricity dis- 
charged in all thunderstorms taken together is considerable since 
between 10 and 20 million of these meteorological disturbances occur 
on the earth every year. 


Discussion 


Questions 


1. Name the four electrical phenomena that man knew about some thou- 
sands of years ago. 

2. Describe the contributions of each of the followmg to our knowledge 
of static electricity: 

0 . Otto von Guericke d. Stephen Gray 

h. Charles Dufay e. William Gilbert 

c, Benjamin Franklin 

3. Find out some additional information about the construction and 
operation of the Van de Graaf electrostatic generator. 

4. Distinguish between Dufay’s 2-Buid theory of the nature of electricity 
and Franklin’s 1 -fluid theory. 

5. Contrast the electron and the proton as to charge and mass. 

6. Name four experimental facts about electricity and show to what ex- 
tent they are in qualitative agreement with the picture of the nature of elec- 
tricity presented in this chapter. 

7. Describe methods of charging a body negatively and positively by 
both conduction and induction. 


i Schonlind, B. R J.. Scinttfic Monthly, April, 1956, pp. 568-569. 
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8. Draw a diagram of an electroscope and explain, in terms of the move- 
ments of electrons, just how it may be given a permanent charge without 

the charging body coming into contact with it. 

9. Explain just how a lightning rod is a protection to a building and show 

why it should be well grounded. 

10. Give reasons for the statement that a building with a steel frame is a 
comparatively safe place to be during a severe electrical storm. 


Multiple Choice 

1. An object contains 11 million electrons and 10 million protons; to 
have it positively charged one would (a) leave it as it is, (b) add at least 
a million electrons, (c) add more than a million protons, (d) remove more 
than a million electrons, (e) connect it to the ground. 

2. A neutral or uncharged body may be defined as one which possesses 
(a) neither electrons nor protons, (b) equal numbers of electrons and pro- 
tons, (c) more electrons than protons, (d) fewer electrons than protons. 

3. List all of the following that are in agreement with the picture of 
electricity as presented, (a) 2,000 electrons would weigh a little more than 
1 proton, (b) A proton carries between 1,800 and 1,900 times as large a 
charge as does an electron, (c) Wool that has been rubbed on hard rubber 
attracts fur that has also been rubbed on hard rubber, (d) During a light- 
ning flash between a positively charged cloud and negatively charged earth, 
electrons move from the earth to the cloud, (e) By very vigorous rubbing 
of silk on glass, the former can be given a larger charge than the latter. 

4. A 2-fluid theory of the nature of electricity was first advanced by 
(a) Benjamin Franklin, (b) William Gilbert, (c) Otto von Guericke, (d) 
Stephen Gray, (e) Charles Dufay, 

y. Included in the electrical phenomena that man had observed 600 years 
ago was (were) one or more: (a) the ability of some materials to attract 
light objects, (b) repulsion of like charges, (c) relative weights of electrons 
and protons, (d) the mobility of electrons, (e) the existence of two kinds of 
electricity. 


True-False 

1. Because of their iron and steel framework, modern skyscrapers are 
particularly dangerous places to be during a thimderstorm. 

2. If the leaves of a positively charged electroscope move farther apart 
when an object is brought near it, the object is charged positively. 

3. An electroscope that was charged permanently by induction from fur 
that had been rubbed on amber, would acquire a negative charge. 

4. Non-conductors like glass or rubber contain no electrons. 

5. William Gilbert never learned that under certain conditions 
charged bodies would repel rather than attract each other. 


some 



458 


MAN AND ENERGY 


[Chap. 24 


electric?”^*’" “°"- 

7. The name of Van de Graaf is associated with the discovery that 
charges can be conducted through metal wires. 

8. A combmation of 1,000 electrons and 1,000 protons would weigh about 
the same as 2,000 hydrogen atoms. 

9 . The force of attraction between two unlike charges 3 feet apart would 

be 4 times as great as that between the same two charges when they were 
6 feet apart. 

10. Although lightning rods are a protection when a building is struck, 
they can have no effect toward keepmg it from being struck. 
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CURRENT ELECTRICITY 

t i f — J * J 

The applications of current electricity to modern life are so numerous 
and varied that it is obviously impossible to consider them exhaustively 
in this book. Therefore, we shall confine our discussion to four main 
points. First, it is desirable that we establish the connection between 
electric currents and static electricity. Second, we shall consider the 
essential features of several methods of generating electric currents. 
Third, we shall look at certain important characteristics of an electric 
circuit and finally, summarize some of the ways in which electric cur- 
rents are employed. 

Relation to Static Electricity 

In considering static electricity, we discussed several ways in 

which a charged body can be made neutral, and pointed out the fact 

that every one of the methods involves the transfer of electrons from 

one place to another. The manner of this transfer varied from the 

sudden disruptive transfer characteristic of a spark discharge, like 

lightning, to the less violent movement of electrons which occurs 

when a charged electroscope is connected to the earth by a conducting 

wire. In the latter case, we have an electric current which differs 

from the ordinary current in that it flows for a very short period of 

time, while that produced by a battery or dynamo can be maintained 
indefinitely. 

In other words, if great numbers of electrons move riotously, in- 
stantaneously, and disruptively from a negatively charged body to a 
positively charged body, it is a spark discharge, but if they travel 

through a conducting wire in a somewhat more dignified, parade-like 
fashion, we call it an electric current. 
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Methods of Generating an Electric Current 

Since an electric current consists of a flow of electrons through a 
wire, the production of such a current requires simply that one create 
conditions such that forces will be exerted on electrons to make them 
move from one place to another. Several procedures have been de- 
veloped which tend to give electrons a migratory urge of this sort. 

Generation by Chemical Action 

Historical Background. — The first method used in producing an 
electric current was chemical in nature. Credit for its discovery is 
given to an Italian physician named Luigi Galvani (1737-1798). 
One day while engaged in dissecting a frog, Galvani noticed a con- 
traction of the leg muscles whenever a nearby electric machine was 
m operation. Further investigation showed that the same twitching 
effect could be obtained by simply connecting the nerve and muscle 
of the leg to dissimilar metals. But no such result was obtained if only 
one metal was used or if non-conductors were employed. There were 
obviously two possible sources of the phenomenon. Either the current 
was set up at the junction of the two metals or it was a property of the 
animal tissues. Galvani favored the latter view and in 1791 announced 
his discovery, attributing the current to what he called animal elec- 
tricity or as it came to be known, ** Galvanism.” In this connection, 
Galvani is an excellent example of a scientist who behaved most un- 
scientifically with regard to a hypothesis which he himself had ad- 
vanced. He became so prejudiced in favor of his animal magnetism 
theory that he was quite unable to view objectively later evidence 
which definitely contradicted it and finally caused it to be discarded. 

Another Italian, Alessandro Volta (1745-1827), a professor of 
physics in the University of Pavia, established the true source of the 
electric current. He demonstrated that it could be produced by the 
action of dissimilar metals without the presence of animal tissue of 
any sort. In the course of his experiments he developed the first elec- 
tric battery, a device known as a voltaic pile. Although he tried a 
number of different materials he found that the best results were ob- 
tained when he used silver and zinc as the two metals. The pile con- 
sisted of a series of small discs of these metals and of cardboard, the 
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latter kind having been soaked in a salt solution. Then he piled the 
discs up one on another, in the order, silver, zinc, cardboard, silver, 
zinc, cardboard, and so forth, ending with zinc. By connecting wires 
to the top and bottom discs he was able to get continuous electric cur- 
rents which were of substantial size. 

All the essentials of a modern electric cell or battery were pres- 
ent in the voltaic pile. Developments since that time have been largely 
directed toward making cells more convenient to use and toward 
eliminating various undesirable chemical reactions. 

The Simple Voltaic Cell. — As an example of the way in which 
chemical energy can be converted into electrical energy, we will con- 



(Q) (b) (C) 

Fig. 139. {a) Ionization of sulfuric acid. (£») Action of copper in sulfuric 
acid, (r) Action of zinc in sulfuric acid. 

sider a particular type of voltaic cell. Before starting to trace the 
steps in the action of this cell, let us emphasize again that to produce 
an electric current, one must simply create a set of conditions such 
that an urge is provided for electrons to move from one place to an- 
other through a conducting wire. Then, as they travel along the wire, 
we are able to use them to ring bells, light lights and so forth. 

This voltaic cell consists of plates of copper and zinc immersed in 
a solution of sulfuric acid in water. Now when sulfuric acid (H 2 SO 4 ) 
is placed in water the acid molecules break up into what are called 
H ions and SO4 ions, each molecule producing two of the former and 
one of the latter. Each H ion consists of a hydrogen atom which, 
m breakmg away from the acid molecule, left one electron behind. 
Therefore, in line with our discussion in the preceding chapter, it has 
a net charge of -j- 1 . To indicate this we will designate an H ion as 
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H+. Since the SO4 ion represents the portion of an acid molecule that 
is left after two have broken away, it can be called SO4 — . This 
breakmg-up process, which is shown schematically in (a) of Fig. 139, 
is called ionization or electrolytic dissociation. 

If a copper plate is dipped into this liquid, as shown in (h) of the 
figure, copper ions begin to go into solution. Each ion consists of a 
copper atom that has left two electrons back on the plate and so may be 
designated by This tendency to go into solution is called " so- 

lution pressure, a quantity whose value varies for different metals. 
Because of the electrons left behind, the plate becomes increasingly 
negatively charged as the dissolving process continues and this, since 
unlike charges attract, tends to hold back the copper ions. In other 
words, the dissolving process itself results in the setting up of a force 
which opposes the solution pressure. It will be noted in the diagram 
that the Cu'^'^ ions unite with the SO4 ions to form copper sulfate 
(CUSO4). 


Part (c) of the diagram indicates that when a piece of zinc is 
placed in the sulfuric acid solution the results are quite similar to those 
just described for copper. The important difference is that the solu- 
tion pressure of zinc is greater than that of copper, which means that 
a larger negative charge is built up on the zinc than on the copper be- 
fore the opposing forces described above balance. 

Now let us turn to the case where plates of both copper and zinc 
are immersed in a solution of sulfuric acid in water, that is, to the 
simple voltaic cell. The action, pictured in Fig. 140 can most clearly 
be described by breaking it down into a series of separate steps. How- 
ever, it must be remembered that when the cell is in operation, these 
steps are occurring at the same time, not consecutively. 


1. The sulfuric acid solution dissociates forming H'*' ions and SO4 
ions in the proportions mentioned above, 

2. The solution pressure of zinc being greater than that of copper, 
the net effect is that zinc goes into solution as Zn"*"*" ions and cop- 
per does not dissolve. The result of the Zn"*”*' ions going into 
solution is to build up an excess of electtofis on the zinc plate. 

3. The ions are repelled over to the copper plate from which 
each one takes an electron, thus becoming a neutral hydrogen 
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atom. These atoms unite in pairs to form hydrogen gas (H 2 ) 
which bubbles o£F at the copper plate. This part of the process 
creates an increasingly large shortage of electrons on the copper 
plate. 

The chemistry of the process is completed by the uniting of the 
Zn’*"'*" ions and the S 04 ~ ions to form zinc sulfate (ZnS 04 ) , 


ZINC 

PLATE 



Fig. 140. Diagram illustrating action of a simple voltaic cell. 

Thus, by means of chemical reactions, a set of conditions has been 
created such that one part of the cell, the zinc plate, possesses an ex- 
cess of electrons over protons, while another part, the copper plate, 
has fewer electrons than protons. It is obvious that if these plates are 
connected by a conducting wire, forces of repulsion and attraction 
between charges will cause electrons to migrate from the zinc to the 

copper through the wire. In other words, an electric current will have 
been generated. 

It will be noted that both the zinc and the sulfuric acid decrease 
in amount as the action proceeds. Thus the cell ceases to generate a 
current whenever one or the other of these is used up. Such a cell 
can only be made to work again by putting in new constituents. Cells 
of this type, that cannot be recharged, are called primary cells. 

One point of possible confusion in the above description should 
be mentioned. Many years before the discovery of the electron and 
the fact that an electric current is a parade of electrons, it became de- 
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sirable for scientists to agree on a direction of flow for electricity. 
Since at that time there was no way to determine the facts about the 
flow, It was arbitrarily decided to picture it as flowing from positive to 
negative in the external circuit and it is this direction that is still used 
in most electrical circuit diagrams. But, in the action of the voltaic 
cell, we have just seen that the current actually consists of electrons 
flowing from the negative plate to the positive plate. Today we speak 
of both currents, calling the imaginary, arbitrarily chosen one the con- 
ventional current, and the actual one the electronic current. 

Other Primary Cells. — A number of other primary cells or bat- 
teries have been developed with a view to overcoming certain unde- 
sirable features that are present in the simple one just described. The 
most familiar of these is the so-called dry cell, which really isn’t dry 
at all. In it the hollow 2 inc cylinder which contains the other mate- 
rials also serves as one of the plates or electrodes. The other electrode 
is a carbon rod in the center of the battery. The solution which dis- 
sociates is ammonium chloride (NH 4 CI) mixed with other things to 
form a moist paste. Names and descriptions of the action of various 
other primary cells can be found in elementary physics and chemistry 
textbooks. 

In general, one can say that any two different conductors placed 
in a solution in which dissociation occurs will furnish an electric cur- 
rent, that is, will be an electric cell. The reader can test this by plac- 
ing a copper cent and a silver dime on his tongue. If he lets the two 
coins touch each other, he will experience an unpleasant taste as a re- 
sult of the electrical action that is set up. Incidentally, this action 
may be very undesirable. For instance, if gold and silver fillings touch 
each other in one’s mouth, the two in conjunction with the saliva con- 
stitute a little electric cell that will dissolve out the silver. It should 
be mentioned that two metals in a solution of the sort described does 
not constitute the only way in which a primary cell can be made. It 
is possible to accomplish a similar result with one metal and two solu- 
tions or with two metals and two solutions. 

Before entirely leaving the question of cells of this sort, the reader 
should turn back to page 299 in Chapter 17 and read again the discus- 
sion of the term electromotive series ” in relation to " chemical ac- 

tivitv series.” 
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Storage Batteries. — Secondary or storage batteries are current- 
producing cells in which the chemical reactions are reversible. Thii 
means that, when the battery is " run down,” it can be recharged by 
passing an electric current through it in the opposite direction to that 
of the flow when the battery is in use. The most common cell of thi< 
type is the lead storage battery used in automobiles. The plates in 
such a battery are lead grills, the negative plates being filled with 
spongy lead (Pb) and the positive with lead peroxide (PbO^). They 
are placed in the container in such a manner that the two kinds alter- 
nate. The solution, or electrolyte, like that in the voltaic cell pre- 
viously discussed, is sulfuric acid (HoSO,) in water. The chemical 
reactions that occur, both when the cell is being used and when it i< 
being charged, are as follows: 


Charged Condition Discharged Condition 

Lead + Lead peroxide + Sulfuric acid ^ Lead sulfate + Water 

Pb + PbO, + 2H,S04 ^ 2PbS04 + 2H,0 


During discharge, that is while being used, the reaction is from left to 

right. When the battery is being charged the reaction is from right 

to left. Most readers will be familiar with the fact that one usually 

tests the condition of an automobile battery with a hydrometer which 

actually measures the density of the solution. It will be evident from 

the above equation why the density of the liquid is a measure of the 

condition of the battery. When fully charged the cell contains a 

maximum of sulfuric acid which is a heavy liquid. During discharge 

the percentage of acid present decreases and that of water, a much 
lighter liquid, increases. 

Lead storage cells have certain undesirable features among which 
are their great weight, the fact that they do not hold up well un- 
der repeated physical shocks, and their rapid deterioration when un- 
charged. These defects are largely absent from the Edison storage 
cell. In it the negative electrode is of iron oxide, the positive one of 
nickel hydroxide, and the liquid a solution of potassium hydroxide. 
The disadvantages of the Edison type battery are that it is somewhat 
more expensive than the lead battery and delivers a lower voltage. 
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Generation by Use of a Magnetic Field 

Chemical methods of generating electric currents were the first 
to be discovered and were the only source of current for half a century 
or more. However, the enormous electrical development of the pres- 
ent day would have been quite impossible without the invention of the 
dynamo, a device which makes use of a relationship between electricity 
and magnetism in generating an electric current. In 



fact, thousands of separate chemical cells would be re- 
quired to provide currents of the magnitude that are 
used today. Just to produce an electric arc between 
carbon poles, one experimenter in the year 1808 used 
2,000 cells. The expense involved and the labor re- 
quired to keep such outfits in working condition would 
prohibit their use. 

Historical Background. — We have suggested 
above that a dynamo uses magnetism to produce elec- 
tricity. As a matter of fact the first actual proof of 
the existence of a relationship between the two came 
from an experiment which demonstrated the reverse 
effect, namely, that electricity produces magnetism. 

The Danish physicist, Hans Christian Oersted (1770- 
1851), one day in 1819, happened to place a compass 
under a current-carrying wire and was startled to see 
that the needle no longer pointed north but took up 
a position approximately at right angles to the wire, as shown by the 
upper compass in Fig. 141. The lower instrument indicates the man- 
ner in which the needle behaved when he placed it above the wire. In 
both cases the shaded end of the compass needle represents the north- 
seeking pole. It should also be noted in this diagram that the arrow 
indicates the direction of the “ conventional current ” as defined ear- 
lier in this chapter. Although the true current is the electronic one, 
we will use the conventional current in all of the diagrams in this sec- 


Fig. 141. Dia- 
gram showing 
how a compass 
needle is de- 
flected above 
and below a 
current-carry- 
ing wire. 


tion on magnetic methods of generating a current in order not to con- 
fuse readers who may already be familiar with certain hand rules for 
the determination of field and current directions. 
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By placing compass needles at other points near the current- 
carrying wire, Oersted demonstrated that the magnetic field about the 
wire was circular, as shown at the top of Fig. 142. The lower part of 
this figure illustrates one of the hand rules mentioned above. It will 
be noted that when the wire is grasped by the right hand with the 
thumb pointing in the direction of the conventional current, the fin- 
gers circle the wire in the direction of the magnetic lines of force. 

As soon as Oersted announced the above 
results a number of other scientists began to 
experiment in this field, and new discoveries 
followed quickly. Among them was the dem- 
onstration by the Frenchman, Andre Ampere 
(1775-1836), that a coil of wire which car- 
ries a current behaves like a magnet. The 
magnetic field about such a coil, or solenoid, 
is shown in (a) of Fig. 143. The strength of 
the magnetic field can be greatly increased by 
placing an iron core within the coil as in (b). 
When this is done the outfit becomes an elec- 
tromagnet, one of the most useful modern de- 
vices based on the relationship between elec- 
tricity and magnetism. 

The discovery which laid the foundation 
for the development of the dynamo and there- 
fore of our whole modern system of generat- 
ing electrical energy was made by the English 
experimental physicist, Michael Faraday (1791-1867). Faraday was 

familiar with the work mentioned above, showing that a magnetic 
field resulted when an electric current flowed through a conductor. 
He became mterested in the possibility of reversing this effect and 
obtaining an electric current from a magnetic field. After many un- 
successful attempts he discovered the experimental fact which solved 
the problem. That fact may be stated as follows : 

Whenever an electrical conductor cuts through the lines of force 

m a magnetic field, an urge is created for electrons to flow alone 
the wire. ^ 



Fig. 142. Diagram 
showing the mag- 
netic field about a 
c u r r e n t-carrying 
wire and the right- 
hand rule for deter- 
mining its direction. 
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This urge will be shown to be what we call electromotive force 
or voltage. 

The Simple Dynamo. — Having seen something of the back- 
ground of man’s knowledge of the relationship between electricity 
and magnetism, we will now ask what sort of device based on these 
phenomena might be used as a source of current. 



Fig. 143. Diagrams showing the magnetic fields about (a) a solenoid and 
(b) an electromagnet. 


Perhaps the simplest form of dynamo would be a single wire made 
to move between two bar magnets, as shown in Fig. 144. The wire in 
moving down cuts through the magnetic lines of force, shown by the 
dotted lines, thus fulfilling the condi- 
tion mentioned previously for the gen- 
eration of an electric current. The 
mechanical energy that is converted 
into electric energy comes from the 
work that must be done to move the 
wire through the field. The lines of 
force resist this motion, somewhat as 
rubber bands might do, and so force 
must be exerted to move the wire. 

Lifting the wire up through the field 
causes the current to tend to flow in the opposite direction. A stronger 
field and consequently a larger current can be obtained by using elec- 
tromagnets instead of bar magnets to produce the field. 

T^e above outfit would not be very satisfactory as a source of 
continuous current. A better arrangement, and one that is really a 



Fig. 144. Diagram illustrating 
the effect of moving a straight 
wire through a magnetic field. 
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simple form of dynamo, can be obtained by using a rotating loop in- 
stead of a single wire. A generator of this sort is shown in Fig. 145. 
Note that electromagnets are used in producing the magnetic field, 
part of the current generated by the dynamo being diverted for use in 
this manner. Now as the loop rotates, both sides of it cut lines of 

force. However, since each side 
is moving up half of the time and 
down the other half, the current 
will change direction twice every 
revolution. A current which re- 
verses in this fashion is called an 
alternating current and is the sort 
that is supplied by most power 
companies. It is commonly of a 
kind called '* 60 cycle alternating 
current which means there are 
60 complete cycles, or 120 rever- 
sals, of the current each second. 
In order to conduct the current 



Fig. 145. Diagram illustrating the 
operation of a simple dynamo of 
generator. (After Electricity and 
Wheels, General Motors Corp.) 


out from the dynamo it is necessary to use an arrangement of rings 
and brushes, also shown in the diagram. Each end of the loop is con- 
nected to a ring (R) which turns as the loop rotates. So-called brushes 

(BB) then rub on the rings collecting the electrical energy and con- 
ducting it to the outside circuit. 

In the simple dynamo just described, all the essentials of a modern 

pnerator are present. Large industrial dynamos differ from it only 

in details. For one thing, the single loop is replaced by many loops, 

the entire rotating portion being called an armature. Multiplying in 

this fashion the number of wires that cut lines of force increases the 

size of the current and makes the flow more even. Also various types 

of windmg are employed in making the electromagnets which furnish 

the field. If a direct current rather than an alternating one is desired, 

a device called a commutator is added. The commutator in no way 

affects the manner of generating the current, but simply interchanges 

t e contacts that lead to the outside circuit every time the current in 
the armature reverses. 

Some outside source of energy must be employed, of course, to 
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turn the armature in a dynamo. When it is avaUable, water power is 

used by large power companies. Otherwise steam engines, turbines, 

or Diesel engines provide the motive power. Small electric power 

plants designed to furnish electricity for a home or farm are commonly 

run by gasoline engines. The dynamo or generator on an automobile, 

which furnishes electricity for the lights, starter, and ignition systems,’ 
is run by the engine itself. 


Generation by the Action of Heat 

This phenomenon, known as the thermoelectric effect, was de- 
scribed in Chapter J in connection with our description of an instru- 
ment for measuring surface temperatures of stars. The instrument is 
the thermocouple and we will refer the reader back to that discussion, 
which appears on page 84. 


CLCCT Ro- 
se OPE 


Generation by the Action of Light 

When light falls on certain metals, mcluding potassium, sodium, 
and zinc, electrons are emitted from the metal. This phenomenon, 
called the photoelectric effect, can be demonstrated as shown in Fig. 
146. A highly polished zinc plate is 
connected to an electroscope and 
both are charged negatively. Now 
if light is allowed to fall on the zinc, 
the leaves of the electroscope will 
come together, indicating that elec- 
trons are escaping. That is, a flow 
of electricity has been set up as a re- 
sult of the action of light. If the 
plate and electroscope are charged 
positively instead of negatively, the 
light has no effect. 

A commercial device which makes use of this effect is the photo- 
electric cell or so-called “ electric eye.” It acts essentially as a switch 
that can be turned on or off by the action of a beam of light. Its prac- 
tical applications today are numerous and varied. Automobiles on 
highways or going through tunnels are counted by having each one 
pass through a beam of light which shines on an electric eye. Similar 



WHEN THE LIGHT 
IS ON,TMC 

LEAVES COLLAPSE.' 

Fig. 146. Diagram illustrating the 
photoelectric effect. 
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devices can be used to count the output of a factory or the number of 
people entering a budding. Photoelectric burglar alarms utilize the 
invisible ultra-violet rays of light. The beam is so directed that an 
intruder will pass through it, cutting off the light, and giving the 
alarm. With an electric eye, automobile headlights can be used to 
operate a switch that opens the garage doors, street lights or school- 
room lights can be automatically turned on and otf as the outdoor light 
varies in intensity, or a waitress with a loaded tray can open the kitchen 
door by walking through a beam of light. Also, it is the electric eye 
which makes sound motion pictures possible, since it enables sound to 
be recorded as varying shades of density on the film and then repro- 
duced in the theater as sound. 

The Electric Circuit 

Although an exhaustive consideration of electrical units of meas- 
urement would be out of place in this book, there are a few that must 
be discussed briefly because they concern fundamental characteristics 
of a simple electric circuit. Their names, such as volt, ampere, ohm, 
and watt, are familiar to most people, but judging from their use in 

common conversation, their exact meanings are frequently somewhat 
obscure. 


Analogy between an Electric Circuit and a Water Circuit 

In many respects the flow of electricity through a conductor is 
analogous to the flow of water through a pipe. For one thing, in the 
latter case it is necessary to have a pressure exerted in order to force 
the water through the pipes to the consumer. This pressure is devel- 
oped either by a pump or by having the liquid raised to a considerable 
height in a standpipe or reservoir. The pressure can be measured in 
pounds per square mch. In an electric circuit, the urge which sends 
the electrons through the conductors can be thought of as an electrical 
pressure. It happens to be called electromotive force and is usually 
designated simply as E.M.F. This electrical pressure is measured in 
volts. Voltages of the sources of electricity discussed above vary 
greatly. For example, the E.M.F. developed by a thermocouple may 
be only a few millionths of a volt while large commercial generators 
produce voltages up in the thousands. It will be recalled that the 
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maximum voltage developed by the Van de Graaff electrostatic genera- 
tor, previously discussed, was in the millions. A dry cell has an E.M.F. 
of 1 . 5 volts while a single lead storage cell develops a maximum of 2 
volts. The ordinary 6-volt automobile storage battery consists of 
3 single lead cells. Such a 6-volt battery will send four times as many 
electrons through a given circuit in a certain length of time as would 
be forced through by a 1.5 volt dry cell, just as a pressure of 60 pounds 
per square inch will force four times as much water through a given 

pipe as would one of 15 pounds per square inch in the same length of 
time. 


The quantity of water that goes through a pipe can be measured 
in gallons or cubic feet. We have already defined the fundamental 
unit of quantity of electricity as the charge that repels a like charge, 
one centimeter distant in air, with a force of one dyne. Since this unit 
is very small, a more practical one, called the coulomb is used. A 
coulomb is 3 X 10^ times as large as the smaller unit. 

The rate at which water flows through a pipe might be measured 
in gallons per minute or in cubic feet per minute. The rate of flow 
of electrical energy is measured in ofnperes. If one coulomb of elec- 
tricity flows through the circuit every second, then the current is said 
to be one ampere. 

The pipes through which water runs offer a certain amount of 
resistance to its flow. Although there is no specific unit of water re- 
sistance, it might be measured in terms of the force of friction between 
the water and the pipe. Three things on which such friction would 
depend occur to one immediately. It seems obvious that the larger 
the pipe the less the resistance it would offer, other things being equal. 
On the other hand, we would expect resistance to be directly propor- 
tional to the pipe’s length. The third factor would be the roughness 
of the inner surface. Electrical conductors also offer resistance to the 


flow of electricity. In this case there is a common unit, one that is 
called the ohm. Two factors governing electrical resistance are exactly 
analogous to the first two mentioned for water. Resistance decreases 
as the diameter of the conductor gets larger, and is directly propor- 
tional to the length of the conducting wire. A third factor, in the 
case of electrical resistance, is the material out of which the conductor 
is made. Silver is the best conductor of electricity, which means that 
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it offers the least resistance. Copper and aluminum also have very 
low resistances, which makes them valuable for use in transmission 
lines. Substances like rubber, glass and other non-metals have such 
high resistances that we call them non-conductors or insulators. 

The three electrical quantities of E.M.F., current, and resistance 
are related by an experimental law known as Ohm’s law. It is perhaps 
the most important relation in the entire field of electricity and may 
be stated as follows: 

^ E.M.F. 

Current = 

Kemtance 



Am peres 


Volts 

Ohms 


The comparison between units in the two kinds of circuits, as described 
above, is summarized in Table 22. 


Table 22. Comparison 

Property to be 
Measured 

Pressure 
Quantity 
Rate of flow 
Resistance 


OF Units in Water and 

Units Used in 
"Water Circuit 

Pounds per square inch 
Gallons 

Gallons per minute 
(none) 


Electrical Circuits 

Units Used in 
Electric Circuit 

Volts 

Coulombs 

Amperes 

Ohms 


Power in Electric Circuits 

In Chapter 20, power was defined as rate of doing work. There- 
fore, in an electrical circuit, power may be thought of as the rate at 
which electrical energy is being used. The commonly used electrical 

units of power are the watt and kilowatt. The relation of power in 
watts to the units discussed above is given by, 

Volts X Amperes = Watts. 

Thus, if a 6-volt storage battery is delivering a current of 2 amperes, 

electrical energy is being expended at a rate of 6 X 2, or 1 2 watts. The 

power rating of electric light bulbs is stamped on them as 60W mean- 
ing 60 watts. 

Now let us see how electrical power is related to the electric bill 
that arrives each month. This was mentioned briefly in the formei 
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discussion of the watt referred to above. A kilowatt is equal to 1,000 

watts. A kJowatt-hour (KWH) is a unit of electrical work or enerev 

and IS the amount of energy that would be used by a 1,000 watt bulb 

or stove if it burned for 1 hour. Obviously, 1 KWH of electricity 

would also be used by a 500 watt bulb in 2 hours, or a 100 watt one in 
1 0 hours. In other words, 

Kilowatt-Hours = Kilowatts X Hours. 


It is this kilowatt-hour that is the unit used in determining the electric 

bill. The rate is usually a sliding one, the cost per KWH decreasing as 
the total number used increases. 


Applications of Electricity 

Many of the uses that we make of electricity are well known to 

everyone. It is our purpose here simply to summarize and classify 

these applications and mention a few of the less familiar features about 
them. 


Heating Effect of an Electric Current 

When an electric current passes through a wire, heat is generated 
and the temperature of the wire is raised. The amount of heat devel- 
oped in a given time is proportional to the resistance of the wire and 
to the square of the current. Therefore, in applications where the 
formation of heat is desired, wires of high resistance are used. Perhaps 
the most important such application is the ordinary electric light bulb. 
All such incandescent sources emit light because the filament is raised 
to a very high temperature. The thin tungsten filament in such a 
lamp has a resistance equal to that of more than 20 miles of ordinary 
lamp cord. Incidentally, because of the large proportion of energy 
that goes into heat, incandescent lamps are very inefficient as light 
sources, a matter that will be discussed in some detail in Chapter 33« 

Other household appliances which make use of this heating effect 
are toasters, cooking ranges, water heaters, flatirons, bathroom heaters, 
and waffle irons. In all of them wire of high resistance is used. When 
a fuse burns out it does so because of the heating effect of an electric 
current. A 15 -ampere fuse, for example, contains a metal alloy ele- 
ment that will melt and break the circuit if a current of more than 1 5 
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amperes goes through it. In this way it protects the building from 
possible disastrous results due to accidental overloads on the line. An- 
other application, the electric furnace used in the manufacture of high 
grade steel was mentioned in Chapter 1 7. 

In this section we have been discussing applications in which it is 
desirable that an electric current should cause heating. When such 
heating is undesirable the current should be kept as small as possible, 
because of the fact that the heat generated increases with the square of 
the current. 


Mechanical Effect of an Electric Current 

The electric motor, which is a device that converts electrical 
energy into mechanical energy, is based on an experimental fact essen- 
tially the converse of the one given for the dynamo. It may be stated. 

If an electric current is made to flow tJyrough a conductor that is 
in a magnetic field, there will be exerted on the conductor a force 
at right angles both to the field and to the direction of the current. 

The essential similarity of construction of dynamos and motors 
is shown in Fig. 147. In the dynamo, the loop, or armature, is turned 
mechanically by an engine, waterfall, windmill or turbine. As it ro- 
tates, magnetic lines of force are cut and a current is generated. This 
current is conducted through an outside circuit to a motor. In the 
motor, the loop is stationary in the magnetic field as long as no cur- 
rent flows through it. But as soon as electrons begin to move through 
the wire there is a force set up which causes the loop to rotate, develop- 
ing mechanical energy. By attaching a belt to the pulley on the motor 
shaft, this mechanical energy can be employed to run machines of 
various sorts. The dynamo and motor shown here are both of the 
direct current type. An alternating current motor is based on the 
same prmciple but is constructed somewhat differently. It will be 
evident from the construction as described above that either of the 
devices could be used as a dynamo or as a motor. This is also true of 
commercial motors and generators of this sort. The operation of 
»me electric-powered trains offers an example of a motor doubling 
for a dynamo. In mountainous regions, the motor uses electrical en- 
ergy from the line in pulling the train up the mountain. Then, coast- 
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ng down the other side under the inJuence of gravity, the train runs 
he devtoe at a generator, putting elearical energy back into the line 

It ■ » at though one’t automobUe while coattlng down one hill 
o jd be made to o,wra.e the engine in tuch a manner at to manufac- 

take It up the next hill. ^ ° 



Fig. 147 . Diagram illustrating operation of direct-current dynamo and mo- 
tor. (After Electricity and Wheels, General Motors Corp.) 

The energy transformations accomplished by dynamos and mo- 
tors, together with the fact that electrical energy can be transmitted 
over considerable distances fairly efficiently, make it possible for man 
to use natural energy sources such as waterfalls over a large area. 
Suppose energy could only be transmitted from one place to another 
mechanically, that is, by pulleys, belts, shafts, or gears. It would be 
quite impractical to attempt to use the energy of Niagara Falls to 
operate a machine shop even as close as Buffalo. But electrically, it is 
both practical and profitable to convert the mechanical energy of the 
falling water into electrical energy by means of a dynamo at Niagara 
Falls, then to conduct this electrical energy over transmission lines to 
Buffalo, and finally at Buffalo to use a motor to change it back into 
mechanical energy to run the machine shop. 


Chemical Effects of an Electric Current 

Electrolysis of Water. — We are now in a position to consider in 
stime detail the decomposition of water by the passage of an electric 
current through it, a process to which reference has been made several 
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times previously in this book. An experimental set-up for electrolysis 
of water is shown in Fig. 148. Since it is not desirable that the outfit 
should act as a battery, the plates are made of the same metal, prefer- 
ably an inactive one like platinum. A battery or other source of direct 
current is connected to the plates making, in this case, the left-hand 



Fig. 148. Diagram illustrating Fig. 149. Diagram illustrating the 
electrolysis of water. process of copper-plating. 


one positive {shortage of electrons) and the right-hand one negative 
{excess of electrons ) . The container is filled with water in which there 
is some sulfuric acid. The steps in the electrolytic process may be 
stated as follows: 

1 . The stilfuric acid dissociates, as previously explained. 

2 . The H"'' ions are attracted to the right-hand plate where each one 
acquires an electron and becomes a neutral hydrogen atom. 

3. The neutral hydrogen atoms group into pairs and escape at the 
negative plate as diatomic hydrogen gas (H 2 ) . 

4. The SO 4 ions are attracted to the left-hand plate where they 
give up their excess electrons. 

5. Each neutral SO4 group displaces the oxygen atom from a mole- 
cule of water (H2O) and appropriates the H* part for itself, thus 
forming a new molecule of sulfuric acid (H2SO4). 

6 . The oxygen atoms, thus displaced, group into pairs and escape at 
the positive plate as diatomic oxygen gas (O*) . 
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It will be noted that the amount of sulfuric acid in the container 
remains constant, since a new molecule is formed (Step 5 ) for every 
one that dissociates (Step 1). Thus water is the only material that is 
permanently decomposed and the net result of the reaction can be 
expressed by the equation that we have used previously, namely, 

2H2O 2H, + O2 


Other Examples of Electrolytic Action. — The experimental 

set-up pictured in Fig. 149 differs from the preceding one in that the 
positive platinum plate has been replaced by a copper plate, and a 
solution of copper sulfate (CUSO4) substituted for the sulfuric acid 
in water. The copper sulfate ionizes forming Cu++ and SO4 — ions. 
When an electric current is sent through the solution, the SO4— ions 
are attracted over to the positive copper bar where each one is neu- 
tralized and combines with an atom of copper to form another mole- 
cule of copper sulfate. The Cu^"'' ions, on the other hand, are attracted 
to the negative plate, become neutral, and are deposited on the plate 
as pure copper. Thus, as the action continues, the positive copper bar 
dissolves and an even layer of copper is built up on whatever object 
serves as the negative electrode. This process, which is called electro- 
plating, has numerous practical applications. 

The printing of this book offers one illustration of its use. After 
each page was set up in regular type-metal, a mold of it was made in a 
certain kind of wax. This wax impression was then coated with 
graphite to make its surface an electrical conductor and was placed in 
an electrolytic cell as the negative electrode. A layer of copper was 
deposited on it, in the manner described above, reproducing the print- 
ing surface of the type. When the copper layer reached the desired 
thickness it was removed from the wax and reinforced with a type- 
metal backing. This particular application of electroplating is called 
electro typing. 

The plating process can be used with a number of metals. In 
every case the object to be plated constitutes the negative electrode; 
a bar of the plating metal is the positive electrode; and the electrolyte 
is a solution of the plating metal. Other examples include plating 
silver on spoons and other articles, gold on watches and jewelry, 
chromium on various metal objects, and zinc on steel to prevent rusting. 
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Three previous references have been made in this book to prac- 
tical applications of this sort of process. Two of them concerned the 
metallurgy of copper and aluminum, respectively, discussed in Chapter 
17. In the case of copper the method is a refining one. A bar of im- 
pure copper is used as the positive electrode in an electrolytic cell. The 
solution is copper sulfate. Since the impurities are not carried across 
to the negative electrode during electrolysis the deposit built up on it 
is the pure metal. In the metallurgy of aluminum, it will be recalled, 
electrolysis is the reduction process. The aluminum ore is dissolved in 
molten cryolite and a current passed through the solution. During the 
process the aluminum separates out and collects as a liquid at the bot- 
tom of the container. The third previous reference was in Chapter 1 8 
in the description of ways of covering objects with a coating of rubber. 
Since the colloidal particles of latex carry a negative charge they can 
be attracted by a positive charge. If an electric current is passed 
through a solution of latex, the rubber particles will be deposited or 
“ plated ” on the positive electrode. 


The Transmission of Electrical Energy 

It is usually not desirable to transmit electrical energy at the same 
current and voltage as that at which it is generated. One of the prin- 
cipal reasons for this is that an electrical current produces in a con- 
ductor, a heating effect which is proportional to the square of the 
current. Other things being equal, a 2 -ampere current will produce 
2“ or 4 times the heating loss of a 1 -ampere current, or a 4-ampere 
current 1 6 times that of a current of 1 ampere. Now it will be recalled 
that electrical power may be expressed by. 

Watts = Volts X Amperes. 


This indicates that if, in a given case, one were to increase or " step up ” 
the voltage the current would be decreased proportionately, the oower 
remaining the same. For example, a current of 3 amperes at 100 volts 
would have the same wattage as one of 1 ampere at 300 volts. The 
heating loss, however, would be 3= or 9 times as great in the former 
case as in the latter. In transmitting electrical energy over consider- 
able distances it is desirable to step the voltage up m order to cut down 
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line losses. At the point of consumption then, it can be stepped back 
down again and the current increased. 


The device which makes possible these changes in current and 
voltage IS the transformer. Two experimental facts that have already 
been discussed have a bearing on the operation of a transformer. The 
first of these is the observation that any wire which is carrying an 
electrical current has a magnetic field about it. The second is the 

basis of operation of a dynamo, namely, that whenever a conductor 
cuts through magnetic lines of force 

a voltage is induced in that con- 
ductor. Now with these two facts 
in mind let us turn to Fig. 150 

e trans- 
former. The ends of the coil of 
wire marked ” primary ” are con- 
nected to a source of alternating 
current such as a dynamo. Conse- 
quently, the coil will have a mag- 
netic field about it all the time that 
current is flowing in it. However, 
every time the current reverses direction there will be an instant when 
no current flows in the primary which means an instant during which 
there is no magnetic field about it. Thus, we can think of the field 
about the primary as alternately building up and collapsing with the 
reversals of the alternating current. Next, note the coil labelled 
■' secondary.” Every time the magnetic field about the primary builds 
up it is cut by the secondary and every time it collapses it is cut again. 
Consequently, in line with the second experimental fact mentioned 
above, an alternating current is induced in the secondary coil. With 
respect to the voltage relationships it happens to be true that the ratio 
between the voltage of the secondary and that of the primary is the 
same as the ratio between the number of turns of wire on the two. 
For example, if a transformer has 100 turns on the primary and 10,000 
on the secondary, then a primary voltage of 1 1 0 volts would be stepped 
up to 100 times 110, or 11,000 volts on the secondary. The current 
would be correspondingly reduced. Such a transformer is called 
step-up transformer since the voltage is increased. One that has fewer 


which IS a diagram of a simpl 



Fig. no. Diagram showing the pri- 
mary and secondary coils in a simple 
transformer. 
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turns of wire on the secondary than on the primary is called a step- 
down transformer, since the induced secondary voltage is less than 
that on the primary coil. Wrapping the coils on an iron core, as 
shown in the figure, increases the strength of the magnetic fields. It 
should be noted that there is no direct electrical connection between 
the primary and secondary. 

Typical voltages employed in the transmission of electrical energy 
are the following. The generator at the power plant develops 13,200 
volts. This is stepped up to from 60,000 to 260,000 volts for trans- 
mission to another city for the reason mentioned above. Then on 
the outskirts of the city it is stepped down to 13,200 volts and at 
a few places in the city to 2200 or 2300. Then near the place of 
consumption further reduction occurs to the usual 110, 115, or 220 
volts. 

Transformers find many applications in addition to those directly 
connected with long distance transmission of electrical energy. They 
are useful in any situation where it is desirable to either increase or de- 
crease the voltage of an alternating current. 


Discussion 


Questions 


1. What is the difference between a static discharge and an electric cur- 
rent? 

2. Look up one accomplishment each of Galvani and Volta, other than 
the ones mentioned in this chapter. 

3. From your knowledge of the chemical activity series, decide which set 
01 discs in Volta’s voltaic pile were the negative electrodes. 

4. Work out the various steps in the action of a voltaic cell made of zinc 

and copper electrodes but usmg hydrochloric acid (HCl) in water as the 
electrolyte. 

5. What is the difference between a hydrogen atom and a hydrogen ion? 

6. Which of the constituents remain constant in amount during the 
action of each of the following? Explain. 

a. Electrolysis of water, 

b. Voltaic cell. 

c. Copper plating. 

7. Distinguish between conventional current and electronic current. 

8. What are the bare essentials for 

tf. Chemical generation of an electric current? 
b. Magnetic generation of an electric current? 
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c. Thermoelectric generation of an electric current? 

d. Photoelectric generation of an electric current? 

9. What does a hydrometer measure and why can it be used to check the 
condition or a lead storage battery? 

10. Draw diagrams to show what direction the current would be Howine 
in a north and south wire if a compass needle, 

Points east when placed under the wire; 

b. Points west when placed above the wire. 

11. Observe what the brushes look like and where they are located on an 
actual generator or motor. 

12. Mention two reasons for usmg electromagnets rather than bar magnets 
to excite the magnetic field in a dynamo. 

13. Find as many actual practical applications of electric eyes and thermo- 
couples as you can. 

14. If the resistance of a circuit remains constant, how will, 

a. Doubling the voltage affect the current? 

b. Halving the voltage affect the power? 

15. Find out what your local electric rates are and then verify your last 
month*s electric bill, 

16. Look up the relationship between kilowatts and horsepower in an 
earlier chapter and then calculate how many foot-pounds of work are done 
by 10 cents worth of electrical energy at your local rates. 

17. What is the difference between the energy conversion accomplished 
by a generator and that by a motor? 

18. Look up the details of some specific electroplating operation other 
than the examples mentioned in this chapter. 

19. Would you expect to be able to use a transformer with direct current? 
Explain. 


Multiple Choice 

1. Which one of the following electrical units concerns a quantity in an 
electric circuit analogous to that measured in a water circuit by the ordinary 
water meter? (a) Volt, (b) Ohm. (c) Ampere, (d) Coulomb, (e) 
Watt. 

2. During both the electrolysis of water and the operation of a simple 
voltaic cell, (a) the amount of sulfuric acid present remains constant, (b) one 
of the electrodes dissolves, (c) hydrogen escapes at the negative electrode, 
(d) oxygen escapes at the positive electrode, (e) the amount of water present 
remains constant. 

3. At 4 cents per KWH, the weekly cost of operating two 100-watt 
lamps, six 60-watt lamps, a lOO-watt radio and a 1-kilowatt heater an aver- 
age of 3 hours per day would be between (a) 50^ and $1; (b) $1 and $1.50; 
(c) $1.30 and $3; (d) $3 and $5; (e) $3 and $10. 
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4. List all of the following that are present in a fully charged automo 
bile storage battery, (a) A zinc container, (b) A carbon electrode, (c 
More lead sulfate than lead, (d) Sulfuric acid, (e) A compound of lead ani 
oxygen, 

5. In electroplating an object with copper (a) the solution used shoul 
be sulfuric acid, (b) electrons from the source of current enter the platin 
cell at the copper electrode, (c) the copper is plated on the positive electrode 
(d) hydrogen is given off at the negative electrode, (e) the positive electrod 
should be made of copper. 


True-False 

1. Electrolysis of water works best if the two electrodes are of differen 
metals rather than of the same one. 

2. Luigi Galvani was a physician rather than a physicist. 

3. Volta’s voltaic pile was actually a whole series of individual electrii 
cells. 

4. Most of the electrical energy used commercially today is generated b^ 
chemical reaction. 

5. During the operation of the simple voltaic cell, the zinc plate gradu 
ally becomes coated with copper. 

6. A cubic inch of the liquid in a fully charged lead storage batter] 
weighs more than a cubic inch of the liquid in the same battery when it i 
partially discharged. 

7. Five 50-watt light bulbs burning for four hours would use just oni 
kilowatt-hour of electrical energy. 

8. Something that could be measured in kilowatt-hours could also bi 
measured in foot-pounds. 

9 . If a lamp with a resistance of 1 5 ohms is connected to a 60-volt battery 
4 coulombs of electrical energy will flow through the lamp every second. 

10. In an electrical circuit, watts times ohms divided by volts equals volts 
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ELECTRICITY AND THE ATOM 



It will be recalled that in beginning our discussion of the nature of 
matter, m Chapter 13, we said the story would be told in two episodes. 
The part having to do with the atomic composition of bulk matter 
was covered at that time. We are now ready, to the extent that it 
is possible in this book, to consider the makeup of the atom itself. 

Before looking at experimental evidence that throws light on 
the inside of the atom, it may be well to summarize briefly the picture 
of matter as we left it at the close of Chapter 14. 


Review of the Picture of Matter as Previously Discussed 

The kinetic theory was presented in the earlier discussion as 
offering an interpretation of the nature of matter and heat that is 
in agreement with experimental facts. The basic assumptions of that 
theory are that all matter is composed of molecules and atoms, as 
those terms were defined; that the molecules and atoms are in constant 
motion, with velocities that increase with temperature; and that they 
exert certain forces of attraction on each other. At the close of that 
part of the discussion we were left with some 92 building blocks of 
matter, that is, 92 particles out of which the multitude of objects we 
see about us is made. We are now about to examine the composition 
of these 92 building blocks and to consider a group of experimental 
facts which, on investigation, would seem to indicate that the atoms 
are, in turn, combinations of a much smaller number of basic bits of 
matter. This possibility has already been implied in our earlier ref- 
erence to the electron and proton in Chapters 24 and 25. These must 

now be fitted into the atomic picture. 

484 
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Some Experimental Facts Which Throw Light on the Nature 

OF THE Atom 

The phenomena we are about to consider are among the discov- 
eries which have completely revolutionized man’s concept of matter 
during the past 50 years. They have served to open up a vast new 
field of atomic research out of which has come, among other things, 
the knowledge and skill that made possible the development of the 
atomic bomb which brought World War II to its spectacular close. 
It is perhaps worth noting that the first of these discoveries came 
shortly after several prominent physicists had stated that nothing 
remained to be done in physics but to measure certain constants to 
more decimal places. 

It should be emphasized once more in this connection that be- 
cause of mathematical limitations our discussion of these phenomena 
and what they mean to the story of the atom must be largely qualita- 
tive in nature and must therefore carry with it the danger of over- 
simplification. As far as possible, however, we will attempt to point 
out the limitations of the methods used and the extent to which con- 
clusions follow directly from experiment. 

Flow of Electricity through Gases 

It is well known that gases, under normal conditions, are poor 

conductors of electricity. However, by reducing its pressure, air or 

any other gas can be made to conduct electricity. It was the study 

of this phenomenon that laid the groundwork for the discovery of 
the electron. 

The Effect of Pressure on Conductivity. — The name of Hein- 
rich Geissler (1814-1879), a German glass blower, is associated with 
the early devices used to demonstrate the fact that electricity will 
flow through gases which are at low pressure. A modern demonstra- 
tion outfit, very similar in construction to the tubes used by Geissler 
m some of his experiments, is shown in Fig. 151. Metal electrodes 
are sealed mto the ends of a glass tube which, preferably, should be 
several feet long. A side tube leads to a vacuum pump. Now sup- 
pose an E.M.F. of 10,000 or 15,000 volts is connected across the tube 
and the vacuum pump started. At first there is no visible effect, but 







486 


MAN AND ENERGY 

9 




as the pressure is reduced, long bluish streamers of li^t gradually 
appear, extending from one electrode to the other. Still further 
evacuation causes these streamers to broaden out until they fill the 
entire tube. By this time a reasonably large current is flowing, indi- 
cating that the electrical resistance of the gas has been greatly reduced. 
The familiar neon sign exemplifies one application of such a deAUK. 
The bearing of light sources of this kind on the whole question of 
illumination will be considered in Chapter 33. Still further evacua- 
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Fig. in. Diagram of a cathode ray discharge tube. 
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1. The tube shown in Fig. 152 demonstrated that the cathode rays 
travel in straight lines, by reason of the fact that the object fixed 
inside cast a sharp shadow on the end of the tube. This effect, it 
was obvious, might be produced either by radiation of the nature 
of light or by particles. 

2. When a concave cathode was substituted for a flat one, the rays 
came to a focus, A tiny piece of platinum located at the point 



Fig. 152. a Crookes tube. (After White.) 

of focus soon became red hot, indicating that the cathode radia- 
tion had energy. Again the result was one that might be pro- 
duced either by light-like rays or by particles. 

3. When the maltese cross in the Crookes tube was replaced by a 
small paddle-wheel, so fixed that the rays could strike only the 
top vanes, the cathode rays caused the paddle-wheel to rotate. 
This seemed to suggest that the radiation consisted of tiny bul- 
lets rather than light waves. 

4. When the tube was so arranged that the rays passed either 
between electrically charged plates or magnetic poles, it was 
found that the fluorescent spot on the end of the tube moved' 
up or down, depending on the direction of the field. Thus, 
the cathode rays were deflected by electric and magnetic fields. 
In the electrical case, the cathode-ray stream moved toward the 
positive plate and away from the negative plate, which seemed 
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to indicate not only that the radiation consisted of particles but 
that the particles were negatively charged. This conclusion 
was substantiated by the manner of deflection in the magnetic 
field in which the cathode rays moved at right angles to the 
direction of the field in accordance with the condition we have 
already stated for the operation of an electric motor. 


The above paragraphs summarize the experiments and conclu- 
sions which, by 1895, constituted man’s knowledge of the flow of 
electricity through gases. It should be noted that the results of 
research up to that time were entirely qualitative in nature, giving 
no information about the masses of the particles, or the magnitude 
of the electric charges they carried; nor was there any indication 
whether or not all of these particles were alike. 


Discovery and Investigation of the Electron 
Measurements Made by Sir J. J. Thomson. — The logical 

method of determining whether the cathode-ray particles were all 
alike was to attempt to measure their charge and mass. The results 
of investigations carried out along this line by the English physicist. 

Sir J. 

electron is commonly credited to him. The particular experiment 
conducted by Thomson which indicated all the cathode particles to 
be alike marked the actual beginning of atomic research and since the 
technique he employed has become classical in the study of such phe- 
nomena, we will consider its qualitative aspects in some detail. In 
that experiment Thomson used a modified form of Crookes tube, the 
shape and construction of which is shown in Fig. 153. The shields 
DD, with tiny holes at their centers, served to limit the cathode stream 
to a thin pencil of rays, which struck the fluorescent screen at S. 
Plates PP, which could be given opposite electric charges, were so 
arranged that the cathode stream passed between them. Charged as 
shown in the diagram, they would serve to bend the rays up, making 
them strike the screen at some point such as M. The larger the charge 
on the plates, the greater would be the amount of bending. The coils 
MM served as electromagnets, so that by properly passing a current 
through them, a north-seeking pole could be obtained in front of the 


J. Thomson (1856-1940), were such that the discovery of the 
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tube and a south-seeking pole behind it. With such an arrangement 
the cathode rays would bend down, striking the screen at some point 
N. Here also, the amount of the deflection could be varied, this time 
by varying the current in the coils. 

The experiment was performed in two steps. In the first part, 
an electric charge was put on the plates deflecting the cathode rays 
one way, and then a magnetic field was applied of just sufficient 
strength to bring the rays back to their normal position. In other 



Fig. 1J3. Diagram of type of discharge tube used by Sir J. J. Thomson in 
measuring elm of the electron. (After White.) 


words, the magnetic and electric fields were made to balance each 

other exactly. The data taken were simply the strength of the two 

fields. In the second part, only a magnetic field was applied. The 

amount that the rays were deflected and the strength of the field were 

noted. From these two sets of data, together with the dimension of 

the apparatus, Thomson was able to develop a mathematical equation 

that contained two unknown quantities. These were the two things 

he wished to determine, namely, the mass of a cathode particle and 
the electric charge on one. 

Here we will digress for a very brief discussion of equations 
which contain two unknown quantities. The fact about such equa- 
tions that concerns us here is that while it is not possible to calculate 

the value of either unknown quantity by itself, it is possible to deter- 
mine the ratio between them. 

For example, suppose all yro know about the prices of light bulbs 
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and mouse traps is that three of the former cost the same as two of 
the latter. This fact can be written in equation form as, 


5 X {cost of one bulb) =2 X {cost of one trap). 

This equation contains two unknown quantities, the cost of one bulb 
and the cost of one trap. From this relation alone, neither of these 
unknowns can be calculated, since any number of values would fit. 
For mstance, the equation would hold true for 10-cent bulbs and 15- 
cent traps, or 15-cent bulbs and 22%-cent traps, or 20-cent bulbs 

and 30 -cent traps. We can, however, determine the ratio between 
the prices of the two articles. We can say that 


Cost of one bu lb 2 
Cost of one trap 3 

or, that a light bulb costs two-thirds as much as a mouse trap. 

The equation developed by Thomson was exactly of the form 
described above. That is, it could be written (Some number) times 
(Charge on particle) = (Some number) times (Mass of particle) or, 
since the symbols commonly used for charge and mass in this connec- 
tion are e and m, respectively, 


{Some number) X e = (Some number) X m. 

The parts of the equation which we have called "some number” were 
combinations of the actual measurements that Thomson made and 
have already been mentioned. From his equation, although he could 
calculate neither e nor m individually, he could determine a value for 
the ratio e! m^ just as we have found one for the ratio between light 
bulb and mouse trap prices. 

Now let us recall the original purpose of the experiment: One 
of Thomson’s desires was to determine whether the particles in the 
cathode-ray stream were all alike. The nature of the above experi- 
ment makes it apparent that he reaUy determined an average efm for 
all the particles involved. He did not single out one particle and 
determine its e/m and then repeat for another, and so on, and then 
see if all the answers were the same. The reasoning which leads us 
to conclude from his work that the particles were all alike is this: 
Suppose there were all masses of particles mixed up together to fori 


II 
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cathode rays, and that they carried all sorts of electric charges. Then 
if one performed the Thomson experiment many times, one would 
expect that in some cases the average e/7n would be different from 
that obtained in others. But if the particles were all alike the average 
ejm would always be the same. The latter case represents the experi- 
mental fact. The same experiment has been carried out thousands 
of times by Thomson and others, using tubes of various sizes and all 
sorts of magnetic and electric field strengths, and always the same 
value for the ratio ehn is obtained. Thus, before either one of these 
quantities had been measured separately, scientists felt justified in 
concluding that cathode-ray particles were all alike and constituted a 
fundamental bit of matter. It is these cathode rays that were first 
called electrons. As we shall see, since their discovery several other 
sources of electrons have been found. 

Measurement Made by Robert A. Millikan. — The first accu- 
rate determination of the actual charge on the electron was made by 
the American physicist, Robert A. Millikan (1868- ), for which 

achievement he was awarded a Nobel Prize in physics. The essential 
parts of his apparatus are shown schematically in Fig. 1 54. Two plates 
were attached to the terminals of a high voltage battery, and so ar- 
ranged that the magnitude of the charge on them could be varied by 
the experimenter. The upper plate had a small hole in it which con- 
nected the space between the plates to the region above. The atomizer 
above the upper plate was used to produce a spray of oil drops. The 
X-ray tube was for the purpose of ionizing the gases between the 
plates. In this case the ionizing process was one of separating elec- 
trons from gas atoms. The positive and negative charges thus created 

then drifted about in the air. The experimental procedure was as 
follows: 


The observer at the microscope would fix his attention on a 
single oil drop that fell through the hole in the upper plate. First, 
measurement was made of its rate of fall when there was no charge 
on the plates. From this its mass could be calculated. Then a charge 
was put on the plates, as shown in the diagram. The same od drop 
was kept under observation for hours at a time. As it moved through 
the ionized air between the plates, it frequently acquired a negative 
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charge. Such an occurrence would cause it to start up toward the 
positive plate. Each time that this happened, the observer varied the 
charge on the plates enough to bring the oil drop back to rest. If it 
lost part of its negative charge it would start down, and the observer 
would have to adjust the plate charge in the opposite direction. The 
principal data consisted of a large number of adjustments of the 
electric charge on the plates, from each one of which the size of the 



HIGH VOLTAGE BATTERY 

Fig, 154. Essential parts of the apparatus used by Dr. R. A. Millikan in 
measuring the charge of the electron. (After White.) 

charge acquired or lost by the oil drop at one particular time could 
be calculated. Two predictions could be made about these hundreds 
of charges acquired by the oil drop. First, if there actually was a 
fundamental basic unit, or “ atom,*’ as it were, of electricity, then 
every one of the hundreds of charges picked up and lost by the oil 
drop should be a whole multiple of that unit. Second, the greatest 
common divisor of all the charges should be that unit, that is, the 
charge on the electron. Let us illustrate this reasoning by an example. 
Suppose that all one knew about the price of tickets at a certain 
motion picture theater was that the first five persons in line when the 
box office opened spent the following amounts of money: 

1st individual — $2.10 
2nd individual — 3.50 
3rd individual — .70 

4th individual — 1.75 
Sth individual — 1.05 
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From even these few data one could conclude that the price of one 
ticket had to be 3 5 cents, 7 cents, 5 cents, or 1 cent, since these are the 
only numbers that will divide an exact whole number of times into all 
five amounts. If several hundred people were investigated and it was 
found that no one spent less than 33 cents, and that all the amounts 
were divisible by 33, then one would feel safe in deciding, first, that 
there was a single definite price being charged for each ticket and, sec- 
ond, that 33 cents was that price. 

Similarly, Millikan and many other investigators who performed 
the experiment have found that the charge acquired by the oil drop is 
never less than a certain amount and that it is always an exact whole 
multiple of that minimum value. It is this smallest charge that is 
known as e, the charge on the electron. It is so small an amount of 
electricity that it has to be multiplied by about 1.6 X lO'” in order 
to equal one coulomb. 

The Mass of the Electron. — Once e/m and e are known, the 
mass m of the electron can be easily calculated; just as in our illus- 
tration, as soon as the price of a light bulb is known the cost of a 
mouse trap can be determined. Dividing e by e/m gives a value for 
the electron’s mass of 

m = .000,000,000,000,000,000,000,000,000,9 gram 

= 9X1 0’^* grams, 

the figure that was mentioned in Chapter 24. 

We have covered these experiments on the electron in some detail 
for two reasons. First, they were classical investigations in atomic re- 
search and more or less served to initiate the enormous amount of work 
that has been done in that field during the past 23 or 3 0 years. Sec- 
ond, as far as this particular book is concerned, since we cannot de- 
scribe all the experiments we will mention as fully as we have these, 
it is important that the reader should see these experiments as typify- 
ing the kind of indirect approach that must be employed in the 
investigation of atomic phenomena. Here we have considered a case 
in which neither the charge on the electron nor its mass, nor even 
proof of its existence, could be determined by direct observation. 
Nevertheless, experimental procedures were devised which led to rela- 
tionships wherein the desired quantities were expressed in terms of 
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things that could be observed directly. This made possible the calcu- 
lation of the electronic charge and mass. It should be emphasized 
that if such indirect procedures are well founded, they lead to results 
that are no less reliable than those obtained by methods which seem 
more direct. Incidentally, the more philosophically inclined reader 
will recognize that one might experience considerable difficulty in 
defining just where direct experimental procedures leave off and in- 
direct methods begin. 


Photoelectric Effect 

This phenomenon was discussed in the preceding chapter as one 
of the methods of generating an electric current, We mention it 
again here simply to point out that it provides added evidence of the 
existence and nature of electrons. When the negative electricity 
emitted by metal plates in the photoelectric effect is studied by the 
Thomson and Millikan techniques, the e and e/m values obtained are 
the same as those determined for cathode rays. 


Radioactivity 

The Discovery of Radioactivity. — The discovery, in 1896, of 

the phenomenon of radioactivity and the subsequent determination 
of its nature provided undeniable evidence of the existence of particles 
of matter smaller than atoms. Radioactivity was discovered more 
or less accidentally by the French physicist, Henri Becquerel (1852- 
1908), while he was engaged in experiments with X-rays. He found 
that photographic plates, although wrapped in heavy black paper, 
would become exposed if they were near the element uranium or any 
of its compounds. This startling discovery excited considerable sci- 
entific interest and led to extensive research. By far the most impor- 
tant contributions to our knowledge of the phenomenon resulted from 
the work of Madame Marie Curie (1867-1934), whose name is 
familiar to everyone, and her husband, Pierre Curie (1859-1906). 
Her research in this field led to her sharing in two Nobel prize awards, 
one in physics and one in chemistry. Shortly after the discovery of 
radioactivity by Becquerel, the Curies set about looking for substances 
that would possess the property to a greater extent than did uranium. 
Their search led them to an ore called pitchblende, mined in Bohemia, 



495 


Chap. 26] ELECTRICITY AND THE ATOM 

which seemed to be powerfully radioactive. After carrying out anal- 
yses of several tons of the ore, tiny amounts of three elements were 
isolated. The first one to be found was named polottium^ for Madame 
Curie’s native country, Poland. The other two were called radium 
and actinium. Of the three, only radium exists in quantities suf- 
ficiently large for chemical treatment. Some idea of the care and 
precision with which the Curies worked can be obtained from the 
fact that a ton of the most productive pitchblende yields only some 
two or three grains of radium. With the discovery of elements other 
than uranium that exhibited radioactive properties, the name given 
the radiation was changed from ** uranium rays ” to ” Becquercl 
rays.” Today a number of radioactive materials are known, all of 
them among the heavy elements. 

The Nature of Radioactivity. — It might be desirable at this 
point for the reader to look back at the very brief and overly simplified 
description of radioactivity given in Chapter 9 in connection with 
the discussion of its use in determining the age of the earth. The 
point was made there that atoms of radioactive substances have the 
interesting habit of spontaneously shooting out parts of themselves 
as a result of which they become atoms 
of entirely different elements. The 
rays they emit, that is, those that 
Becquerel found affecting his photo- 
graphic plates, are of three kinds. This 
can be demonstrated by the apparatus 
pictured in Fig, 15 5. A sample of 
radium, or one of its compounds, is 
placed at the bottom of a hole drilled 
in a block of lead. Thus, any radiation 
emitted by the radium must be mov- 
ing vertically upward when it emerges 
from the block. Plates that can be 
charged as shown are located on either 
side of the block. With no charge on 

the plates a photographic film held above the apparatus will exhibit 
only one exposed spot, directly above the hole in the lead. But when 
the plates are given opposite electric charges the beam splits into three 
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Fig. 155. Diagram illustrating 
the effect of an electric field on 
Becquerel rays. 
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parts as shown. Before their nature had been established the rays 
that were deflected toward the negative plate were called alpha rays, 
those that bent toward the positive plate beta rays, and the undeflected 
ones gamma rays. Additional experiments of a quantitative nature 
have established the following facts about the three types of radiation: 


1 . Alpha rays are particles each one of which has a mass about four 
times that of a hydrogen atom. In other words, the atomic 
weight of an alpha particle is 4. It has a net electric charge of 
+2. We shall see later that an alpha particle is identical with an 
atom of helium that has had two electrons removed from it. 
Alpha rays travel at velocities of from about one-hundredth to 
one-tenth that of light, that is, from 2,000 to 20,000 miles per 
second. 


2. Beta rays are electrons, being identical in nature with cathode 
rays and photoelectrons. Emitted from radioactive substances 
they travel very rapidly, reaching in some cases a velocity 99 
per cent that of light. 

3. Gamma rays have the nature of light waves, differing from them 
only in length, the gamma waves being very small. Thus, they 
are not charged particles and so are not affected by electric and 
magnetic fields. They travel with the velocity of light. Specific 
characteristics and practical applications of gamma rays will be 
mentioned in Chapter 3 1 . 


There are several ways of detecting the presence and passage of 
Becquerel rays in addition to the demonstration pictured above. One 
of these, using what is known as a Wilson cloud chamber, makes it 
possible actually to see the paths of the alpha and beta rays. The 
cloud chamber consists of a device in which a small volume of air can 
be supersaturated with water vapor. Under such conditions, the 
vapor will condense, forming fog particles about any dust particles or 
ions that are present in the region. In this case, dust is kept out of the 
chamber to eliminate the first possibility. Now alpha and beta parti- 
cles, as they plow through the air after being emitted from a radio- 
active atom, produce a train of ions, because of collisions with gas 
molecules. Thus, when they dart through the cloud chamber, their 
paths are marked by a fog streak as water vapor condenses on these 
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ions. The photographs in Fig- 116 show such cloud chamber paths 
for alpha and beta rays. The former, being much the heavier of the 
two, are less easily turned aside by collisions and so produce relatively 
straight paths. Beta rays, on the other hand, are frequently deflected. 
The ionization produced by gamma rays is too slight to be observed in 
this fashion. It will be obvious from the properties of the three types 



Fig. 156, (a) Alpha ray tracks from radium as seen in a Wil- 
son cloud chamber; (b) One alpha ray and two beta ray tracks. 

(After C- T. R. Wilson, Proceedings of the Royal Society of 
London, voL 87, p. 292, 1912.) 

of radiation that when an atom emits an alpha particle its atomic 
weight is reduced by four, while the emission of a beta particle has 
essentially no effect on its mass. Similarly the emission of gamma 
radiation does not change the mass of the atom. Emission of alpha 
and beta rays should also affect the charge carried by the emitting 

atom. One of the three known series of radioactive elements, the 
uramum series, is given in Table 23. 

Several points in this table warrant brief mention. The column 
headed " half life ” represents the time required for half of any quan- 
tity of that element to disintegrate. A gram of radium today will 
have become only a half gram 1,690 years from today. By another 
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1,690 years it will be reduced to half of that, or a quarter gram, and 
so on. We have already remarked that man has found no means of 
changing these rates of disintegration, a fact which gives radioactivity 
its value as a basis for estimating the earth’s age. As far as we know 
now, none of the elements lighter than lead shows the phenomenon 

naturally, although a few have been given the property by artihcial 
means for short periods of time. 


Table 23. Uranium Series of Radioactive Elements 


Element 

Atomic Weight 

Kay Emitted 

Half Life 

Uranium 

238 

alpha 

4.6 X 10® years 

Uranium 

234 

beta 

— # 

24.5 days 

Uranium X 2 

234 

beta 

j 

1.14 min. 

Uranium II 

234 

alpha 

3 X 10^ years 

Ionium 

230 

alpha 

8 X 10^ years 

Radium 

226 

alpha 

1690 years 

Radon 

222 

alpha 

3.82 days 

Radium A 

218 

alpha 

3.05 min. 

Radium B 

214 

beta 

26.8 min. 

Radium C 

214 

beta 

19.7 min. 

Radium C' 

214 

alpha 

10-® sec. 

Radium D 

210 

beta 

22 years 

Radium E 

210 

beta 

5 days 

Polonium 

210 

alpha 

140 days 

Lead 

206 

none 

infinite 


Thus, the existence of radioactivity furnishes additional proof 
that atoms can be broken down into simpler substances. It also pro- 
vides still more information about the electron by furnishing another 
source. Finally, it gives us another building block, the alpha particle. 
However, as we shall see when we develop a model or picture of the 
atom, the alpha particle itself can be thought of as composed of 
simpler parts, and so is a kind of intermediate building block rather 
than one of the fundamental ones. 

Other Atomic Building Blocks 

The proton and positron have already been mentioned in con- 
nection with static electricity. At about the same time that the 
positron made its appearance a particle was discovered having essen- 
tially the same mass as the proton but neutral in charge- This was 
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g^ven the name neutron.** It may be thought of as the result to 
be obtained by closely combining an electron and a proton. Several 
other particles have entered upon the atomic scene since 1932 but, 
like the positron, they appear only under special conditions. 

When we come to consider models of various atoms somewhat 
later in this chapter, we shall confine ourselves, for the purposes of 
this book, to electrons, protons and neutrons as building materials. 
The following table summarizes their properties. 

Table 24. Principal Building Blocks of AIatter 

Particle 

Electron 
Proton 
Neutron 

The Nuclear Model of the Atom 

Before we consider the picture of the atom that is usually pre- 
sented today, there are a few general observations that should be made 
on the whole problem of atomic models. 


Atomic Weight Charge 

Essentially 0 — 1 

1 +1 

1 0 








... . 1.1 


Atomic Models in General 

Hie human mind is so constituted that, in general, it prefers 
the concrete to the abstract. In the field of atomic research, for 
sample, most of us are not satisfied to speak of atoms only in terms 
of abstract behavior but feel the need of a concrete model that we 
^ make out of beads and wire, place on the desk, and think of as 
looking like an atom. It should be recognized, however, that an 
atomic model is a representation of something no one has ever seen 
l^d.that it must therefore be constructed on the basis of indirect evi- 
dence, The builder of the model says essentially, *' Here is a group 
of well-established experimental facts that tell me something of how 
^ms behave under certain conditions. How can I put together the 
^#ihle building materials in order to get a working combination 
^at cpuU be expected to behave in the same manner? ” Two facts 
be yecognized about this procedure. First, even if we succeed 
I saodd that can be shown to fit all the evidence, we still 
that it is the only model that could do so. And 






.r 
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second, to be perfect, the model must be in agreement not only with 
all that Is presently known about the atom, but also with everything 
that will be discovered in the future. Consequently, a model that is 
entirely satisfactory at one time may prove to be completely unsatis- 
factory a little later. 

As might be expected, a number of models of the atom have 
been advanced from time to time but have been discarded when new 
evidence was discovered to contradict them. Unfortunately, the dis- 
carding process has often been accompanied by a great deal of bitter 
controversy. There was a time when chemists and physicists were 
almost at each other’s throats over the question of what the atom 
looks like. In fact, they behaved very much like the characters in the 
old fable of the four blind men and the elephant. In that story four 
blind men were describing an elephant. In examining the elephant 
one man happened to get hold of its leg and so described it as tall and 
cylindrical. Another, who had felt its side, pictured it as large and 
flat like the side of a barn. A third having examined its tail and a 
fourth its trunk described it In terms to fit their evidence. Each of 
the four men advanced a model of an elephant that was perfectly 
satisfactory m the light of his own evidence but was contradicted 
by the observations of the other three. And so they quarreled. We, 
of course, think we know how an elephant really looks. At least our 
model is in accord with the data of all four blind men. Like them, 
the physicists had an atomic model that agreed with their evidence 
and the chemists had one that was suggested by their observations, 
but neither model would conform to the other group’s data. Eventu- 
ally both groups recognized that the only fact their disagreement 
proved was that neither model was completely satisfactory and that 
research rather than argument was more likely to produce a model 
in agreement with all the available evidence. 


Basic Assumptions about the Nuclear Model 

In describing at least the more common experimental facts 
known about it, science today thinks of the atom in terms of what 
may be called a nuclear model. This model, which was first advanced 
by the Danish physicist, Niels Bohr (188S- ), pictures the atom 

as resembling in appearance a kind of tiny solar system. Cortespon 
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ing to the sun is a nucleus which, like the sun, contains very nearly 
all the mass of the system. In the nuclear atom the roles of the planets 
are taken by electrons. The nucleus is made up of combinations of 
protons and neutrons. It will be noted that any combination of these 
two particles will have a net positive charge, since the proton has a 
charge of +1 and the neutron is neutral. The number of electrons 
which travel in orbits about the nucleus is just sufficient to cancel this 
net positive nuclear charge — that is, to make the atom as a whole 
uncharged. 

For example, let us consider a hypothetical atom whose nucleus 
contains 4 protons and 6 neutrons. Applying the data in Table 24, 
we see that its atomic weight is 4 + 6, or 10, and that there is a net 
charge of +4 on the nucleus. There arc, accordingly, 4 electrons 
traveling in orbits about the nucleus. Generalizing, we can say that 
for any atom the atomic weight is equal to the total number of protons 
and neutrons in the nucleus, while the number of so-called ” plane- 
tary ” electrons is the same as the number of protons in the nucleus. 
This method of calculation obviously makes all atomic weights whole 
numbers. The reason that atomic weights, as usually determined, are 
not whole numbers will be considered a little later in this chapter. 

Although the analogy between the atom and the solar system 

has been helpful in visualizing the construction of the atom, it is of 

little importance except perhaps as a method of remembering the 

general appearance of the nuclear model. In terms of experimental 

evidence the comparison between the two cannot be carried very far. 

When this atomic model was first suggested too many people were 

influenced by a feeling that the idea of a tiny atom being constructed 

according to the same general plan as the great solar system was too 

beautiful and inspiring not to be true. The magnificent unity of the 

illustration impressed them so greatly that they tended to overlook 

the experimental evidence involved. The place of the solar system 

in the story of the atom must be regarded solely as analogy and not 
as evidence. 


Examples of Specific Atoms 

The composition of six typical atoms, in terms of protons, neu- 
trons, and electrons, is given in Table 25. Referring to it we are now 
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able to attach physical significance to the term "atomic nixraher** 
which was mentioned in Chapter 1 3 in connection with the 
of the periodic table of elements. In terms of the electrical natiue 
of matter, atomic number can be defined either as the net posid^ 
charge on the nucleus, or as the number of planetary electrons in the 
neutral atom. 



Table 2y. Composition of Six Different Atoms 


Element 

Atomic 

Weight 

Atomic 

Number 

Hydrogen 

1 

1 

Helium 

4 

2 

Lithium 

7 

3 

Neon 

20 

10 

Oxygen 

16 

8 

Iron 

56 

26 


Protons in 

Neutrons in 

Planetary 

Nucleus 

Nucleus 

Electrons 

1 

0 

1 

2 

2 

2 

3 

4 

3 

10 

10 

10 

8 

8 

8 

26 

30 

26 


Note that the combination of two protons and two neutrons in 
the nucleus of a helium atom would give it properties exactly like 
those attributed to the alpha particle. The identical nature of the 

two is verified by spectroscopic evidence. 

It may also be pointed out that a proton can be defined as the 

nucleus of a hydrogen atom. 


Isotopes 

In the preceding table it will be noted that all the atomic weights 
are given as whole numbers, a situation that follows naturally from 

the nucleus as composed only of protons and neutrons. 
If the reader will look back at the periodic table as given on page 227 
he will see that this is not the case for most elements. Neon, fw 
instance, is given as having an atomic weight of 20.18, not 20 as in 
Table 25. Now it happens that the usual chemical method of deter- 
mining atomic weight actually gives an average value for all the aam$ 
in the sample investigated. This, of course, can only be consyei^ 
to be the weight of each atom if one assumes aD of them to hf 
In 1912, using a technique that made it possible to sep^tt atoms 

of sUghdy different weights. Sir J. J. Ihomson discovered ^ 

are three kinds of neon atoms. In average neon gas about 90 em 

of the atoms have an atonuc weight of 20 the oi^ 
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are distributed between atoms of weights 21 and 22. When they are 
mixed together in the usual proportions, the average atomic weight 
is 20.18. Atoms which thus belong to the same element but differ 
in atomic weight are called isotopes of that element. Since 1912, 
isotopes have been discovered for almost all of the atoms. Table 26, 
which is a revised version of a portion of the preceding table, gives 
the atomic composition of all the known isotopes of the first four 
elements previously listed. 


Table 26 . List of Isotopes of Four Elements 



Average 

Isotope 






Atomic 

Atomic 

Atomic 

Nuclear 

Nuclear 

Planetary 

Element 

Weight 

Weights 

Number 

Protons 

Neutrons 

Electrons 



1 

1 

1 

0 

1 

Hydrogen 

1.008 

2 

1 

1 

1 

1 



3 

1 

1 

2 

1 

Helium 

4 

4 

2 

2 

2 

2 

Lithium 

6.94 

6 

3 

3 

3 

3 


7 

3 

3 

4 

3 



20 

10 

10 

10 

10 

Neon 

20.18 

21 

10 

10 

11 

10 



22 

10 

10 

12 

10 

It will be recalled that hydrogen 

of atomic 

weight 2 

was men- 


4 - watci, U V.UIIipUUnU 

of H 2 O or D 2 O in which all the hydrogen is of this type. Hydrogen 

of atomic weight 3 does not occur naturally but can be made arti- 
ficially. 

The reason that atoms of diflFerent atomic weights are still said 
to be of the same element is that the chemical properties of an atom 
seem to be determined by its planetary electrons, and all isotopes of 
a given element have the same atomic number. 


Atomic Energy ’ 

We have already stated that under certain conditions energy 
may be converted into matter and matter into energy. We will now 

for I**® '"u"';?' action was condensed from Atomic Enercv 

refd as mU of it as possfble™'""”'^ reference and 
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consider briefly the background, mechanism and certain implications 
of such transformations. 

About 1905, Albert Einstein concluded from purely theoretical 
considerations that mass and energy are related by the equation 

E = 

which says that if a mass, m, is converted into energy, £, the amount 
of energy which results equals the mass multiplied by the square of 
c, the speed of light. Since the speed of light is very great (186,000 
miles per second, or 3 X 10^® centimeters per second), this relation 
indicates that a very small mass is equivalent to a very large amount 
of energy. One numerical example of this transformation was given 
in the last paragraph of Chapter 2. Another is that the total con- 
version into energy of one kilogram (2.2 pounds) of matter would 
produce 25 billion kilowatt hours of energy, an amount equal to 
approximately one-sixth the production of the entire United States 
electrical industry in 1939. In comparison, burning a kilogram of 
coal in the ordinary way produces only eight or nine kilowatt hours 
of heat energy. 

Although for many years the basis for this mass-energy equiv- 
alence remained purely theoretical, the awe-inspiring size of the con- 
version figure opened an attractive field for speculation. Everyone 
has seen numerous Sunday-supplement stories on how many trans- 
oceanic voyages a given ship, usually the current queen of the seas, 
could make on the energy contained in a teaspoon or so of water. 
Experimental confirmation of this potential conversion came out of 
the long series of so-called ” atom-smashing ’ experiments which be- 
gan as research in pure science long before anyone had contemplated 
construction of atomic bombs. If atomic nuclei are composed of 
protons and neutrons, then it should be possible to break up such 
nuclei into their constituent parts. In other words atom smashing 
means producing artificially somewhat the same kind of transforma- 
tion that occurs spontaneously when a radioactive element disinte 

grates. 

The technique of disrupting atomic nuclei consists essentially m 
using protons, neutrons, or alpha particles as projectiles widi which 
to bombard atoms of various kinds. Atom-smashing machines such 
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as the cyclotron and the Van de Graaff electrostatic generator, de- 
scribed in Chapter 24, are primarily devices for giving these tiny 
" bullets ” enough speed to enable them to disrupt the nuclei with 
which they collide. The first successful atom-smashing experiment 
was performed in 1919 by Lord Rutherford when he bombarded 
nitrogen atoms {atomic weighty 14) with alpha particles {atomic 
weighty 4) and produced atoms of oxygen {atomic weight, 17) and 
protons {atomic weight, 1), In other words, a few atoms of nitro- 
gen were changed into atoms of one of the isotopes of oxygen, thereby 
achieving for the first time an artificial transmutation of one element 
into another. 

The Rutherford experiment was the first of a large number of 
such atomic disruptions which preceded one in 1932 that provided 
quantitative evidence for the equivalence of mass and energy. 

It is a general principle of physics that if a system of any kind 
is stable, work must be done to break it up. Applied to the present 
discussion, this means that if an atomic nucleus consists of a stable 
assembly of neutrons and protons, energy will be required to decom- 
pose it into its separate constituents. Or, if we assume mass and 
energy to be equivalent, we may say that the total mass of a nucleus 
should be less than the sum of the masses of the individual protons 
and neutrons which compose it by an amount equivalent to the 
energy required to hold them together in the nuclear formation. 
This energy is known as the " binding energy ” of the particular 
nucleus. In the case of a helium nucleus (alpha particle), for exam- 
ple, the sum of the masses of the two protons and two neutrons of 
which it is composed is 4.033 on the atomic weight scale. The mass 
of the helium nucleus, however, is 4.003 which differs from the first 
figure by .03 mass units. This difference is the binding energy of 
the helium nucleus and represents, of course, an extremely small mass. 
If, however, we continue to assume that mass and energy are equiv- 
alent and apply the Einstein equation we find after multiplying the 
mass by c- that the energy required to break up the nuclei of all the 

helium atoms in a gram of helium would be about 190,000 kilowatt 
hours. 

In the preceding paragraph, in order to define and illustrate 
binding energy, we assumed the relation £ = wf- to be correct. Now 



506 


MAN AND ENERGY 


[Chap. 26 


we will look briefly at the experiment which first produced actual 
evidence of this fact. In 1932, experimenters working in Ruther- 
ford’s laboratory bombarded lithium with high-speed protons (hy- 
drogen nuclei) and found that alpha particles were emitted by the 
target. The nuclear reaction which occurred can be written, 


sLi' -f ip^ ,2^ -t- 2*^, 

where the superscripts are atomic weights and the subscripts atomic 
numbers. Careful measurements were made of the mass and of the 
kinetic (motion) energy both of the target and projectile (lithium 
and proton, respectively) and of the alpha particles which resulted 
from the reaction. These showed that a certain amount of mass had 
apparently disappeared during the reaction while a certain amount of 
energy seemed to have been produced. It was assumed that if the 
Einstein equation were correct, multiplying the lost mass by c~ should 
give the energy. When this was done the agreement proved to be 
quite good enough to demonstrate the correctness of the E = mc- 
relation. The rate of energy released in this reaction is such that, 
other factors remaining equal, the combination in this manner of 
seven grams of lithium with one gram of hydrogen might be expected 
to produce a half-million kilowatt hours of energy. Again, compare 
this with the figure given above for heat energy released by burning 
a kilogram of coal, or with the rate of consumption of electrical 
energy in your home as indicated on last month s bill. 

In view of the results of the 1932 lithium experiment the reader 
may wonder why the more prosaic sources of energy, such as coal and 
petroleum, were not quickly superseded by atomic power plants. 
Briefly, the answer is that prior to the vast research program that led 
to the atomic bomb all nuclear disruption experiments had been per- 
formed with extremely small quantities of material fractions of a 
microgram — and in every case the energy required to produce the 
reaction was much greater than the energy obtained from it. A more 
complete answer necessitates defining " chain ” or " self-propagating 
reactions. Ordinary combustion is an example of such a reaction: 
To burn a pile of shavings we can light a single shaving with a match 
and the heat released by its combustion is sufficient to ignite neighbor- 
ing ones which in turn release enough heat to ignite others, and so on. 
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(The reader will recognize the preceding sentence as a restatement in 
slightly different form of one of the facts of combustion discussed at 
the beginning of Chapter 16 on "Fuels.”) In releasing energy by 
the lithium-proton reaction, however, new proton " bullets ” have to 
be provided from an external source to disrupt each new lithium atom. 
A situation roughly analogous to this would exist if, in burning shav- 
ings, each shaving had to be lighted with a separate match; or, to 
state it another way, if the alpha particles produced by the disruption 
of a lithium atom had sufficient speed to enable them to disrupt other 
lithium atoms, producing more alpha particles which could in turn 
disrupt still more lithium atoms, this reaction would be of the chain 
variety. In the lithium experiments the alpha particles did not have 
sufficient energy but it was clear that a reaction of the chain type had 
to be obtained before any sort of large-scale application could be made 
of the energy of nuclear disruption. 

Eventual achievement of this goal grew out of work on the bom- 
bardment of uranium (the most complex of the elements) with neu- 
trons. This reaction was first studied in 1934 and for several years 
the results proved very difficult to interpret. During the late 1930’s, 
however, a great deal of research on uranium bombardment was car- 
ried on and by 1940 the following facts, among others, had been 
established and were generally known both in this country and 
abroad: 

1. That uranium atoms (atomic weight, 238: atomic number, 92), 
when bombarded with neutrons, sometimes split into approxi- 
mately equal fragments which are isotopes of elements in the 
middle portion of the periodic table. This splitting process is 
now known as uranium fission, 

2. That slow neutrons produce fission in the uranium isotope of 
atomic weight 23 5 (U-23 5) but not in the isotope of atomic 
weight 238 (U-238), while fast neutrons are less likely to cause 
fission in U-235 than are slow neutrons. 

3. That the energy released during fission of a uranium nucleus is 
very high. 

4. That high-speed neutrons are emitted in the process of fission 

of the uranium nucleus at an average rate of from one to three 
neutrons per fission. 
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Thus, in 1940, everything was ready for a serious attack on the 
problem of producing atomic energy in quantity, either for controlled 
atomic power or for an atomic bomb. Mass and energy had been 
shown to be equivalent and it had been proved that neutrons which 
caused uranium fission reproduced themselves in the process so that 
a multiplying chain reaction of the kind described above might be 
possible. No one yet knew, of course, whether conditions necessary 
to achieve this goal could be met, but scientists all over the world 
did have, by this time, a reasonably clear idea of the problems in- 
volved. 

The principle of operation of an atomic power plant or bomb 
utilizing uranium fission is implied in the above discussion. One 
neutron causes a uranium fission that both releases a large amount of 
energy and causes the emission of more than one additional neutron. 
Now if these new neutrons are able to produce fission in other uranium 
atoms, thereby releasing more energy and emitting still more neutrons 
which in turn do the same, and so on, the desired chain reaction is 
set up. There are, however, several possible courses which the fission- 
produced neutrons may follow, only one of which results in produc- 
ing further fissions. Consequently, whether a chain reaction does 
or does not occur depends on what percentage of the emitted neutrons 
follow this one particular course. If the loss of neutrons by the other 
processes is less than the surplus produced by those following the 
fission course the chain reaction takes place; otherwise it does not. 

In March, 1939, the possible military importance of uranium 
fission was first called to the attention of the U. S. Government. By 
that time it could be shown that if all the atoms in a kilogram of 
U-23 5 were to undergo fission, the energy released would be equiva- 
lent to that set free by the explosion of some 20,000 tons of TNT. 
It was not then known what percentage of atoms in a uranium bomb 
might be expected to divide if a chain reaction could be maintained 
but it was clear that if even one per cent of the theoretically available 
energy in the bomb of nominal size — say, 200 pounds or less — were 
to be released explosively, the resulting effect would be of a totally dif- 
ferent order of magnitude from that produced by any other known 
type of bomb. The first government committee on uranium was set 
UD in the fall of 1939. In June, 1940, it was reconstituted under the 
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National Defense Research Committee (NDRC) and serious investi- 
gation was begun on the possibilities of developing an atomic bomb. 
By the latter part of 1941 the chances of obtaining such bombs for 
use in World War II seemed great enough to justify an " all-out ” 
effort and a uranium program was set up outside NDRC under the 
direct administration of the Office of Scientific Research and Develop- 
ment. 

Space does not permit discussing hare the details of the vast 
atomic research program which by late summer, 1945, produced the 
war’s most potent and spectacular weapon. It is suggested, however, 
that the reader look these up in the Smyth report, cited previously." 
We can, however, mention briefly some of the problems that had to 
be solved. The fundamental one, as indicated above, was to dem- 
onstrate that a self-propagating chain reaction could actually be 
achieved. This was done first in December, 1942, with normal ura- 
nium. The relative probabilities of fission for different isotopes of 
uranium made U-23 5 preferable to U-238, which meant that tech- 
niques had to be developed for separating the two on a comparatively 
large scale. Since neutron speeds proved to be critical in the achieve- 
ment of fission, methods of controlling these speeds had to be worked 
out. Various procedures were tested for increasing the possibilities 
that the fission-produced neutrons would produce further fissions. 
Indications that plutonium {atomic iitimbcTy 94; atomic weight, 239) 
might be as valuable as pure U-23 5 for the production of a chain 
reaction led to extensive studies of means of preparing this element 
for the purpose. Many technical problems of this sort confronted 
the scientists engaged in the Manhattan District atomic research pro- 
gram, That they were solved with a considerable degree of success is 

evidenced by the bombings of Hiroshima and Nagasaki in August, 
1945. 

Some mention should also be made of the peacetime possibilities 

of atomic energy. In this connection it is appropriate to quote the 

following from the Smyth report to which reference has already been 
made: 

" As to the future, one may guess that technical developments 
will take place along two lines. From the military point of view it 

- See footnote, p. 503 . 
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IS reasonably certain that there will be improvements both in the 
processes of producing fissionable material and in its use. It is con- 
ceivable that totally different methods may be discovered for convert- 
ing matter into energy since it is to be remembered that the energy 
released in uranium fission corresponds to the utilization of only about 
one-tenth of one percent of its mass. 

" The possible uses of nuclear energy are not all destructive, 
however, and the second direction in which technical development 
can be expected is along the paths of peace. In the fall of 1944 Gen- 
eral Groves appointed a committee to look into these possibilities as 
well as those of military significance. This committee received a 
multitude of suggestions from men on the various projects, principally 
along the lines of the use of nuclear energy for power and the use 
of radioactive by-products for scientific, medical, and industrial pur- 
poses. While there was general agreement that a great industry might 
eventually arise, comparable, perhaps, with the electronics industry, 
there was disagreement as to how rapidly such an industry would 
grow; the consensus was that the growth would be slow over a period 
of many years. At least there is no immediate prospect of running 
cars with nuclear power or lighting houses with radioactive lamps 
although there is a good probability that nuclear power for special 
purposes could be developed within ten years and that plentiful sup- 
plies of radioactive materials can have a profound effect on scientific 
research and perhaps on the treatment of certain diseases in a similar 

Questions 

Discussion 

1. Determine the elements for which the following atoms are isotopes 
and calculate the number of protons, neutrons, and electrons in each one: 

a. Atomic weight of 96; atomic number of 42. 

b. Atomic weight of 202; atomic number of 80. 

c. Atomic weight of 226; atomic number of 88. 

2. Look up some accomplishments, other than the ones mentioned in 

this chapter, of the following people: 

a. Robert A. Millikan d. Hebrich Geissler 

b. Madame Curie. Sir William Crookes 

c. Sir J. J. Thomson /• Lord Rutherford 

}. Describe the particular experiment with a Crookes tube which mdi- 
cated that the radiation has a particle rather than a light-like nature. 




chap. 26 ] ELECTRICITY AND THE ATOM 511 

4. Name all the phenomena mentioned in this chapter which can be 
called sources of electrons. 

5. List all of the following that you could determine, knowing only the 
number of protons in the nucleus of an atom, and describe how you would 
go about doing it. 

a. Atomic weight. ^/. Number of neutrons in nucleus. 

A Atomic number. e. Number of planetary electrons. 

f. Number of isotopes. 

6. What basic assumption of John Dalton’s atomic theory is definitely 
contradicted by the phenomenon of radioactivity? 

7. Is there any portion of the periodic table for which atomic numbers 
do not increase as atomic weights increase? 

8. Explain how Thomson’s experiment proved the cathode particles to 
be all alike when what he did was to measure an average ejun* 

9. Look up in other books something of the work of Madame Curie’s 
daughter, Irene Curie Joliot, and mention some bearing it has on the prob- 
lems discussed in this chapter. 

10. Look up some examples of transmutation other than the two given 
in this chapter. 

11. What properties of the nuclear-type atom would cause it to behave 
like a tiny magnet and so be a possible answer to the problem raised in the 
second paragraph of page 440? 

12. Define a chain reaction and explain its relation to the practical utiliza- 
tion of atomic energy. 

13. Describe the precautions taken during the atomic bomb development 

program to protect workers agamst radiation effects. (See footnote reference 
on page 503.) 

14. Look up and read a description of the test at Los Alamos, N, M,, 

of the first atomic bomb; also of the tests conducted at Bikini atoll in the 
summer of 1946. 

Multiple Choice 

1. A combination of two alpha particles, four electrons, three beta par- 
ticles, two protons, and a neutron would as a whole (a) be neutral, (b) have 
a negative charge of less than 3, (c) have a negative charge greater than 3, 

(d) have a positive charge of less than 3, (e) have a positive charge greater 
than 3. 

t following is out of place? (a) Cathode rays, 

(b) Beta rays, (c) Photoelectrons, (d) Alpha rays, (e) Planetary electrons. 

3. List all of the following that were true at the time Sir J. J. Thomson 
began his experiments on cathode rays, (a) Cathode rays had been shown 
to consist of negatively charged particles, (b) The particles in cathode rays 
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were known to be all alike, (c) The ratio ejm had been measured, (d) 
Bohr had advanced the nuclear model of the atom, (e) The effect of pressure 
on the discharge of electricity through gases had been investigated. 

4. An atom of an element that has an atomic weight of 19 and an 
atomic number of 9 would have (one or more) (a) 10 planetary electrons, 
(b) a total of 19 protons and neutrons in its nucleus, (c) the same number 
of electrons in orbits as there are neutrons in the nucleus, (d) a net positive 
charge of 9 on its nuclei, (e) 10 neutrons in its nucleus. 

5. Of the three types of radiation emitted by radioactive substances, 
(a) all are charged particles, (b) none are charged particles, (c) two are 
deflected by magnetic and electric fields, (d) all are heavier than hydrogen 
atoms, (e) two are identical with electrons. 


True-False 

1. The atomic weight of the combination described in the first multiple 
choice item would be less than that of a neutral oxygen atom. 

2. All members of the uranium radioactive series may be said to be 
isotopes of each other. 

3. The emission of an alpha particle by a radioactive substance should 
change its atomic number by two units. 

4. After an atom of uranium has emitted 5 alpha particles and 2 beta 
particles the remainder should have an atomic weight of 216. 

5. The electrons which Thomson used m his first ejm experiment were 

cathode rays. 

6. At no time in Millikan’s experiment did the oil drop acquire or lose 
more than one electron at a time. 

7. The charge of the electron was first calculated by substituting an 
experimental value for the mass w in the value of e/m as determined by 

Thomson. 

8. An atom whose nucleus contained 6 protons and 6 neutrons could 
not possibly be an isotope of one that contained 7 protons and 6 neutrons. 

9. In the experiment on the bombardment of lithium with protons, as 
described here, the alpha particles produced during the reaction were able to 
disrupt other lithium atoms. 

10. The principal products of uranium fission are two other isotopes of 
uranitim. 
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ELECTRONICS 


The name " electronics ” derives from the word electrons, the nature 
and significance of which have been discussed at some length in 
Chapters 24, 25 and 26. In the course of these discussions it was 
pointed out that the electron is the basic unit of negative electricity 
and that all electric currents consist of electrons in motion. The 
fields of electricity and electronics might therefore be expected to be 
closely related. It is true that there is no sharp dividing line between 
them. The fundamentals of electricity are the fundamentals of elec- 
tronics, and both are branches of physics. By usage, however, the 
term electronics has come to be limited more or less to those electrical 
phenomena which involve the transfer of electrons — that is, the 
transmission of electricity — through gases or through a vacuum such 
as occurs in the photoelectric cell or radio tube. For example, a radio 
circuit is called an electronic circuit while a simple battery-operated 
doorbell circuit is not so designated. 

In this chapter it shall be our purpose first to consider the princi- 
ples of operation and the outstanding features of the several types of 
vacuum tubes. Then we will discuss briefly some of the applications 
of electronics, including two that were of prime importance in World 
War II. The scope and intent of this book are not such as to warrant 
detailed consideration of particular electronic circuits; discussion of 
these may be found in any basic textbook in the field. Several such 
references are given in the reading list in the back of this book. 

Vacuum Tubes 

Fundamental to the operation of all vacuum tubes is an electrical 
phenomenon known as the Edison Effect which consists of the emis- 
sion of electrons from hot wires. When a filament — for example. 
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the one found in an ordinary incandescent bulb — is heated by an 
electric current flowing through it there is a tendency for electrons 
to be emitted from, or " boil off,” the wire. In general, the rate at 
which this occurs increases as the temperature of the wire increases. 
This effect is utilized by inserting in the tube one or more other wires, 
or electrodes, to which the emitted electrons may be attracted under 
certain conditions. When this occurs a current is flowing through 
or across a vacuum. Vacuum tubes are named from the number of 
electric terminals or electrodes they contain. A two-electrode tube 
is a diode; one containmg three electrodes is a triode; while those with 
four and five electrodes are tetrodes and pentodes respectively. These 
types will be discussed in order. 
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The Diode 


The principal parts of a two-electrode tube, or diode, are shown 
in Fig. 157. The component labeled F is a filament, the ends of 
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Fig. 157. Schematic 
diagram of the parts of 
a two-electrode vac- 
uum tube. 


which are connected to a battery; the filament 
and battery together make up the filament cir- 
cuit. When the tube is in operation the fila- 
ment is the negative electrode or cathode. The 
rectangular metal plate P is the other electrode. 
When the filament is heated by the battery, 
electrons tend to be emitted as already de- 
scribed. If the plate is attached to the positive 
side of the battery, as shown here, it carries a 
positive charge and attracts the emitted elec- 
trons to it. Thus there is a second circuit in 
operation, one in which electrons flow from the 
filament across the gap to the plate and from 
the plate through the wires back to the fila- 
ment again. This is called the plate circuit and 
includes, it should be noted, a section in which 
electrons flow across a vacuum without benefit 
of copper wires, mercury pools, or any other of 


the common metallic electrical conductors. 

On the other hand, let us suppose the plate is connected to the 

negative side of the battery and is therefore charged negatively. Smee 
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its charge is now the same as that on the emitted electrons, they are 
repelled and cannot cross the gap from filament to plate. In other 
words, If the plate is positive a current flows in the plate circuit; if it 
is negative no current flows. Thus the tube acts as a kind of electron 
valve, letting electrons through only when the plate is charged posi- 
tively. In England the device is called a valve rather than a tube. 

The simplest form of cathode is the one shown In the figure in 
which the filament itself serves as the source of electrons. Among 
commercial tubes a common variation of this type is an indirectly- 
heated cathode in which the actual cathode is a cylindrical metal sleeve 
surrounding the filament or heater wire. The filament is heated by 
the current it carries and in turn heats the metal sleeve which emits 
electrons. The cathode may be of nickel coated with a mixture of 
barium and strontium oxides which greatly increases emission of elec- 
trons at a given temperature. In commercial tubes the plate also 
differs in form from the simple rectangle shown in the figure. It is 
usually a cylinder or flattened cylinder that surrounds the cathode 
so that electrons can move directly to it in any lateral direction from 
the cathode. 

Perhaps the most important use of the diode is as a device to 
rectify alternating currents, that is, to transform alternating currents 
into direct currents. If an alternating voltage source is connected 
into the plate circuit of a diode the charge on the plate will alternate 
between positive and negative. However, current can flow in the 
plate circuit only during the periods when the plate is positive; dur- 
ing the intervening negative-plate intervals no current flows. Thus, 
an alternating current is put into the diode but the current that 
comes out flows always in the same direction and flows only half of 
the time. Since it does flow only half the time this kind of diode 
operation is called half-wave rectification. By using at the same time 
a second diode connected in opposite fashion to the first, the gaps 
can be filled in with current still flowing in the same direction. In 
this way so-called " full-wave ” rectification is obtained. 


The Triode 

In the three-electrode tube, or triode, a third element called the 
grid IS inserted between the plate and the cathode, as shown in part 
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(a) of Fig. 15 8. The grid, which extends the full length of the 
cathode, usually consists of a mesh of fine wires. Part (b) of Fig. 



Fig. 15 8. Schematic (a) and con- 
ventional (b) diagrams of the parts 
in a three-clectrodc vacuum tube. 


158 shows the conventional repre- 
sentation of the triodc as employed 
in elcctrical-circuit diagrams. If 
the triode is put into operation in 
exactly the same manner as de- 
scribed above for the duxle, and 
with the grid unconnected, a nor- 
mal current flows in the plate cir- 
cuit — that is, electrons move from 
the filament through the holes in 
the grid to the plate. 

The function of the grid is to 
control this plate current. If a 
small negative charge is placed on 


the grid it will repel a few of the electrons and prevent their 


ever 


reaching the plate, thereby reducing slightly the plate current; a 


larger negative charge will cause more electrons to be repelled and 



Fig. 159 . a simple radio receiving circuit. 


reduce the plate current further. In other words, any sequence of 
variations in the magnitude of the charge on the grid proouces a 
similar sequence of variations in the plate current. The enormous 
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importance of the triode lies in the fact that very small variations in 
the grid charge produce very large variations in the plate current. To 
illustrate this point, let us see its application in the simple battery 
radio receiving set shown in Fig. 159. As the electromagnetic waves 
sent out by the broadcasting station cut the aerial, they induce a 
pulsating current in it and in the wire which runs from it through 
the primary of the transformer to the ground. This varying current 
in the primary induces variations of similar frequency in the secondary 
of the transformer. Since the secondary of the transformer is con- 
nected to the grid of the vacuum tube the charge on the grid pulsates. 
This variation of the grid charge produces variations of the same 
frequency but of greatly increased magnitude in the plate current, 
as described above. The loudspeaker is placed in the plate circuit. 
Thus this grid, called the control grid, has the effect of greatly ampli- 
fying the magnitude of the incoming signals while faithfully repro- 
ducing their frequencies. If still greater amplification is desired the 
plate current of the first tube can be connected through a transformer 
to the control grid of a second tube. 


Tetrodes and Pentodes 


In the tetrode the fourth electrode is another wire mesh inserted 
between the control grid and plate and called the screen grid. Its 
function is to minimi 2 e certain so-called " coupling ” effects between 
the cathode, control grid, and plate which limit the range of opera- 
tion of the triode and may cause it to oscillate or " sing.” The new 
grid is given a positive charge with respect to the cathode so that 
it attracts and therefore speeds up the electrons traveling from the 
cathode toward the plate. Since the spaces between the wires in 
the screen grid are large, almost all of these electrons sift through 
and reach the plate. Addition of this fourth electrode increases the 
maximum undistorted amplification that can be obtained at com- 


paratively high freq 


uencies. 


Although it solves one problem the screen grid introduces an- 
other. As a result of its accelerating action, an increased number of 
electrons strike the plate with sufficient force to dislodge other elec- 
trons. When this happens in the diode or triode all of these evicted 
electrons find their way back to the plate because it is the only posi- 
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tively-charged element in the tube. In the tetrode, however, the 
screen grid is also positively charged and, in addition, is located very 
close to the plate. Consequently, many of the electrons that are 
knocked loose from the plate go to the screen grid. Clearly any 
transfer of electrons in this direction constitutes a decrease in the 
current through the tube. To solve this difficulty another grid, the 
fifth electrode, is placed between the screen grid and the plate. Since 
it is connected to the cathode and so carries the same kind of charge, 
its effect is to repel back to the plate the slow-moving electrons that 
were dislodged from it while at the same time not seriously interfering 
with the regular electron flow from cathode to plate. Since it sup- 
presses the undesired transfer of electrons from plate to screen grid, 
it is called the suppressor grid. The pentode is the tube used in the 
greatest quantity in radio sets. Still larger undistorted outputs can 
be obtained with it than with the tetrode. 

Tubes containing more than five electrodes are made for various 
special applications but these will suffice for our discussion here. 


Photoelectric Cells 

The photoelectric cell or phototube is an electronic device, since 
its operation Involves the transfer of electrons through a vacuum. 
Since the photoelectric effect as a source of electric current was ex- 
plained and discussed briefly in Chapter 25, that part of the story 
need not be repeated here. The photoelectric cell is essentially a two- 
electrode tube in which the cathode is usually a semicylindrical sheet 
of light-sensitive metal and the anode is a straight wire placed along 
the axis of the cathode. A voltage is applied across the two electrodes 
but no current flows until light falls on the cathode. When this 
occurs electrons are emitted which travel to the anode because of the 
applied voltage. In this way the device acts as a switch which can 
be turned on by shining light on the cathode. Increasing the bright- 
ness of the light increases the number of electrons that are emitted but 
has no effect on their velocities. Velocity of electron emission is 
affected only by the color, or frequency, of the light, since the velocity 
is greater the nearer the light is to the ultra-violet end of the spectrum. 
The group of light-sensitive metals includes rubidium, lithium, potas- 
sium, sodium, and caesium. Phototubes are used in setting off burglar 
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alarms, opening doors, counting, sorting and grading various objects, 
detecting pin holes in metal, actuating safety devices, in the operation 
of sound motion pictures, and for other purposes. They can be de- 
signed to be sensitive to either visible or invisible light. 


Electronic Applications 

Several applications of electronics were mentioned in the fore- 
going discussion of vacuum tubes and photoelectric cells. The elec- 
tronic devices in use today are so numerous that anything like a com- 
plete consideration of them would take us far beyond the space avail- 
able here. The remainder of this chapter will accordingly be devoted 
to (a) a general statement of some of the kinds of tasks for which 
electronic equipment is used and (b) brief accounts of two specific 
military applications, radar and the proximity fuze. Officials of the 
War and Navy Departments have ranked these as two of the three 
most important scientific contributions to winning World War II. 
The other one is, of course, the atomic bomb. 


General Uses 

In the field of radio communication the vacuum tube is naturally 
all-important since it can be said to have made this modern develop- 
ment possible. Certain tubes are employed to generate the frequencies 
used in broadcasting, while others, as described above, serve to detect 
the waves and then to amplify them. 

So-called ultra-high frequencies are able to generate large 
amounts of heat in nonconducting materials. Vacuum tubes capable 
of producing such frequencies have been used with success in the 
treatment of human ills and for industrial heating. In these thera- 
peutic applications the patient is placed in such a way that heat can be 
induced within the desired part of the body instead of having to be 
conducted in as in cases where heat is applied externally. In industry, 
electronically-induced heat has reduced to seconds the time required 
to dry painted metallic surfaces and to surface-harden gears, crank- 
shafts, and other machine parts. 

One type of tube is used to supply high, direct-current voltages 
(40,000 to 150,000 volts) where current requirements are low. An 
example of this application is the removal of dust or smoke particles 
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from the air by attraction to highly-charged plates as in the " Cottrell 
Precipitation ” described in Chapter 1 8. Another type of rectifier 
tube generates, at lower voltages, larger direct currents (20 amperes 
or less), such as are employed in commercial battery chargers and in 
the industrial electromagnets used in separating iron and steel scrap 
from nonmagnetic materials. Still another rectifier tube (gas-filled 
with mercury-pool cathode) can be used instead of a dynamo to 
generate comparatively large direct currents. This tube has certain 
advantages: it possesses no rotating parts, requires no concrete founda- 
tion, and is replaceable within a few minutes. 

Additional applications of vacuum tubes include their use in 
voltage regulation where approximately-constant voltage is required 
for varying currents; in the operation of direct-current motors from 
alternating-current lines; in the generation of high voltages from 
low-voltage sources, and for many more specialized functions. 

A number of applications of phototubes have already been listed 
in connection with the discussion of that device. 


Radar 

In any military operation, whether offensive or defensive, knowl- 
edge of the enemy’s position is obviously of paramount importance. 
In the words of the ancient baseball axiom descriptive of the value 
of the fast ball, " You can’t hit them if you can’t see them.” When 
applied to any enemy unit — a ship or plane, for example — " see- 
ing ” it means determining its bearing ( direction ) and its range 
(distance). Radar, a term coined from the words “ Radio Detection 
and Ranging,” has enormously increased our ability to locate such 
enemy units, as well as other objects, because (a) it can see farther 
than the eye even when visibility is good, and (b) the high-frequency 
radio waves employed in radar are relatively unaffected by darkness, 

rain, fog, or smoke. 

Searchlight Analogy. — As a kind of first approximation to de- 
scribing the way in which radar works we may draw a rough analogy 
between the detection of an enemy plane by radar and the location 
of light-reflecting objects by means of a searchlight. Suppose that 
a number of objects capable of reflecting 'ight coming from any 
direction — spherical mirrors, for example — are scattered about a 
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field and that, at night, you wish to learn their various locations. It 
will be clear that if you set up a rotating searchlight at your position 
in the field, each mirror in turn will indicate its location by reflecting 
a flash of light as the rotating searchlight beam passes over it. In 
somewhat similar fashion the type of radar used to search for planes 
or ships utilizes a rotating antenna which sends out radio signals; the 
process of sweeping the horizon with this radio beam is called scan- 
ning, As in the case of the mirror, a plane or any ocher object capable 
of reflecting radio waves sends back a ” flash ” of radio energy as the 
transmitting beam passes over it and so betrays its position. This 
indicates in a very general way how radar is used to locate objects. 
Now let us consider the procedure in somewhat greater detail. 

Nature of Radar Waves. — Here we must anticipate to some 
extent material covered in Chapter 31.^ Radio waves as a whole are 
a portion of a great spread of waves of different wave lengths known 
as the electromagnetic spectrum. This spectrum includes, in order 
of decreasing wave length, radio waves, infra-red rays, visible light, 
ultra-violet light, X-rays, and gamma rays. If we think of visible 
light as occupying a position in this spectrum analogous to middle C 
on the piano keyboard, then gamma rays correspond to tones some 
10 or 15 octaves above the highest notes on the piano while the 
regular broadcast-band of radio waves is analogous to tones more 
than 20 octaves below the lowest notes on the keyboard. The waves 
used in radar are longer than infra-red rays but fall toward the short 
end of the spread of radio waves. All radio waves, as well as the 
other types of electromagnetic radiation mentioned above, travel at 
the speed of light, which is 186,000 miles a second. Long and short 
radio waves differ, however, in the extent to which they are reflected 
by solid objects. It is characteristic of the ordinary commercial 
broadcasting band that the waves travel through trees, buildings, and 
similar obstructions; if this were not so a portable radio with self- 
contained aerial would not operate indoors. The very short waves 
used in radar, on the other hand, are reflected by solid objects — a 
fact which appeared to early experimenters with these waves to be 
a great disadvantage. The first application of the detection technique 
which characterizes modern radar came in 1925 when scientists at the 


TKe reader may find it desirable at this point to read the first nine pages of Chapter 31 . 



522 


MAN AND ENERGY [Chap. 27 

Carnegie Institution in Washington used it to measure the distance 
from the earth to the ionosphere, the uppermost of the atmospheric 
layers described in Chapter 7. The birth of radar took place when 
It occurred almost simultaneously to scientists in the United States, 
Great Britain, France, Germany, and perhaps Japan, that the same 
technique might be applied to the detection of such objects as ships 
and airplanes. We may note in passing that the phenomenon of an 
important scientific discovery being made almost simultaneously by 
several experimenters working independently in different parts of 
the world has occurred a number of times. Another example dis- 
cussed in this book was the technique of separating aluminum from 
its ore, discovered and patented almost at the same time in France and 
the United States by two young men neither of whom knew of the 
other’s work. It would seem to demonstrate the futility of hoping 
to keep any major scientific development a secret for any appreciable 
length of time. 

Operation of Radar, — The searchlight analogy given earlier 
illustrates in a general way the functioning of radar, but is misleading 
in one important respect. The radar transmitter emits energy in 
pulses or bursts “ which are intense but of extremely short duration 
rather than continuously, as in the case of the searchlight. Emission 
of each pulse is followed by a longer period — a few thousandths of a 
second — during which the transmitter rests while the radar receiver 
is turned on ready to receive any echoes that may be returned by 
enemy planes or other reflecting targets. It is this pulse type of opera- 
tion that makes it possible to determine the range of the target. 
Suppose, for example, an echo is received one ten-thousandth of a 
second after emission of the pulse. Since the waves travel with the 
speed of light, the distance traversed by the energy in going out to 
the target and back is one ten- thousandth of 186,000 miles or 18.6 
miles. If it is 18.6 miles from the radar to the target and back again, 
then the target must be half that distance, or 9.3 miles away. We 
have used in this example a target at a range much longer than those 
frequently encountered in practice. For example, for a target only 
a thousand yards away the echo reaches the radar receiver six mil- 

“ Actually there is also continuous-wave radar which has special applications not covered 
in this chaoter. 
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lionths of a second after the pulse was emitted. Clearly the accuracy 
of the range measurement depends on the accuracy with which ex- 
tremely small intervals of time can be measured. Today we have 
learned to determine the position of targets like this within five or 
ten yards, which means measuring time to an accuracy of about one- 
thirtieth of a millionth of a second. 

Determination of the direction in which the target lies is accom- 
plished in a manner similar to that employed with the searchlight 
and mirror. The radar antenna 
must be highly directional; that 
is, it must send out its pulses in 
a narrow beam like a searchlight 
rather than in all directions as in 
ardinary transmission. In other 
words, the radar must " nar- 
row-cast ” instead of broadcast, 
rhen the direction in which the 

mtenna points when it sends out Fig. 160. Dish-type radar antenna 
;he pulse that is returned as an being sighted on Cologne cathedral. 
;cho is the bearing or direction (Radiation Laboratory, Massachusetts 
>f the target. One type of radar of Technology. ) 

mtenna is shown in Fig. 160. This particular radar installation was 
ocated near Cologne, Germany, when this picture was taken. 

Thus, by so-called pulse-ranging, both the range and the bearing 
)f the target have been determined. There remains to be described 
he manner in which this information is conveyed to the operator. 
V loudspeaker in the radar receiver circuit that would emit a short 
mrst of sound, or " beep,” whenever an echo was received might 
>ermit reasonably good determination of target bearing but would 
>e almost useless for calculating target range. A much better tech- 
lique is to make the incoming signal visible and provide a basis for 
xpressing the time interval between emission of the pulse and re- 
eption of the echo in terms of distance to the target. This is done 
y means of a particular type of vacuum tube which is the principal 
omponent of an electronic device called an oscilloscope. This tube 
^sembles to some extent the one used by Sir J. J. Thomson in his 
leasurement of the ratio ejm for the electron. (See Fig. 155.) As 
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in the Thomson experiment the inside of the large end of the tube 
IS coated with a fluorescent material to form a screen. The narrow 
beam of electrons coming from the cathode is then directed along 
the tube and produces a spot of light at the point where it strikes 
the screen. In radar receivers this spot of light is used in several ways 
to indicate target position. In one type of oscilloscope display, the 
spot is made to move continuously back and forth across the screen 
at so rapid a rate that ordinarily the operator sees simply a solid, 
straight bright line, called the " sweep,” Any echo signal that is 
received is then applied to the tube electrodes in such a way as to 
deflect the rapidly moving spot at right angles to the sweep to pro- 
duce a momentary irregularity, or ” pip,” in the bright line. Since 
the rate at which the spot is sweeping back and forth is known, the 
distance of the pip from the end of the sweep is a measure of the 
distance to the target. The bearing of the target is the direction in 
which the antenna points when the strongest pip is received. 

In another and more spectacular type of oscilloscope display, 
called the PPI (Plan Position Indicator), the returning echoes draw 
on the screen what is essentially a map of the region being covered 
by the radar scanning beam. At the instant each pulse is emitted 
the electron spot starts from the center of the screen and moves out 
to the edge along a particular radius which corresponds to the direc- 
tion in which the antenna is pointing at that instant. If, for example, 
true bearing is to be depicted on the screen, when the antenna points 
north the spot travels from the center up to a point corresponding to 
12 on a clock face; for an antenna bearing of east the spot moves 
from the center to 3, and so forth. Thus as the antenna rotates, the 
electron spot traverses successively a series of radii extending in all 
directions from the center of the screen. When the PPI is being used 
to search for planes or ships the intensity of the spot is turned down 
just at or a little below the point of visibility so that when no echoes 
are being received the screen face is fairly dark. In this case, the 
electronic circuits are such that when an echo is received its energy 



is used to brighten the spot rather than to deflect it. Since the so- 
called " dark ” spot is already barely visible, this echo-brightening 
is sufficient to make it considerably more so, and the operator sees a 
bright point of light on the screen at a position which corresponds 
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to the target’s location. For each target sending back an eclio, the 
bearing and range are indicated respectively by the direction and 



Fig. 161 . Radar PPI scope display of Cape Cod region and map for compari 
son. (Radiation Laboratory, Massachusetts Institute of Technology. ) 


distance of its particular bright spot from the center of the screen. 
The persistence of the fluorescence is such that the target spot remains 
visible longer than the time required for the antenna to make one 
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complete revolution. Consequently the radar operator has in front 

of him a continuing map upon which he can see the positions and 

follow the movements of all targets in the area under investigation. 

A photograph of the PPI screen in a radar plane flying over Cape 

Cod IS shown m Fig. 161, along with a map of that region for com- 
parison. 


The preceding examples concern two of a number of ways of 
displaying radar-obtained information. If exact range is desired, as 
on a battleship for use in firing 16-inch guns, the display is such as 
to permit the operator to read range within a few yards. The radar 
IS so sensitive that the operator can watch ” the shells move across 
the screen toward the target spot, see the indication of their splashes 
in the sea and read off the necessary correction. Then on the second 
salvo he may see the shells land squarely on the target, following which 
the target spot gradually disappears from the screen. Such incidents 
happened many times during World War IL In the case of anti- 
aircraft fire the radar antenna may move automatically so as to 
remain pointed at the enemy plane regardless of its maneuvers and 
automatically direct the antiaircraft guns accordingly by remote con- 
trol. Other types of radar make use of other types of display which 
are designed to accomplish particular purposes. 

Applications of Radar. — ■ Since radar has been largely a wartime 
development, nearly all of its applications to date have been associated 
with the military field, although some of them have obvious peace- 
time uses. Among these wartime radar developments are the follow- 
ing: 


1. Defense against air attack. This was radar’s first active role. 
It has served both to provide information concerning the ap- 
proach of enemy planes and actually to direct antiaircraft fire. 
Some of its most spectacular and important successes occurred 
during the battle in England against the V-1 robot or " buzz” 
bombs. Toward the end, the great bulk of these were being 
shot down by antiaircraft with scores as high on cloudy days, 
when radar control had to be used, as on sunny days. 

2. Submarine location. Airplane-borne radar had a major part 
in winning the submarine war by facilitating the location of 
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U-boats at night when they were on the surface charging their 
batteries. It was limited, however, by the fact that radio waves 
do not travel any appreciable distance under water, so that sub- 
merged submarines could not be detected by radar. 

3. Bombing at night and through overcast. Since the passage of 
radio waves is in no way obstructed by darkness, fog, or clouds, 
normally invisible targets could be bombed by following the 
images of the terrain be- 
low on the PPI screen. 

Figure 162 shows a radar 
screen image of a convoy 
of ships. One illustration 
of the importance of this 
application is the fact that, 
using radar, the Eighth 
Air Force dropped 24,000 
tons of bombs during De- 
cember, 1943, while al- ^^2. Radar scope display of ship 

most no bombing had (Bendix Radio.) 

been possible during the preceding December because of bad 
weather. 

4. Ground control of approach. A ground-based radar operator, 
by watching the image of a plane on the PPI and instructing 
the pilot by radio telephone, can " talk the plane down ” to 
a successful landing on the runway even though the airport is 
dark or fogbound. A similar technique is employed in direc- 
tion of fighter aircraft from the ground or a ship. 

5. Aid to navigation. One of the most obvious applications of 
radar is its use on ships or planes to indicate the location of 
other ships or planes or of natural obstructions such as reefs, 
icebergs, mountains, and so forth. An example of this use of 
radar occurred rather early in the war when a group of cruisers, 
maintaining column formation, were able to steam at 2 5 knots, 
with zero visibility, along an intricate path among the islands 
of a Pacific archipelago, carry out a bombardment mission and 
return. Back at base they reported that radar information 
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showed the location of one of the reefs on their maps to be 
in error by six miles. 

Radar contact with other celestial bodies. This is being written 
a few weeks after the U. S. Army Signal Corps announced its 
first radar contact with the moon. A photograph of the radar 

scope screen, made during 
this test, is shown in Fig. 
163. The large "pip” on 
the left indicates the start 
of the radar impulse 
toward the moon and the 
one on the right the return 
of the echo. The time in^ 
terval between them was 
about 2.5 seconds — the 
time it took the signal to 
make the trip from the 
earth to the moon and re- 
turn at a speed of 186,000 
miles a second. The small 
pips in between the two just mentioned resulted from minor 
interferences. What practical value such contact may have 
in the future is yet to be demonstrated; its uses will un- 
doubtedly be fewer and, on the whole, considerably less sensa- 
tional than those shouted with such enthusiasm from the news- 
paper and radio housetops the day after the announcement. 
The chief significance of the experiment at present is the fact 
that for the first time we know for certain that a high frequency 
radio wave sent out from the earth can penetrate the electrically- 
charged ionosphere. Such information is much less exciting 
than the idea that somehow or other radar contact with the 
moon might bring closer the day of lunar-bound tourists; it 
is, however, much more important, A possible future applica- 
tion, after radar has been developed considerably further, is 
that it might aid in the detailed topographical mapping both 
of the moon and of certain planets and in determining whether 
or not life exists on any of the latter group. 



Fig. 163. Scope display of radar con- 
tact with moon showing start of 
transmitted pulse toward moon and 
reflection of " echo ” from it. 
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These are but a few representative examples of the applications 
of radar during the war and at present. Many are undoubtedly 
already familiar to you while its peacetime possibilities will become 
increasingly clear as time goes on. 


The Proximity Fuze 

The fuze is that part of a shell which detonates or sets off ” 
the main explosive charge. The two principal types in use at the 
beginning of World War II were the time fuze and the contact fuze. 
The time fuze detonates at a specified time interval after it leaves 
the gun; consequently, the time of flight from the gun to the target 
has to be calculated before firing and each fuze “ set ” for that time. 
The contact fuze detonates only when it hits something and so is 
effective only if the accuracy of fire is such that the shell actually 
strikes the target. It became evident soon after the war in Europe 
started that the effectiveness of antiaircraft gunfire using either of 
these fuzes was very low because of the speed, maneuverability, and 
heights attainable by modern combat airplanes. Attention was ac- 
cordingly turned to the development of a type of fuze which would 
be set off by some influence of the target itself if the shell should 
come within the general vicinity of that target. The idea of such 
an influence or proximity fuze was not new but had already been 
proposed independently by various persons both in the United States 
and in other countries long before the war. There had always seemed 
to be, however, insurmountable obstacles in the way of making a 
fuze of this type actually function. The proximity or VT (variable 
time) fuze developed in the United States and first employed against 
the enemy in 1943 is proof that these obstacles were overcome. 

The proximity fuze operates as a miniature 5 -tube sending and 
receiving radio station contained within the nose of the shell. The 
two parts of Fig. 164 show respectively a photograph of one model 
of the fuze and a cutaway drawing with the parts labeled. When 
the shell carrying a fuze leaves the gun this tiny broadcasting station 
begins to send out a radio signal which differs from that described 
previously for radar in that it is continuous rather than a series of 
pulses. As the shell approaches its target the signal Is reflected back, 
much as in radar, and picked up by the fuze receiver. The Incoming 
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reflected radio waves interact with the outgoing waves to create a 
so-called "ripple” pulse which is amplified within the fuze and 
applied to a particular vacuum tube. In the case of antiaircraft fire, 
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Fig. 164. Cutaway diagram and photograph of the VT proximity fuze. 
(Applied Physics Laboratory, The Johns Hopkins University.) 


when the shell comes within 75 to 100 feet of the target plane the 
ripple pulse is strong enough to actuate this vacuum tube which 
serves as a switch to detonate the fuze which in turn sets off the shell. 
The proximity fuze contains the following basic components: 

1. Vacuum Tubes. These vacuum tubes, smaller than a thimble, 
have to be rugged enough to withstand being shot from a gun. 
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which means being subjected to a force approximately 20,000 
times that of gravity. A photograph of several of the tubes 
is shown in Fig. 165. Over 
130,000,000 of these were 
manufactured in five years 
and complete secrecy 
maintained as to the use to 
which they were to be put, 
although at the peak some 






Fig. 165. Miniature radio tubes devel- 
oped for use in proximity fuze. (Ap- 
plied Physics Laboratory, The Johns 
Hopkins University.) 


10,000 persons were en- 
gaged in production and 
testing. At the height of 
production one company was turning out some 500,000 tubes 
a day, which is about 8 5 per cent of the pre-war peacetime rate 
of production in this country by all companies. 

Battery, The battery which serves as the source of electrical 
energy for the fuze has to be similarly rugged. First successful 
batteries were of the dry-cell type and were satisfactory except 
for one disadvantage: they deteriorated with age, particularly 
in the South Pacific, and this presented a serious storage problem. 
Later a type of tiny wet battery was developed in which the 
liquid or electrolyte is held within a glass container in the fuze 
separate from the battery plates until the shell is fired. The 
shock of the firing breaks the glass container and permits the 
liquid to run over the plates when the battery becomes active. 
Safety Devices, The principle of operation of the fuze made 


necessary the development of safety devices that would prevent 
the unit from functioning until it was a safe distance away 
from the gun. These were of various forms. Since it was 
recognized that even with most careful design and construction 
and the strictest inspection procedures a few faulty safety units 
— perhaps one per thousand — would get through, each fuze 
contained two such devices which were entirely independent 
of each other. Some models of the fuze also carried a self- 
destruction ” switch which, in case the shell failed to approach 

close enough to the target for the fuze to function, detonated 
it after it had passed the target. 
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The criterion of success of any weapon is, of course, its perform- 
ance m battle. The proximity fuze was first designed for use in 
naval 5 -inch antiaircraft projectiles because of the urgency of pro- 

operation in 

this field show proximity-fuzed shells to have been three to four 
times as effective as time-fuzed shells, which is the equivalent, of 
course, of havmg three or four times as many guns bearing on the 

target. When compared with contact-fuzed 40-mm antiaircraft 
projectiles the margin of advantage for the proximity fuze is even 
greater. A contact- fuzed shell must strike the target and an ap- 


— Axiu au ay 

proachmg airplane presents an actual target area of something like 
60 square feet. For the same airplane the area in which a proximity- 
fuzed shell will be lethal is about 3,000 square feet. In other words 
for the same enemy plane the gunner using proximity-fuzed shells 
has a target 50 times as large to shoot at as has the gunner using 
contact-fuzed shells. 


Although the early emphasis on proximity-fuze development was 
on units for naval antiaircraft shells its use in army projectiles had 
been contemplated from the beginning. The first battle test of the 
fuze by the U. S. Army came in December, 1944, during the repulse 
of Von Rundstedt’s counteroffensive in the Ardennes, It was em- 
ployed with such spectacular success in that major engagement that 
an official report to the Chief of Ordnance of the War Department 
characterized it as ** the most important innovation in artillery am- 
munition since the introduction of high-explosive shells.” 


Questions 

Discussion 

1. In terms of the definitions at the beginning of this chapter, would 
the ignition circuit in an automobile be classed as an electronic circuit? 

2. What is meant by the Edison Effect? 

3. Distinguish between diodes, triodes, tetrodes and pentodes. 

4. Sketch a triode and trace both the plate circuit and the filament 
circuit. 

J. What is meant by " rectifying alternating current ” and how does a 
diode accomplish it? 

6. What are the functions of each of the following? (a) Triode grid, 
(b) Screen grid, (c) Suppressor grid. 
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7. Why is the phototube classed as an electronic device while an ordinary 
incandescent lamp is not? 

8. Look up and discuss several electronic applications not mentioned 
in this chapter. 

9 . This chapter was prepared shortly after the first radar contact was 
made with the moon; discuss any developments in this connection that have 
occurred since that time. 

10. Discuss, both pro and con, the advisability of trying to keep secret 
an important scientific discovery. 

11. If radar contact were to be made with Mars, about how long after 
the pulse was transmitted should the echo arrive? 

12. Describe two different types of screen display used in radar. 

13. Find out the difference between true and relative bearing as applied 
to the display on a radar screen. 

14. Distinguish between time, contact and proximity fuzes. 

15. List and discuss as many peacetime applications of radar as occur 
to you. 


Multiple Choice 

1. The rate at which electrons are emitted by, or " boil off,” a hot 

wire (a) has no relation to the temperature of the wire, (b) increases as 

the temperature of the wire rises, (c) decreases as the temperature of the 

wire rises, (d) is zero at all temperatures above 0°C, (e) is constant at 
all temperatures above 100°. 

2. Which one of the following contams no grid? (a) Diode, fb) 
Triode. (c) Tetrode, (d) Pentode. 

3. Under which of the following sets of conditions would the flow 
o current in the plate circuit of a three-electrode vacuum tube be the 
greatest, (a) Cold filament, positive plate, positive grid, (b) Hot fila- 
merit, negative plate, positive grid, (c) Hot filament, positive plate, nega- 
tive grid, (d) Hot filament, positive plate, positive grid, (e) Cold fila- 
ment, negative plate, negative grid. 

4. Increasing the brightness of the light that falls on a phototube (a) 

peed at which electrons are emitted, (c) affects neither the number nor 
spee^^ decreases the number, (e) decreases the 

5 Radar waves fall within the general classification of fa) cosmic 

(b) ligKt, (c) „di„ (d, 

True-False 
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5. Radar waves travel at the speed of li^ht. ^ 

neirh^' ‘he rad.o broadeau b.nd m thut 

neither is reflected by iron or steel objects. 

7. The range of a target can be determined bv radar only ,f a continu 

ous wave is emitted rather than pulses. ^ont.nu- 

8. Radar waves do not travel any appreciable distance through water 

.ha„ LatlTi;:" "" "" 
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Chapter 28 
WAVE MOTION 


Our discussion of waves and wave motion will extend over the next 
several chapters. In this first chapter we will confine our attention to 
the more general aspects of the question, that is, relationships and 
phenomena that apply to all kinds of waves. Then, in the next chap- 
ter, we will take up sound waves in particular. Following that we will 
turn to light and see how it is related to wave motion. 


Wave Motion as a Method of Energy Transmission 

There are a number of ways in which energy can be transmitted 
from one place to another. We have already mentioned the use of 
electrical transmission lines, and pointed out certain advantages that 
type of energy transfer has over mechanical transmission by belts and 
gears. Also, we have taken up in some detail two ways in which heat 
energy travels, namely, conduction and convection. In wave motion 
we have still another method of accomplishing the transfer of energy. 

As an example, consider a chip of wood floating a little distance 
from the shore on the surface of a quiet pond. Suppose a small boy 
agitates the water near the shore with his hand. Before long the chip 
start to move up and down. Now it possesses kinetic energy al- 
though a few moments ago it was at rest and had none whatever Let 
us ask about the source of its energy. Obviously, the energy the chip 
possesses is part of that which the boy expended. If someone should 
ask how It gets from the boy to the chip, we would say that it is trans- 
ported by waves. It is important to note that nothing of a material 
nature moves out to the piece of wood. The actual molecules of water 

of the k f ^ series 

of the kind of disturbances that we call waves. One might multiply 
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such examples almost Wehmtelp. Suppose ooe eod of a rope is tied 
to a small tree aod you hold the other eod b your hand. By mo,l!« 

and forth, Yo,^ do work at one end of the rope as a result of which 

energy rs »t the other end. Again, the particles of rope you 

ho d rn your hand do not travel along the rope and bump into tL L. 

All that tmvels r, a senes of waves. Thus, waves possess energy and are 

capable of transmrtting that energy through the medium in rtich they 
are moving. ^ 


Essentials for the Production of Waves 

In every case of energy transmission in which all the observed 

facts can be accounted for by picturing the phenomenon as a wave 

motion, two thmgs are found to be present. These are a vibrating 
source and a medium. 


Vibrating Source 

In boA of the examples mentioned above, the vibrating source 
was someone’s hand. In the one case it vibrated in the water and in the 
other at the end of a rope. To produce sound waves, perhaps the most 
familiar of all types of wave motion, something must vibrate. In a 
tuning fork it is the prongs which vibrate; strings vibrate to produce 
sound in pianos, violins, and other stringed instruments; m the saxo- 
phone it is an air column excited by a reed, in the organ pipe also the 
source is an air column. 


Medium 

The necessity of a medium in the first two illustrations that were 
used is obvious. One would scarcely expect to have water waves with- 
out water, or rope waves without a rope. Experiments prove that the 
media in which sound waves travel must be of a material nature. Sup- 
pose an electric bell is set ringing in an airtight jar attached to a 
vacuum pump. When the jar is full of air the bell can be heard 
readily. As the air is pumped out the sound becomes fainter and 
fainter and eventually cannot be heard at all. This means that sound 
waves will not travel through a vacuum. We may warn the reader 
now that this matter of medium offers some difficulties when one talks 
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about light waves. Everyone knows that light will go through a 
vacuum, so evidently the medium is not a material one. This question 
will be discussed in more detail in the first chapter on light. 


Kinds of Waves 

We have already been using one way of classifying waves, namely, 
into rope waves, water waves, or sound waves. There is also another 
basis of classification which is of considerable importance. It is one 
which focuses attention, not on the source of the waves, but on the 
medium and asks just what happens to a particle of that medium as a 
wave goes past. From this standpoint waves are grouped into two 
principal types called transverse and compressional. 


Transverse Waves 

Consider the case pictured in Fig. 166 . Part (a) indicates the 
original conditions of the demonstration in which one end of a rope 
is tied to a tree and the hand holding the other end has just started a 
single wave moving along the rope toward the tree. Let us fix our 


attention on the particle of rope 
labeled x and ask what happens to 
it as this wave goes past. Three 
stages in the passage of the wave 
are shown in the lower part of the 
diagram. In (b) the particle x 
has moved vertically upward as 
the first part of the wave, called 
the crest, has partially passed it. 

In other words, x is on the crest of 
the wave. By the time position 
(c) is reached, x is at the mid- 
point of the wave and has moved 

bai ^wo to its nomal Nation. I„ (d), ^ddle of the second 
^ of the ,a,e call^ the fronjA, has reached * and drawn it down 
» a pomt chrectly below its normal position. Following this it moves 

baA up m ns regular «t position. Every time a wave goes past, mov- 

»p^wn.up mtmon. Such a wave in which parades of the me! 



Fig. l€6. Diagram illustrating the 
nature of transverse wave. 


II 
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mm JVC at right angles to the direction o£ propagation o£ the wave 

s called a /rawnersf wave. As we shall see later, there is evidence to 
indicate that light waves are of this sort, 

Compressional Waves 

rider Rr.df compressional waves, con- 

^og balls separated by light springs, the whole string of them Lg 

suspended between two uprights. 
Now, as indicated in (b), suppose 
someone pulls the first two balls to- 
gether, compressing the spring be- 
tween them and slightly stretching all 
the others. Then we ask what will 
happen when these two balls are sud- 
denly released. It is obvious that the 
second ball will immediately jump to- 
ward the right and then vibrate back 
and forth eventually coming to rest. 
The jump to the right compresses the 
spring between the second and third 
balls as a result of which the third one 
is set in motion, also vibrating back 
and forth. The third one in turn 
communicates the motion to the 

fourth and so on until finally a force 
is exerted on the right-hand support. 
In part (c) the compression has 
reached the fourth and fifth balls. 



Fig. 167. Diagram illustrating 
the nature of a compressional or 
longitudinal wave. 


^ — W AIAW 114. til uaild* 

Now note that in this case, as the disturbance moves in a horizontal 
direction, particles of the medium, the ping-pong balls, also move hori- 
zontally. Waves of this sort in which particles of the medium move 
parallel and anti-parallel to the direction of motion of the wave itself 
are called compressional waves or longitudinal waves. A point in the 
medium that is compressed is called a compression or condensation, 
while a point where a stretching out occurs is known as a rarefaction or 
expansion. Sound waves are of this type. Water waves, which were 
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referred to above, combine characteristics of both kinds in that the 

particles of water move in small circles as a wave passes, and so have 

some transverse motion as well as some parallel to the direction in which 
the wave is moving. 

Diagrammatic Representation of Waves 

Both transverse and compressional waves are conventionally rep' 

resented by the type of diagram shown in Fig. 168. If the particular 

type of wave under consideration actually is a transverse wave, then 

the two parts are thought of as crest and trough. If the discussion 

concerns a compressional wave, the same illustration is used with the 

crest bemg understood to represent one part of the wave and the 
trough the other. 


Properties of Waves 


There are five properties that all waves possess, that are descriptive 

of various features of the wave itself. Since three of them are closely 

related to each other we will consider them in one group and the other 
two by themselves. 


CREST OR 
COMPRESSION 

I' TROUGH OR 

rarefaction 


Speed, Wave Length, and Frequency 

Speed. — All waves possess a finite speed, that is, require time to 
travel any given distance. This fact is obvious for the rope and water 

waves previously mentioned. In the case of sound, the facts that the 
thunder is not heard until some time 

after the hghtning is seen, and that the 
steam issuing from a boat’s whistle is 
visible a little time before the whistle is 
heard, prove that sound waves require 
a finite time to go from one place to 
another. The magnitude of this speed 
depends on various characteristics of 
the particular wave and the medium 
through which it travels. Wave speeds 

are measured in the same sort of units as any other speed, namely a dis 
»t per a time uni, hhe feet per second, I tin ^ 



Fig. 168 . The conventional 

wave (hagram as used to repre- 
sent either a transverse or a 
compressional wave. 
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wave-length 


wave-length 


i are particularly interested, af- 

^ physiologically in the fol- 

'"*7^ lowing manner. We hear varia- 

L— — j '^he length of sound waves 

wave-length as variations in pitch, the shorter 

Fig. 169. Diagram illustrating J^ave length the higher the 

meaning of wave length. Changes in wave length in 

• I , . , light, we see as changes in color, the 

violet light waves being the shortest in visible light and the red ones 
the longest. 

Frequency. - The frequency of any wave motion may be defined 

as the rate of ^^bration of the source. It will be obvious from this that 

It also equals the number of waves sent out by the source per unit time 

or the number of waves that pass a given point in the medium per unit 

time. If the person holding the end of the rope in Fig. 166 makes 

two complete vibrations with his hand every second, then waves are 

moving along the rope at that rate and the frequency of the wave 

motion is two per second. Note that frequency is expressed in units of 

simply a number per a unit of time. We also hear variations in the 

frequency of sound waves as variations in pitch, except that in this 

case as the frequency gets larger the pitch gets higher. Similarly, in 

the case of light, we see frequency changes as color changes with the 

violet light having the highest visible frequency and red light the 
lowest. 


Equation Relating Speed, Wave Length, and Frequency. — 

We had occasion in our earlier discussion of chemical equations to make 
use of a freight train as an illustration. Let us call your attention 
again to a string of freight cars, this time as they emerge from a tun- 
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nel. Suppose you are standing where you can time them and, doing so, 

discover that cars are coming out of the tunnel at the rate of ten each 

minute. Then suppose you remember having read somewhere that a 

freight car is about 40 feet long. A little thought should make it 

clear that the freight train must be traveling at a speed of 10 times 40, 

or 400 feet per minute. In other words, if ten 40-foot cars come into 

sight in one minute, the first one must have moved down the track a 

distance of 400 feet during that minute. So for the freight trains we 
can say. 

Speed — Length of a car X Number of cars that pass per minute. 

Now let us translate this illustration mto the language of waves. 

Consider the example already used of the hand that is sending 2 waves 

per second along a rope. If each wave is, say, 1 0 inches long, men they 

must be moving at a speed of 2 X 10, or 20 inches per second. In 
other words, for waves. 

Speed = W ave Length X Frequency - 

This is an important and fundamental relationship that applies not 

only to rope waves, but also to water waves, sound waves, light waves, 

ndio waves, and all other waves. We shall have occasion to refer to it 

in connection with the subsequent discussion of some of these particu- 
lar types. 

Amplitude and Period 

Amplitude. — The amplitude of a wave is defined as the maximum 
displacement from its normal position, experienced by a particle of the 
medium. In the case of the rope wave in Fig. 1 66, it would be the 
maximum distance that point x reaches either above or below its usual 
position when the rope is straight. The amplitudes of two different 
waves are shown in (a) of Fig. 170. Being a distance, amplitude is 
measured m ordmary length units. Fig. 170 also illustrates diagram- 
matically the difference between amplitude and wave length The 
two waves shown in (a) have the same wave length but different 
amphtudes, while those shown in (b) have different wave lengths and 
^e same amplitude. In sound, variations in amplitude register on our 
earing as variations in loudness, with greater amplitudes producing 
louder round,. We ,« difierenoe, in ampli«,de in light wave, a. 
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MerenCB m bnghtnass, the greater the amplitude the brighter the 
tlw » hd one would be the louder, if light waver it would be thi 


the tune reqmred for one wave to pass a given point or as the time m- 




Fig. 170. Diagrams illustrating dif- 
ference between amplitude and 
wave-length, (a) Two waves with 
the same wave-length but different 
amplitudes, (b) Two waves with 
the same amplitude but different 

wave-lengths. 


quired for the source to complete 
one vibration. It is related in a 
simple fashion to frequency. It 
will be recalled that the frequency 
was given as equal to the number 
of waves that pass a point per unit 
time. Let us go back to the freight 
train for a moment. Ten cars 
emerged from the tunnel each min- 
ute. That is, the frequency was 
1 0 cars per minute. Obviously, 
then, it required a tenth of a minute 
for one car to emerge, or to pass a 
given point. Thus, the period was 
1/10 of a minute, which is equal 


to 1 divided by the frequency. Or, 

to take another example, if a cer- 
tain source of sound has a frequency of 2 5 6 vibrations per second, then 

256 waves go past a given point each second and it requires 1/256 of a 

second for one to go past. Generalizing, we can say that for any wave 
motion, 


Period = 


1 

Frequency 


Now that we have defined and discussed briefly various general 
features of waves, we will proceed in the next chapter to a considera- 
tion of sound waves in particular. 


Questions 

Discussion 

1. Discuss the difference between transverse and compresslonal waves. 

2. How might one go about proving that in water waves, the actual 
water itself is not carried along with the wave? 
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3. Trace back to the sun the energy acquired by the floating chip used 
as an illustration in this chapter. 

4. In what directions might each man move as a transverse wave passes 
through a single row of soldiers lined up in an east and west direction? 

5. Calculate the period of a rope wave which has a wave length of 4 feet 
and travels at a speed of 6 feet per second. Use decimal fractions. 

6. If the two waves pictured in (^) of Fig. 170 represent visible light 
waves, which one is nearer the red end of the spectrum? 

7. If the waves referred to in Ques. 6 are sound waves, which one 
represents the lower pitch? the smaller frequency? 

8. Answer Ques. 6 and 7 for (a) of Fig. 170. 


Multiple Choice 

1. The frequency of a wave equals the (a) distance from one crest to the 

next, (b) time of one complete vibration, (c) maximum displacement of a 

pomt in the medium, (d) wave length multiplied by the period, (e) velocity 
divided by the wave length. 

2. Two sounds that differ in loudness must necessarily have different (a) 
velocities, (b) wave lengths, (c) amplitudes, (d) periods, (e) frequencies. 

3. Suppose a number of men are lined up in single file in a north and 
south direction and a compressional wave passes along the line; in which of 
the following directions (one or more) might a man move first when the 
wave reaches him? (a) north, (b) south, (c) east, (d) west, (e) up. 

4. Which one of the following could be the result obtained by multiply- 
ing a wave length by a frequency? (a) 1,100 feet per second, (b) .1 second, 

(c) 2 seconds per vibration, (d) 256 vibrations per second, (e) 4 kilo- 
meters. 

5. One might determine the period of a wave motion by (a) dividing 
Ae amphtude by the frequency, (b) squaring the wave length, (c) multiply- 
ing the amphtude by the wave length, (d) dividing the wave length by the 
velocity, (e) multiplying the frequency by one. 

True-False 

1. Water waves are an example of pure compressional waves. 

of ® frequency 

of 30 vibrations per second. ^ ^ 

3. A vibratmg source that produces blue Ught could not possibly have 
the same amphtude as one that produces red light. 

tha/' ‘difference between transverse and compressional waves is 


II 
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6. In terms of wave diagrams, a trough of a transverse wave is thought 
of as corresponding to a rarefaction of a compressional wave. 

7. Sound is the only type of wave motion that does not seem to require a 
material medium for its transmission, 

8. Light waves travel with an infinite velocity. 

9. The property of a sound wave that determines its loudness is the same 
as that of a light wave that determines its brightness. 

10. A wave that had a velocity of 1,100 feet per second and a frequency 
of 220 vibrations per second would have a length of 5 feet. 
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SOUND 


In the first part of this chapter we shall apply to sound waves in a 
more detailed manner the topics discussed generally in the preceding 
chapter. Then we shall take up a group of sound phenomena whose 
manifestations are more or less familiar to most people. Finally, in the 

latter part of the chapter, the physical basis of that particular division 
of sound that we call music will be considered. 

Sound as a W^ave Motion 

Types of Waves 

It was stated in Chapter 28 that sound waves are of the compres- 
sional type. In order to get a visual image of the actual anatomy of a 
sound wave as it travels through air, let us consider Fig. 171 . It shows 


ft c ft c ft c ft 
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back toward the left a partial vacuum is cmted bduud it, which 

br^l l J "*r “ “ “ “ ,Wac«o». Hlis ratufaction wiU 
owe y another condensation as the rod moves to the right 

ITth iiT™' \ » »"• It it obvL 

that there wJI be a sumlar series of condensations and rarefaaions on 

the other side of the rod. When 
these alternating compressed and 
rarefied parts of the atmosphere 
strike our ear drums, they cause 
them to vibrate at the same rate as 
the iron rod, and we say we hear 
a sound. Thus, it is important to 
note that a sound wave in air con- 
sists simply of a particular sort of 
abnormal distribution of air par- 
ticles, a distribution in which 
compressed regions and regions of 
partial vacuum alternate with 
each other. When a normal dis- 
tribution of air molecules exists in 
the air, no sound waves are trav- 




Fig. 172. Diagrammatic represen 
tation of a sound wave in air pro 
duced by a point source. 


eling through it. Fig. 172 shows how sound waves originating from 
a point source would appear if one could see individual molecules in 
the air. Actually, the parts of the waves move out in spheres rather 
than circles. Before going on to the next section, the reader should 
compare the picture of a sound wave as described here with the illustra- 
tion (Fig. 167) used in the preceding chapter when compressional 
waves were being defined. 


Essentials of Sound Wave Production 

It will be recalled that sound waves were used as examples in the 
discussion of the essentials for the production of waves in general. 
Mention was made of several kinds of vibrating soiu*ces as they func- 
tion in producing speech and in the operation of various musical in- 
struments. Thzt the vibrating source does not have to be anything 
particularly elaborate or complicated in order to produce a sound may 
be demonstrated by the simple devices pictured in Fig. 173. The one 
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on the left consists of a group of toothed wheels. A card held against 
any one of them will vibrate as many times per revolution as there are 


teeth on the wheel, producing a 
definite tone. The greater the 
number of teeth, the greater is the 
rate of vibration of the card and 
the higher the tone. Demonstra- 
tion pieces of this sort are usually 
designed to produce the tones do, 
mi, sol, and upper do. The device 
on the right consists of a disk hav- 
ing several sets of evenly spaced 
holes arranged in circles around it. 
A jet of compressed air blows 
through each hole of a set in turn 
as the disk rotates. The intermit- 



Fig. 173. Examples of devices 
with which the relationship be- 
tween frequency and pitch may 
be demonstrated, (a) a toothed 
wheel, (b) a disk with evenly 
spaced holes arranged in concen- 
tric circles. 


tent pulses of air produced in this fashion cause a sound to be emitted. 

Agam, the more pulses per revolution the greater is the frequency and 
the higher the pitch of the tone. 


Properties of Sound Waves 

Speed. — Table 27 Usts the approximate speed of sound in a num- 

ter of media. For purposes of any calculations we will make in this 

ook, the speed of sound in air at ordinary temperatures may be taken 
as about 1,100 feet per second. 


Table 27. Speed of Sound in Various Media 


Substance 


Air (32° F.) 
Glass 


Hydrogen 

Ice 

Iron (cast) 
Oxygen 
Rubber 
Steel 


Wood, Ash 
Parallel to grain 
Across grain 


Speed in Feet 
per Second 

1,090 

16,000 

4,160 

10,J00 

11,450 

1,040 

100 

16,800 

15,310 

4,570 
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Two important properties of the medium which alfer, rh. j ■ l 
W |ch sound through it are elastieit, atd^'rm* 
atical equation relating speed to these properties need not concern 
us m th« book. Qualitatively, the relationship is simply that other 
thmgs being equal, speed increases with increased elastiLy but de- 
bases with mcreased density. However, the relations are Lt direct 
and inverse proportions respectively. The changes in elasticity and 
density of gases with nse in temperature combine in such a manner that 
sp ed of sound mcreases as the temperature of the gaseous medium 
g s higher regardless of whether the gas is free or confined in a vessel 
^n air the increase amounts to about 1.1 feet per second per degree 
Fahrenheit rise in temperature. It should also be mentioned that the 
speed of sound in the atmosphere is approximately independent of 
loudness and pitch. That this is fortunate is evident when one stops 
to thmk how an orchestra concert would sound to someone seated in 
the back of the balcony if, for instance, the loud tones traveled much 
faster than the faint ones and if the high notes of the piccolo had a 

speed several times as great as the lower pitched ones emitted by the 
tuba. 


Frequency. It has already been pointed out that we hear changes 
m frequency of sound waves as variations in pitch, with the pitch 
rising as the frequency increases. There are both upper and lower 
limits to the frequencies that are audible to the human ear. Experi- 
ments show that the average person hears frequencies below 15 or 20 
per second as individual impulses rather than as a continuous sound 
and that 15,000 to 20,000 vibrations per second are the highest that 
he can hear. The actual values of these limits vary appreciably with 
individuals and even with the same person at different ages, or with 
different conditions of health. 


Animals other than man are able to hear frequencies that are quite 
inaudible to human beings. The fact that dogs are able to hear fre- 
quencies higher than 20,000 makes possible the type of dog whistle 
that is unheard by human ears but is quite satisfactory as an instru- 
ment for calling the dog. 

Wave Length. — Wave length has already been defined as the dis- 
tance between corresponding points on adjacent waves. Making use 
of the equation introduced in the preceding chapter, we can calculate 
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the actual length of the waves which make up that best known of all 
musical tones, middle C. As almost everyone knows, the frequency 
of middle C is usually taken as 256 vibrations per second. Using 1,100 

feet per second as the speed of sound and substituting these values in 
the equation. 

Speed — Wave 

we get. 


length X Frequency 


1,100 feet per second = Wave length X 256 vibrations per second 



Wave length 


1,100 


4. 3 feet. 


This means that when you hear the tone middle C in air at ordinary 

temperatures the condensations or the rarefactions m that sound wave 
are a little over 4 feet apart. 

Amplitude snd Period. Little needs to be added to what was 
said in Chapter 28 concerning these two properties. The amplitude of 
a sound wave is the maximum displacement from its normal position 
experienced by a particle of the medium as the wave passes. We hear 
increased amplitude as increased loudness or intensity. The period is 
the time of one complete vibration of the source. In the case of the 
middle C tone just mentioned, the period is 1/2 36 of a second. 

These various properties of waves together with their definitions 
and applications in sound and light are listed in Table 28. 


Some Sound Phenomena 

In this section we are going to consider four sound phenomena. 
Everyone is familiar with at least a few of the audible effects caused 
by the first two, reflection and refraction. Although beats and the 
Doppler effect produce results that are somewhat less commonly ex- 
perienced, they are important examples of the way sound waves be- 
have in certain circumstances. As we shall see in the next chapter, all 
four have their counterparts in the field of light. 


Reflection 

Reflection of sound, as the name indicates, consists simply in 
sound waves bouncing off some sort of surface. Echoes and rolling 
thunder constitute two of the most common reflection phenomena 
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Table 28 . 

Property 

Speed 


Properties of Waves with Applications 


Definition 

Distance 
traversed 
per unit 
time 


Sound 

Approximately 1,100 

ft./ sec. in air; H,000 
ft./sec. in iron 


IN Sound and Light 
Light 

186,000 mi,/sec. 
Medium — an un- 
solved problem 


Frequency 


Wave Length 


Amplitude 


Rate of 
vibration 
of source 
of waves 


Distance 
between 
corre- 
sponding 
points on 
adjacent 
waves 

Greatest 
displace- 
ment of a 
particle of 
the medium 
from its 
normal posi- 
tion 


Measure of pitch; as 
frequency increases, 
pitch gets higher; 
middle C — 256 vi- 
brations per second; 
high C— 512 vi- 
brations per second 

Measure of pitch; 
as wave length in- 
creases, pitch gets 
lower; high C about 
2.15 ft.; middle C 
about 4.3 ft. 

Measure of loudness; 
as amplitude in- 
creases, sound gets 
louder 


Measure of color; as 
frequency increases, 
color progresses to- 
ward violet end of 
spectrum. Green — 
6 X 10^^ vibrations 
per second 

Measure of color; 
as wave length in- 
creases, color pro- 
gresses toward red 
end of spectrum. 
Green — 20 mil- 
lionths of an inch 

Measure of bright- 
ness; as amplitude 
increases, light gets 
brighter 


Period 


Time of one For middle C, 1/2 5 6 
complete of a second 
vibration 


For green, 

1 

6 X 10^^ seconds === 
1.7 X 10"^^ seconds 


In the first of these there has usually been but one refiection, as when 
one speaks a few words and then hears them repeated a little later after 
having been reflected from a stone cliff some distance away. Rolling 
thunder, on the other hand, results from a number of reflections of 
the original sound from a series of surfaces such as a line of hills. Other 
common examples of sound reflection will occur to the reader. 
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Law of Sound Reflection. — The law of reflection, which applies 
to all kinds of waves, was illustrated for light in Fig. 21 in Chapter 
5. A diagram exactly like (a) of that figure could be used to show 
how sound waves are reflected from a flat or plane surface. Stated 
formally the law is, Wai'es arp reflected in such a niannet that the angle 
of reflection equals the angle of incidence^ where those angles are as 



174. An expanding water 
wave. (From "College Physics,” 
Arthur L. Foley, The Blakiston Co., 
1941.) 




Fig. 17J. A water wave reflected 
by a floating beam. (From " Col- 
lege Physics,” by Arthur L. Fo- 
ley, The Blakiston Co., 1941.) 


they were defined in the earlier figure to which reference was just 

made. Obviously, for a plane reflecting surface, the angles between 
the two rays and the surface itself are also equal. 

In the above paragraph we discussed reflection in terms of the 
direction of travel of the waves. The waves themselves, as pictured 
earlier m this chapter, consist of a series of alternating condensation 
and rarefaction wave fronts. Actual wave reflection is pictured in 
Pigs. 174-177 In one case, a water wave is shown as it expands and 
then as it is reflected from a floating board. In the other, analogous 
pictures of a sound wave caused by an electric spark are shown. 

Sound Reflection in Auditoriums. - Whether or not an audi- 
orium has satisfactory acoustical properties depends largely on its 
mnd reflection characteristics. One of the two principal defects that 
an be caused by reflection of sound is excess reverberation, caused by 
repeated reflections from the various surfaces in the room. Materials 
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differ greatly with regard to the percentage of energy in a sound wave 

ey reflect. Hard plaster reflects some 97 per cent of the wave 
nergy that strides it, absorbing only 3 per cent. This means that it 
IS a better sound reflector than the best silvered plate glass mirror is a 
light reflector, because the latter absorbs something like 10 per cent of 


Fig. 176. An expanding sound 
wave produced by an electric spark 
(From " College Physics,” by Ar- 
thur L. Foley, The Blakiston Co., 
1941.) 


Fig. 177. A sound wave reflected 
by a glass plate. (From "Col- 
lege Physics,” by Arthur L. Fo- 
ley, The Blakiston Co., 1941.) 


the energy in the light that falls on it. The accompanying table gives 
the percentage of sound energy reflected by various materials. 


Table 29. Reflection Properties of a Group of Materials 


Substance or Object 

Open window (assumed value) 
Audience with all seats occupied 
Heavy curtains 
Acoustical plaster 
Unvarnished wood 
Ordinary plaster, varnished wood, 
brick, glass, linoleum 


Per Cent of Sound 
Energy Reflected 

0 

10 

60 

30 to 80 
94 
97 


Now let us consider a room with hard plaster walls. In it a sound 
would have 97 per cent of its original energy left after one reflection. 
After a second reflection there would remain 


97%— (3% of 97%) =91.1%. 
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95.1%— (3%of 95.1%) =92.2%. 


Hence, 92.2 per cent of the original energy would still be present, 
and so forth. After twenty such reflections more than half of the 
original sound energy would be unabsorbed. At this rate the wave 
could be reflected hundreds of times before being reduced in energy 
to the point of becoming inaudible. If you, as a member of an audi- 
ence in such a room, were to hear this sound after perhaps its 300th 
reflection, it would be mixed up with all the words or music that had 
been emitted since it originally came from the source. This kind of 
repeated reflection is pictured in Figs. 178 and 179. The heavy black 
lines represent directions of travel of waves and the light curved ones 
the actual wave fronts. These pictures and the explanation under 
them should be carefully studied by the reader. Reverberation, then, 
is the conglomeration of sound which results from such multiple re- 
flection. The so-called reverberation period for any given auditorium 
IS the length of time that a sound can be heard after the source stops 
emitting it. While too much reverberation is extremely unsatisfac- 
tory, none at all is almost equally undesirable. In an auditorium with 
a reverberation period of zero all speech and music would sound flat 
and hfeless. While there is no reverberation period that is best for all 
auditoriums, in general the most satisfactory time is between one and 
two seconds. The optimum time varies somewhat depending on the 
size and shape of the room and the particular use to which it is to be 


A second factor that must be considered in auditorium design 
IS t e reflection of sound from curved surfaces. In Chapter 5 
when we were discussing the reflection telescope we saw how light 
could be brought to a focu, by reflection from a curved mirror (« 
U O ig. 2 1 ) . Exactly the same sort of thing can occur with sound 
a.es when they are reflected from curved walls and ceilings. In an 
uitormm th,s tends to produce an unequal distribution of sound 
throughout the room. In extreme cases it may mean that the occu- 
pants of seats that are located in spots where waves focus, receive the 

sity thir V‘T " inten- 

V. people a few seats away may be in a " dead ” spot and receive 
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Fig5. 178 and 179. Photographs of sound impulses produced by an electric 
spark behind the disk O on the stage of a plaster paris model of a Chicago 
auditorium. The letters indicate the paths traversed by the waves. For 
example the wave O in Fig. 178 has not yet reached the rear wall. It is marked 
OF in Fig. 179, as it has struck the wall F and been reflected back toward 
the stage. The wave OHI in Fig. 178 has struck the wall J in Fig. 179 and 
is therefore marked OHIJ. Note that the wave system from a single pulse 
and after but one rear wall reflection is rather complicated. Try to imagine 
what it would be after a score of such reflections, which is a small number, 
if there were an orchestra on the stage. (From ** College Physics,’* by 
Arthur L Folev. The Rlakisrnn Cn I94i \ 
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almost no reflected sound at all. The so-called " whispering gallery ” 
effect results from focusing of sound in this fashion. Perhaps the 
most famous example of this phenomenon is found in the Mormon 
temple in Salt Lake City. A longitudinal cross-section of that audi- 
torium has the shape of half an ellipse, as shown by the solid part of the 
diagram in Fig. 180. Now an ellipse has two focus points indicated 
by F and F' and it is a property of the 
geometry of the figure that waves or 
particles moving in a straight line 
from either focus will be reflected at 
the circumference in such a manner as 
to pass through the other focal point. 

For example, on an elliptical billiard 
table, any ball started from one fo- 
cus, after reflection from the cushion, 
would pass through the other one. In 
the Mormon temple, a very slight 
sound made at the speaker’s desk 

which is near a focus point, can be heard with considerable clarity at a 
certain point near the rear of the room, 1 7 5 feet away. Readers who 
have visited the national capitol building will recall having heard the 
guide demonstrate the whispering gallery effect in the Hall of Statues. 

Although curved surfaces often produce undesirable acoustical 
effects, they also can be used to give a more even distribution of sound 
than would otherwise be possible. It is for this reason that so-called 
shells are often placed back of a stage or orchestra platform, par- 
ticularly in outdoor amphitheaters. 



Fig. 180 . Diagram illustrating 
the focussing of sound waves 
in an auditorium with a cross- 
section which is half of an ellipse. 


Refraction 

The reader has already been introduced to the fact of refraction 
as It occurs m light, in connection with the description in Chapter 5 
of the refracting or lens-type telescope. It wiU be recalled that the 
phenomenon as pictured there was simply one of bending or change of 
direction of light rays as they passed through the glass lens. Now we 
are going to ask what causes this bending, discussing it in this chapter 
m connection with sound waves. The reason for the kind of bending 
of a wave that we call refraction is the obhque passage of the wave 
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horn one medium into another in which it ttaveh at a difietent speed 

ha, been employed m counties elementary physics bih,. p„, 
ctouf’d'’”Tr “ " 0" “ “-orote parade 

ground. They ate moving in the direction indicated by the arrow and 
are approaching a sandy field, obliquely. Other things being equal, 



Fig. 181. Diagram illustrating refraction of waves. 


their rate of march in the sand wiU be less than it is on the concrete. 
In other words, they are about to move from one medium into another 
m which their velocity will be less. Part (h) shows the result of this 
change m medium. The end of each column that gets into the sand 
first is slowed down while the other end is still marching at its original 
speed on the concrete. The effect is to swing the column toward the 
sand. As soon as all the men are in the sand they proceed in a straight 
line, but in a direction somewhat different from their original one. 
Now suppose instead of columns of soldiers going from concrete into 
sand, we have sound waves moving obliquely from air into, say, rub- 
ber. The part that strikes the rubber first will be slowed down first 
and exactly the same sort of bending or refraction will occur. In fact, 
sound can be focused with a rubber lens of the same shape as the glass 
refracting telescope lens that was described in Chapter 5. 

Everyone has noticed that music or speech coming over water on 
a cool evening often seems unnaturally loud. This is because of at- 
mospheric refraction of sound. Frequently, on such evenings, the 
temperature of the air at different levels is as shown in Fig. 182, that 
is, cold air near the surface and warmer air higher up. It will be re- 
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called that sound travels faster in warm air than in cold. So the wave 
fronts of sound as they come from the bugle at the left do not move 
out as spherical surfaces as they would do in a uniform medium. In- 
stead, parts of the front that get into the warmer air speed up with 
respect to the portions near the wa- 
ter and are bent back down again 
as shown. Therefore, an unusually 
large proportion of the sound en- 
ergy reaches the opposite shore, 
which means the bugle tones sound 

louder than usual at that point If r illustrating re- 

. .‘r • i* 1 . traction of sound in air which is 

the stratdication of the air is re- colder at the earth’s surface than 

versed with the cold layer at the ^ f^^t higher. 

.op, then the wave fronts that would normally move directly across 

tk water wjl he bent up and it may be difficult to heat the bugle at 
all on the right-hand shore. * 

Beats 

fetenw' "h™ two notes of slightly dif. 

which ““"‘‘'<1 tmultaneously. One heats it as a tone 

aties regularly and continuously between loud and soft that 

n as a sort of tremolo. Let us approach an explanation of the eff«t 

f«t’ugtd h *h t 

-P and w^lh -de '“V'”’* ^ 

Starr off « .1, r ^ n Step we mean, of course, that they 

art off on the same foot. When they have gone a distance of 3 0 fj 
de man has taken exactly 10 steps and the boy 12. Since each hai 

- mom ^.s^nltCL: tS lit: ^e:':; I 

had taken live stens and rk k • 

exactly out of T Ut ’’ T’ T""* “PP”*' 

picture T fL *3 He h ' 

> Vihtat J-pet s-eJ^ranT^or wT:' TulVrT 

-t. soumied simultaneously, note that they satt out™:* 'I't 
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both start with a condensation. In wave language we would say the, 

Aown both endmg with a rarefaction. Note, however, that at , 

tion k f Pk’”. b. a conde^a- 
tion m one wave is opposite a rarefaction in another. Recalling that a 


reinforce: 


interfere: 


reinforce 



6 WAVES PER SECOND 



LOUD 


1 BEAT PER SECOND 


Fig. 183. Diagram showing how two tones of slightly different frequencies 
combine to produce the phenomenon of beats. 


condensation is a compressed region and a rarefaction a partial vacuum, 
then a combination of the two should produce an approximately 
normal distribution of air particles, that is, approximate silence. At 
such a point the waves are said to interfere. At the ends, however, 
where the waves are in phase, the condensations and rarefactions rein- 
force each other, increasing the loudness of the sound. Consequently, 
the combination tone that one hears is first loud, then soft, then loud 
again, and so on. This resultant or combination tone is represented at 
the bottom of the diagram. There will be as many beats per second 
as the difference in the frequency of the two tones. For example, tun- 
ing forks of 256 and 258 vibrations per second respectively would 
produce 2 beats per second when sounded together. The phenomenon 
can easily be demonstrated by taking two identical tuning forks and 
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loading one with a little wax or a rubber band in order to slow it down 
slightly. 

Beats are made use of in tuning pianos and other musical instru- 
ments. If It IS desired to bring two strings to exactly the same pitch, 
the tension of one is changed until all beats disappear. Tremolo effects 

in pipe organs are produced by having two pipes of slightly different 
frequencies sound at the same time. 


The Doppler Effect 

The Doppler effect, as it occurs in light, was mentioned in Chap- 
ter 5 in connection with the measurement of star velocities. It will 
be recalled that, as pictured there, the phenomenon concerned a small 
shift in frequency, that is, a change in color of the light emitted by 
a star because of its motion either toward or away from the earth. 
Since variations in frequency in sound are heard as changes in pitch 
It IS clear that the Doppler effect in this field should concern shifts in 
pitch as a result of the motion of the sounding source. Probably the 
most commonly heard example of the effect occurs when an automo- 
bile approaches with its horn blowing. At the instant the car passes 

Tund'^Or -f " 

of the’ > h fT ^ platform a distinct lowering 

of the pitch of the whistle is noticed as a train goes by. 

As to the explanation of the phenomenon, again we will make 
our approac y way of an analogy. Suppose two men, A and B are 
anding some distance apart and A is throwing baseballs at B at the 

h r t it is obvious 

that B receives 20 baseballs per minute Bnr 7 

toward R cr.ll • l ri , ^“t now suppose A runs 

has a little ho r 

has a litda ahorar iacanca to go than the one that preceded it B re 
trom B, throwing the balls back at him still at the same rate rh., U ^ 

"7Xt'“d B '17 “ 77 " “ 

B receives 2 ^ second at R. As long as both are stationary, 

fnrV ^ ^ second and says that he hears middle C But if the 

»v,ng away frotn hint he heara a tone lower than the one a^ ll'; 
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bains emitted. How much higher ot lowet the tone i, depends on 

how fast the source is moving. The effects will be similar if the source 
remains nxed and the observer moves. 

In the case of the automobile horn mentioned above, as the car 
approaches one hears a tone of higher pitch than the normal one. The 
instant it passes that pitch drops to one lower than the one that is 
heard by the driver of the car who is not moving with respect to the 




R 


Fig. 184. Diagram illustrating Doppler Effect in sound. When the auto- 
mobile horn IS sounded, observers at Os hear the true pitch; those at Op hear 
a tone higher than the true one; while those at Or hear a lower one. 

horn. Note that the shift is instantaneous. The pitch does not 
gradually change from a higher one to a lower. The diagram shown 
in Fig. 184 illustrates how the horn would sound to observers located 
at four different positions with respect to the car. The two at the sides 
of the car (Os) hear the horn*s true pitch. The one in front (Or) 
hears a higher pitch and the one in the rear (Or) a lower one. 


The Physical Basis of Music 

The dictionary defines music as ” the art or science of pleasing, 
expressive, intelligent combinations of tones.” It is our purpose in 
the rest of this chapter to consider some of the physical principles that 
are fundamental to the production of such tone combinations. 


Characteristics of Musical Tones 

Musical tones are characterized by three properties, two of which 
we have already discussed in some detail. The first of these, pitchy has 
already been described as being determined by the frequency of the 
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vibrating source. The chart shown in Fig. 185 gives the range oi 
frequencies characteristic of various musical instruments and voices. 
Note that the lowest note on the piano has a frequency less than 1 5 
vibrations per second above the lower limit of audibility. 


I 


COMPASS OF MUSICAL INSTRUMENTS 
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Fig- 185. The musical scale and diatonic frequencies tocether wirK 

th, ‘‘'P'"'!' »" >>'' ""'Pli'ude of 

to rC I'™ » 'ow I 

.I.O.O ,1 TZ ' "““I '"““s'' to be painful. Experiments 

It k « "''I >s with individuals. 

™.cal tone. For example, middle C played on a saxophone dlit 
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sound exactly the same as middle C sung by someone, or played on a 
violm or on some other instrument, even though the intensity and 
pitch may be the same in all cases. The very fact that we can distin- 
guish between mstruments in this fashion makes it clear that tones 
^ssess a third characteristic. This is caUed qiulity or timbre, and is 
determmed by what are known as overtones. We will make use of 
the senes of vibrating strings pictured in Fig. 186 to explain just what 

i ^ & a ^ ^ 


FREQUENCY 


OVERTONES 



2F 



TONE 

FUNOA/VyENTAL 


Isr OVERTONE 


3F 



2nd OVERTONE 


4F 



SrdOVERTONE 


StmOVERTONE 

Fig. 1 8 Diagram showing relationship of modes of vibration to frequencies 
and overtones for a vibrating string. (After White.) 

we mean by overtones. The lowest possible tone that a vibrating string 
can emit under given conditions of length and tension is the one 
emitted when it is vibrating in one piece, as shown by the top string 
in the figure. This is its fundamental tone. However, it is possible 
to make it vibrate in halves as shown by the second string from the 
top. When it does, the tone it emits has twice the frequency of the 
fundamental and is called the first overtone. The relation of other 
numbers of parts in which the string may vibrate, to the overtones and 
their frequencies will be clear from the rest of the figure. Since the 
term “ harmonic ” is sometimes used instead of overtone it should be 
pointed out that the fundamental is the first harmonic, the first over- 
tone is the second harmonic, etc. 

Now the important point, as far as the quality of the tone emitted 
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by a vibrating string is concerned, is the fact that it may vibrate in 
two or more of these ways at the same time. Fig, 187 shows a string 
vibrating in both one and three parts. Such a string would be emitting 
a combination of the fundamental and the second overtone. The 
tone that one would hear from this string would sound a little difFer- 


ent from that emitted by a string vi- 
brating in, say, one and two parts at the 
same time, although both would have 
the same fundamental frequency. In 
other words, one would have a differ- 
ent quality than the other. Although 
we have used vibrating strings for our 
illustration, the same thing applies to 
vibrating plates, air columns, rods, and 



Fig. 187. A vibrating string 

emitting its fundamental tone 

and 2nd overtone simultane- 
ously. 


b*. This maans that tha quality of tha tona coming from any musi- 
cal mstrumant IS detarminad by the numhar, selection, and intensity of 
e overtones that are present. There are devices such as the phonodeik 
and oscdlograph which make it possible to photograph these complex 
comhmations of the fundamental and one or more overtones emitted 
by various mstruments. The curves shown in Fig. 188 were drawn 
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from such photographs made by the late Dr. Dayton C. Miller one 
of the world s outstanding authorities in this field. Note that all of 
e tones except the one from the piano have the same fundamental 

requency yet because of the particular set of overtones present, vary 

g early m details. Note also that only the tuning fork gives the simpll 
fundamental tone with no overtones present. 


The Interval Law 

Everyone is familiar with the fact that certain combinations of 
tones produce harmony when sounded together, while others are dis- 
cordant. The interval law is an experimentally determined relation- 
ship by which one can predict, from their frequencies, whether any 
two or more particular tones will sound well or poorly together. Be- 
fore stating the law, let us describe an experiment that we might per- 
form to discover at least an approximation of it for ourselves. 

The purpose of the experiment would be to see if we could find 
any relationship among the frequencies of tones that would give us 
a basis for deciding which ones would produce harmony when sounded 
together and which ones discord. The apparatus for a rather limited 
trial could be the eight white keys on a piano, running from middle 
C to the next C above. The procedure would be to sound these tones 
in all sorts of combinations of pairs, noting in each case what the fre- 
quencies of the two tones were and whether or not they sounded har- 
monious. The frequencies of these eight tones, on the basis of 256 
vibrations per second for middle C, are given in part (A) of Table 30. 
Some of the data we would get by performing such an experiment 
appears in part (B) of the same table. The fractions given there were 
determined by reducing to its lowest terms the fraction one would 
get by using one of the pair of frequencies as the numerator and the 
other as the denominator. In the first one C — 256 and D = 288, 
Therefore, 


C 

D 



256 


which reduced to its lowest terms 




TTiis simply says that the ratio between the frequencies of C and D 
is 8/9 or 8 to 9, If the experiment were performed the combinations 
shown in the table in boldface type would sound well together while 
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the others would produce discord. Readers who have access to a piano 

would do well to check the combmations listed in the table and as many 
additional ones as possible. 

Table 30. Frequencies of Octave Beginning With Middle C 
AND Ratios of Frequencies of Various Pairs of Tones. 

Those in Boldface Are Harmonious Combinations. 

4. Frequencits in vibrations 


per second 


B. 

Combination Ratios 


c - 

-256 

C 

_ 8 

c 

_ 4 

C 

3 

D - 
E - 
F - 

-288 

-320 

-34H 

D ' 
C 

" 9 

2 

E 

C 

6 

_ 3 

F ' 
C 

' 4 

8 

G- 

3 

-384 

G 

' 3 

A 

5 

B " 

" 15 

A - 
B - 

-426f 

-480 

c 

C' ^ 

1 

” 2 

E 

G 

_ 6 
“ 6 

D 

F " 

27 
' 32 

C'- 

-512 

B 

15 

E 

_ 5 

G 

9 



C' ' 

' 16 

C 

“ 8 

A " 

' 10 


In analyzing even the small amount of data given above, one sees 
that the ratios for the harmonious combinations are smaller numbers 
than those for the discordant combinations. By taking many more 
data we would eventuaUy be able to determine at just what ratio point 

harmony leaves off and discord begins. The results of such investiga- 
tions lead to the interval law which may be stated, 

The ear recognizes as harmonious only combinations of tones 
whose frequencies are in the ratio of whole numbers of six or less. 

It should be recognized that the division point between six and 

seven was chosen purely on the basis of physiological reaction. That is, 

ratios of SIX or less sound weU to most occidental peoples, while com- 
bmations with ratios greater than six do not. 

In mmical tennmology the ratio between the frequencies of two 

tones IS caUed an interval. Qrtain of the musical intervals, which are 
given specific names, are listed in Table 3 1 


The Major Diatonic Scale 

In the sequence of tones that we caU the major diatonic scale the 

scar^^r'"/""*^?' “ accordance with the values given above. ^The 
IS based on three major triads. A major triad, as listed in the 
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Interval 

Octave 

Third 

Fourth 

Fifth 

Sixth 

Major triad 
Half tone 


Some Musical Intervals 

Frequency Ratio 

1 to 2 
4 to 5 
3 to 4 

2 to 3 

3 to 3 

4 to 5 to 6 

15 to 16 
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Example 

C-C' 

C-E 

C-F 

C-G 

C-A 

C-E-G 

E-F 


uUe tons! whose frequencies are m tW ratio cf 4 to 

J ■ is an example. Now, using 

a Jo with a frequency of 24 vibrations per second, we shaL construct a 

major sca^e. Fust the steps will be listed in tabular form, and then 
each one discussed briefly. 



do 

re 

mi 

U 

sol 

la 

ti 

do' 

r/ 

Step 1 

24 


30 


36 




Step 2 





36 


45 


54 

^tep 3 

Step 4 
Complete 

24 

24 

27 

27 

30 

32 

32 

36 

40 

40 

45 

48 

48 

48 

54 

54 


Step 1. lido = 2^ vibrations per second and do-mi-sol is to be a 
major chord, then mi = 5/4 of 24, or 30, and sol = 6/4 of 24, or 36. 

Step 2. The sequence sol-ti-re' constitutes the second major 

chord. Applying the procedure of Step 1 , we get #/ = 4 5 and re' = 54. 

Readers with some musical background will recognize that if the 

above scale were the key of C, then what we have called sol-ti-re' would 

be do-mi-sol in the key of G. Thus, this second major chord is also 
a do-mi-sol sequence. 


Step 3. Now we make use of the octave relationship m which the 

frequency ratio is 1 to 2. Thus, if lower do “ 24, the next higher 
do^ = 48 ; and if re' = 54, then lower re = 27. 

Step 4* The third major chord is composed of the tones fa4a~do'j 
of which we know d& = 48. G>nsequently, la= 5/6 of 48, or 40 and 
fa = 4/6 of 48, or 32. Here again, as in Step 2, we actually have a 
do-mi-sol in another key. This time it would be the key of F if oui 
examole were the kev of C. 
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In this way we have determined all the frequencies for a major 
diatonic scale for which do = 24 vibrations per second. Since the 
intervals are all correct, a scale starting with any other value of do 
could be obtained by multiplying all the above values by some particu- 
lar number. For example, the reader will find that if he multiplies all 
of the above frequencies by the fraction he will get the values 

given in part (A) of Table 30 for the scale starting with do = 2 56 
vibrations per second. 


The Tempered Scale 

Although the diatonic scale has exact intervals which are simple 
whole numbers, it presents certain practical difficulties from the stand- 
point of instrumental music. These difficulties arise out of the fact 

that it is not composed of equal interval steps. Instead they are as 
follows : 



As a result of this, an instrument that was tuned to exact diatonic fre- 
quencies for a certain key could be played only in that key. This, of 
course, would be particularly undesirable in instruments of fixed pitch, 
pianos and organs. Furthermore, to play such a piano even in the 
key to which it was tuned, one would need two black keys every place 
that ordinarily there is one, because in strict diatonic intervals the 

sharp of a given tone has a different frequency from the flat of the 
next higher tone. ^ 

However the human ear does not readily detect small frequency 
ifl^erences and so it has been possible to construct a so-called tempered 

m wtd. aU Ae mttrvak are the same. The frequencies of this 
scale am shown m Table 32 abugside the true diatonic values. 

differ g" “ <<<» the tempered-scale value 

hgure. It wdl be seen that there are 12 half-tone intervals in the com- 

mZ Tele t"' T ^ 

number that multiplied together 12 times will equal 2, 



1 


56H 

Table 32. 
Name in Key 

ofC 

do 

re 

mi 

fa 

sol 

la 

ti 

do' 
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Diatonic and Temperh) Scale Frequencies 


Nate 

Diatonic 

ftequencies 

Temped 

frequencies 

C 

C#.Db 

256 

256 

271.2 

D 

Djjl.Eb 

288 

287J 

304.4 

E 

320 

322.5 

F 

341 y. 

341.7 

F#.Gb 


362.0 

G 

G#.Ab 

384 

383.6 

406.4 

A 

426% 

430.5 

Ajjf, Bb 

• 

456.1 

B 

480 

483.2 

C' 

512 

512. 




since the ^al frequency is to be just twice the beginning one. In 

oAer words m mathematical terminology, the value of an interval in 

e i^pere scale is the 12th root of 2, which is approximately 1.059. 
If the reader checks this he will find that. 


256 X 1-059 = 271.2, the frequency of Cjjl, 

271.2 X 1-059 = 287.3, the frequency of D, 

287.3 X 1.059= 304.4, the frequency of , 



Types of Pitch 

To avoid confusion in our discussion of the basis of the major 
scale we have thus far used exclusivdy a middle C with a frequency 

of 25tf vibrations per second However, it should now be clear from 

the manner in which the major scale is built up that k is the intervals 
or ratios and not the specific frequendes that are hnportant. Iking 
the technique applied above one could oonficnict a pcu^ecdy good 
major scale using as ^ a miil^e C of 200 , 2 ^ 0 , >00, ©r my other 
number of vibrations per second. It happens dbt the mudtk pro- 
fession uses the A above midtfle C, iaamad of C kself for the 

defining frequency. In the scale we have usoi, A has d 
^26% vibrations per second. At 
variety of values have been en^loyed. Some early 




and so forth. 
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it a value as low as 374. A tuning fork used by Handel was 422.5. 
During the period from about 1625 to 1825, 420 was the average ac- 
cepted value. In so-called International pitch, the frequency of A is 
435. In order to obtain uniformity in this respect the American musi- 
cal industry in 1925 agreed on a standard pitch defined by an A with 
a frequency of 440 vibrations per second. Such a scale gives middle C 
a frequency of 261.6 vibrations per second. 


Discussion 


Questions 


1. In the light of the statement in this chapter about the dependence of 

the speed of sound on the elasticity and density of the medium, combined 

with your knowledge of the kinetic theory, explain why the speed of sound 

both m a free gas like the atmosphere and in an enclosed gas should increase 
with temperature. 

2. Calculate the approximate number of octaves in the entire range of 
frequencies audible to the human ear. 

3. Would a sound wave with a wave length of 100 feet traveling through 
air be audible to you? Explain. 

4. Calculate the approximate wave length of the highest pitch tone that 
you could hear. 

5. Would two tones sounded together produce harmony if the period of 
one IS three times the period of the other? Explain. 

™j' ** “Jitorium that was tither feigned (or 

that of 

of «(r«ti'oV'?"d “ 'f*” 'hoPtor in the discussion 

^rchntg „,d,e,s .ho ( , ^ f 

Crete parade ground, (b) encountered in the center of a concrete area a 

trach sounds to sometLl'fe 'grlfeard!’' ' """* "" 

It Sb,‘ th‘1' •0"'»- 

■o-otag paht of '»'■ 

■PS0-.0P: (a) DandE, (h, A^tdct tcTZd” 
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J4. E.pla,„ any .dva„,aj„ .h„ d.. Kmpe^ ,„!» has ovar ,h. dia„»c 

ZZ, of Z~ t <'>> l«™»n a f„. 

quency Of 400 vibrations per second and one of 500. 

6 Calculate the frequencies b the tempered scale of the sharp and flat 
of a tone wbch has a frequency of 450 vibrations per second 

Multiple Choice 


tinn^‘-7r """«• Pl^form of a trab as it approaches a sta- 

ar^rl (7Zt (one or more) 

fbVlTie ton. one actually sounded by the whistle. 

platform, (c) NeiAer you, the engbeer, nor the man at the station hear 

otherT J77T by the 

ZT- All three of you hear the same tone. 

2. Which one of the foUowbg sound phenomena can only occur when 
waves of different frequencies come together? (a) Reflection, (b) 

Refraction, (c) Doppler effect, (d) Beats, (e) Focusing. 

3. List all of the following groups of tones that should produce harmony 
If sounded together, the numbers bebg frequencies, (a) 222 and 444 

inn "1’ 222, 333. (e) 

100, 110, and 120. ' 


4. Which two of the following are the frequencies of the end tones of a 

major chord, the middle tone of which has a frequency of 600 vibrations per 

second? (a) 320. (b) 400. (c) 480. (d) 600. (e) 700. (f) 720. 

(g) 840. 

5. On a day when sound travels 1,080 feet per second, the tone mi of the 
next scale above one in which do has a frequency of 400 vibrations per sec- 
ond, has a wave length of between — (a) 1 and 2, (b) 2 and 3, (c) 3 and 4, 
(d) 4 and 3, (e) 5 and 6 — feet. 


True-False 

1. The continuous roll of thunder is a refraction phenomenon. 

2. In order just to be heard a sound of low frequency must have a greater 
amplitude than one of intermediate frequency. 

3. Any three tones that produce harmony when sounded together may 
be said to constitute a major chord. 

4. In the tempered scale, all half-tone intervals have the same value. 

The musical interval between two tones exactly two octaves apart 

is 1/4. 
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6. All audible frequencies of sound travel at about the same velocity in 
air of a given temperature. 

7. The second overtone of middle A in a scale of standard pitch would 
have a frequency of SSO vibrations per second. 

8. Tones whose frequencies are in the ratio of .i.76 to S.}7 should pro- 
duce harmony when sounded together. 

9. The musical interval between two tones is calculated bv subtractim; 
the frequency of one from that of the other. 


10. In an auditorium containing hard wooden seats, the 

period would be less when the room was full of people than 
empty. 


rcvcrhcr.uion 

when It was 
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Chapter 30 

LIGHT 


In all the references that were made to light in the preceding two chap- 
ters we assumed it to be a wave motion. And, indeed it is true that 
essentially all of our common everyday experiences with this particu- 
lar kind of energy can be understood or accounted for satisfactorUy 
by thinking of it in this fashion. Consequently, in the first part of this 
chapter, m which we shall discuss a group of the more familiar light 
phenomena, we shall continue to think of it as a type of wave motion. 
Nevertheless, even a survey of the field, if it is to be a fair one, must 
take some account of a certain group of well-established experimental 
facts which seem to contradict this wave picture. Therefore, in the 
latter part of the chapter we shall look briefly at the history of man’s 
ideas concerning the nature of light and see something of where sci- 
ence stands today on the question. It may be mentioned here that the 
alternative to considering light as a wave motion is to think of it as 
consisting of tiny particles or bullets of some sort. It might be well 
for the reader to ask himself with regard to each of the phenomena 

discussed, " Does it argue for waves, or particles, or isn’t it an argu- 
ment either way? ” 

Some Light Phenomena 

Most of the following manifestations have already been discussed 

as they occur in sound. It will aid the reader in remembering both 

fields if he will compare them as we consider the same phenomena in 
light. 

Speed 

Everyone today accepts the idea that light requires a definite 

amount of time to travel from one place to another, that is, it has a 

finite speed. Also, a fair percentage of people are familiar with the 
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fact that its speed amounts to about 186,000 miles per second. The 
enormous magnitude of this figure made it impossible for early scien- 
tists to measure it, and so for a long time light was considered by many 
of them to be propagated instantaneously from one point to another. 
Aristotle was one who accepted this view. 

The first actual attempt to measure the speed of light was made 
by Galileo. He and an assistant, each equipped with a lantern, sta- 
tioned themselves on hilltops a mile apart and carried out the following 
experiment. Galileo, noting the exact time, uncovered his lantern. 
The assistant uncovered his lantern at the instant he saw the flash from 
the one held by Galileo. When Galileo saw the light from this second 
lantern he again noted the time. He reasoned that the interval be- 
tween his two readings would be the time required for light to travel 
from him to his assistant and back again, that is, two miles. The experi- 
ment was a failure because in none of the trials was Galileo able to de- 
tect any time interval at all. The reason it failed, of course, was simply 
that the experimental technique was too crude to cope with the enor- 
mous speed the investigators were trying to measure. The time re- 
quired for either man to uncover a lantern, or for Galileo to shift his 
gaze from the lantern to a timepiece would be many times the approxi- 
mately one one-hundred thousandth of a second it takes light to travel 
a distance of two miles. The incident is an excellent example of a scien- 
tific experiment that was based on perfectly sound theory but failed 
because of practical performance difficulties. In fact, some of the more 

recent successful determinations of the speed of light have been based 
on essentially the same principle. 

The first successful determination came as a kind of by-product 
0 some astronomical experiments made about 1676 by the Danish 

astronomer Olaf Romer (1644-1710). Romer was engaged in a study 

of certam of Jupiter’s moons, particularly one with the comparatively 
Aon revolution period of 42 hour,. Since Jupiter requires 1 2 rimes as 
ong as the earth to complete a trip around the sun, each year we catch 

cotdd observe for a short time the frequency with which the Jovian 
Ktelhte disappeared behind the planet, and then make out a schedule 

basT ”5“ ““Of in *0 future. But when he 

such a schedule on his observations made when the earth and 
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Jupiter were on the same side of the sun, he diseovered that 6 month. 

t a , f opposite sides, an eclipse that was 

scheduled to occur at midnight did not occur until about 16% min- 
utes after midnight. Then, if he made out a new schedule based on 
these later observations, after another 6 months had passed and the 
earth was back on the same side of the sun as Jupiter, he found the 
eclipses occurring 16% minutes too soon. The only explanation that 
he could see for the discrepancy was that light required 16% minutes 
to travel the additional distance it had to go when the planets were 
on opposite sides of the sun, a distance which was equal to the diameter 

of the earth s orbit. From these data, the speed of light is determined 
as follows: 


Speed 


Distance traveled 


Time to travel that distance 


2 X 93,000,000 
i^/3 X 60 


i 56,000,000 

Ymo 


1 86,000 miles per second. 


Romer, not having accurate information on the distance of the earth 
from the sun, got a figure of 192,000 miles per second. 


The best modern determi- 
nations of the speed of light have 
been made using methods that 



Fig. 189, Simplified diagram of ap- 
paratus used by Foucault in deter- 
mining the speed of light. 


are modifications of a technique 
first introduced by Leon Fou- 
cault (1819—1868). Foucault 
was the French physicist who 
also is noted for having invented 
the gyroscope, and for having 
demonstrated that a pendulum 
persists in its direction of swing 
regardless of the motion of the 
earth. Fig. 189 is a bird’s-eye 
view of the essential parts of the 
Foucault device for measuring 
the speed of light. P is a mirror 


which can be made to rotate about an axis perpendicular to the paper. 
M represents a fixed mirror. Light from source S is reflected from P up 
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to M, which it strikes perpendicularly. If P is stationary the light will 
be reflected right back along the same path to S again. But let us sup- 
pose mirror P to be rotating rapidly at a known speed. Now, during 
the time it takes the light to go from P to M and back, P will have 
turned through a small angle and the light will be reflected down to S' 
instead of to S. By measuring the angle marked X, one can determine 
the small angle through which the mirror turned. The value of this 
angle and the mirror’s rate of rotation are sufficient data for calculat- 
ing the time it took the mirror to turn through the angle. Since this 
is also the time required for light to travel from P to M to P, dividing 
this distance by the time interval gives the speed of the light. In re- 
cent years the method has been modified in various ways, the most im- 
portant work being done by the late Prof. Albert Michelson (1852- 
1931). His principal improvements were the use of an eight-sided mir- 
ror and a considerable increase in the distance between the two mirrors. 
In a determination made in 1926 the mirrors were located one on Mt. 
Wilson and the other a little more than 22 miles away on Mt. San 
Antonio, giving a total light path of some 45 miles. At the time of his 
death in 1931, Mjchelson was at work on another measurement of the 
speed of light using an evacuated tube a mile long. Mirrors were so 
arranged at the ends of the tube that the light traversed its total length 
some ten times. The determination was completed three years later by 

Pease and Pearson who had been associated with Michelson in the 
experiment. 

The value generally accepted today as being the most accurate 
for the speed of light is, 

186,310 miles per second, or 

299,776 kilometers per second. 

For the purposes of this book it will be sufficient for the reader to re- 
member 186,000 miles per second and 3 X 10'» centimeters per second. 

Straight Line Propagation and Diffraction 

We commonly think of light as traveling in straight lines, and 
the tact that it casts sharp shadows seems to demonstrate the correct- 
ness o t is view. Another illustration is the manner in which light 
from an object passing through a small hole wiU produce an image on 
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a screen. The so-called pinhole camera is a device whVK k 

Pkotograph shown Pi,. „„ w„h such a devit' U 

.n'ZriLu'r®: -V' have 


I'r. 1 1 ,. must have trave #»< 

y straig t lines from the object to the film. It is in this con 
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MdJT (Photo by F, F. House- 


nect.on that we have what is apparently one of the most obvious dif- 
ferenees between light and sound. When light streams out of the 
doorway of a house there are sharp shadows which define definite lim- 
its to the illuminated area. But if radio music is coming through the 
same doorway there are no " sound shadows ” to differentiate sharply 
a region where sound is audible from one where it cannot be heard. 
This observed difference was one of the principal reasons why Newton 
and his contemporaries accepted the idea of light consisting of particles. 

It will be noted that in the above lines we referred to this differ- 
ence between light and sound as " apparently ” existing. As a matter 
of fact, careful investigation shows that light does bend around cor- 
ners to a small extent. Such bending of a light wave as it passes the 
edge of an obstacle is called diffraction. Its existence may be demon- 
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strated in the manner pictured in Fig. 191. Light from a small source, 
a pinhole in this case, is used to cast the shadow of an object on a screen. 
Under such conditions the shadow, instead of having sharp edges, ex- 
hibits fringes or so-called " diffraction bands.” The photographs of 
a group of small objects, taken in this manner and exhibiting these 
bands, are shown in Fig. 192. Thus light, like sound, does go around 
corners. The difference between the two is one of amount rather than 


tbanslucent 



Fig. 191. Diagram illustrating the diffraction of light. (After White.) 

of kind. Experiments show that in any kind of wave motion, the 

shorter the wave, the sharper the shadow it casts. This is true in 

sound where it can be shown experimentally that tones of high pitch 

are cut off by obstructions much more sharply than are low ones. In 

hght, where wave lengths are extremely short, the bending is still less 
and so can easily be missed. 

This type of bendmg of waves must not be confused with refrac- 
tion, Diffraction occurs when waves pass the edge of an obstacle, re- 
fraction when they go obliquely bto a medium in which they travel 
at a different velocity. The latter phenomenon has already been de- 
scried as It occurs in sound and will be considered shortly in the field 


Reflection 

Reflection ie probably the most familiar of all phenomena in this 
field, moe ercept for actual light sources, almost every object we see 
n vmbfe because of its ability to mfl«:t Bght. TheTelation of this 

b« at 'j' ^ ** considered in the next chapter. As 
has a^dy been suggested, the law of mflection that was sta^ in the 

P “ « chapter applies to light as well as to sound. This law is .'ll,,.- 
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xtd” I’puie 

all cal“ f!rT‘ ” W* fl- 

ail cases of the phenomenon whether it be from polished reflectors ot 

from so-caUed diffuse reflectors. The latter term includes all object. 

ht e "aWv S fl ”°'s of 
base fairly high reflection factors as. for instance, white blotting 


, •» . 4 .- * .1- J i« 



Fig. 192. Photographs of shadows cast by small objects. Note diffraction 

bands around edps. (From " Classical and Modern Physics,” by Harvey E. 
vt hite, D. Van Nostrand G)., 1940.) ^ 


paper, which reflects some 60 per cent of the light that falls on it, and 
snow, w-ith a reflection factor of 70 per cent to 80 per cent. The sur- 
faces of diffuse reflectors are sufficiently irregular so that parallel rays 

of light are reflected haphazardly in all sorts of directions and so do 
not form a sharp image. 

The applications which man makes of polished reflectors are nu- 
merous and include all uses to which mirrors are put. An interesting 
point in connection with full-length mirrors is illustrated in Fig. 194. 
Let us consider first, the man located at position (a). M is a vertical 
mirror in which he is lookmg at himself. The dotted lines represent 
lines of vision and are drawn in accordance with the law of reflection. 
To see his eyes and the top of his head he uses a point in the mirror ap- 
proximately his own height from the floor. To see his feet he uses, as 
indicated, a point on the mirror halfway between the floor and his 
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eyes. The location of his reflected image is shown at {o') . This means 
that a full-length mirror for an economical 6-foot man needs to be 
only 3 feet long if it is hung with its upper edge about 6 feet from 

the floor. Now suppose we move this man back to position (^) . Fol- 
lowing through the same procedure of drawing Hnes of vision we find 



Fig. 193. Photograph of light rays reflected from a plane mirror. 
Optics and Wheels, General Motors Corp.) 


(From 


that the same mirror in the same position will still serve him as a full- 
length reflector. It is evident then that the distance he stands from 
the mirror has nothing to do with the problem. In other words, back- 
ing away from a vertical mirror does not enable one to see any more 
of one s self. Since experience has shown that almost no one believes 
the preceding statement when he first hears it, it would be wise for 
the reader to find a vertical mirror and test it for himself. Note that 

what we have said applies only to a mirror that is perpendicular to 
the floor. 


The reflector buttons used so extensively today in highway mark- 
ers and roadside signs exemplify an application of light reflection which 
involves the use of three plane mirrors. The mirrors are arranged in 
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such a manner that each one is perpendicular to the other two. In 
such a combmation a beam of light that enters from any direction will 
emerge after reflection, parallel to the entering ray. Regardless of 
the angle at which an automobile’s headlight beams strike the device 
the light will be reflected directly back to the driver 



Fig. 194. Diagram showing how a 3 -foot mirror can serve as a full-length 
mirror for a 6-foot man. * 


One application of the reflection of light from curved mirrors was 
discussed in Chapter 5. We found there that a concave mirror 
could be used in a reflecting telescope to bring parallel rays of light 
to a focus. The photograph shown in Fig. 195 illustrates essentially 
the reverse of this. Here the source of light is placed at the focus of 
a parabolic mirror of the sort used as a reflector in an automobile head- 



Fig. 195. Reflection by a parabolic mirror of light rays coming from a source 
located at the focus of the mirror. (From Optics and Wheels^ General Motors 
Corp.) 


L/nap. juj Lisjjni )»i 

light. The reflected rays now are seen to come out parallel. Note 
that the law of reflection is obeyed at the points where the rays strike 
the mirror’s surface. 

Highly polished metal surfaces make the best reflectors. Silver 
and aluminum lead the list, with reflection factors of approximately 
96 per cent. The best silvered plate-glass mirrors reflect something 
like 90 per cent of the light that falls on them. 


Refraction 

When light strikes the surface of a transparent material like glass 
or water, part of it is reflected according to the law just discussed, and 



Fig 196 A photograph of light refracted by a prism and a diagram il 
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part of It IS refracted into the new medium. It will be rec.,lled th.tt 
retraction was defmed, in the precedin^, chapter, a. the chaiice in ,hc 
irection ot propagation of a wave that occurs when it passes oblinuelv 
rom one medium to another in which it travels at a different seloeitv. 


at a uiiTcrciU \cl()^it\ • 

t happens that light goes through either glass or water more slowh 



Fig. 197. Refraction of light by (a) a double convex or converging lens, 
and (b) a double concave or diverging lens. (From Optics znd Wheels, 
General Motors Corp.) 


than it goes through air, and so when it passes obliquely from air into 
one of these it is bent exactly as sound waves are bent under similar 
conditions. If the reader does not fully recall the illustration of the 
marching soldiers used in the preceding chapter to explain the direc- 
tion of the bending he should look back at the first part of the dis- 
cussion of refraction of sound on pages 5 5 5-5 57. Fig. 196 shows 
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Fig. 198. Demonstration of 
refraction. Coin cannot be 
seen when vessel is empty but 
becomes visible after water is 
poured into it. 
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refraction of light rays by a glass prism, The drawing above the 
photograph may be thought of as representing soldiers marching into 
a triangular sandy field. The lower end of the column gets into the 
field first and is slowed down, causing the entire group to swing around 
toward the right. Then the upper end 
gets out of the sand first and, speeding 
up, increases the amount of the turn. 

Once the column is entirely free of the 
sand it proceeds in a straight line. The 
reader should be able to apply this same 
line of argument to explain the bend- 
ing of light by the convex and concave 
lenses pictured in Fig. 197. Note that 

the former brings the rays to a focus while the latter causes them to 
diverge. It is the double convex type that is used in the refracting 
telescope discussed in Chapter 5 . 

An easy way to demonstrate the fact of refraction of light for 
one’s self is pictured in Fig. 198. A coin is placed on the bottom of 
a shallow basin at a place where the sides of the container just hide it 
from view. When the vessel is filled with water the com becomes 

visible, although neither it nor 
the observer has moved. The 
reason lies in the refraction of 
the light rays coming from 
the coin because of the change 
in medium. There are a 
number of commonly ob- 
served refraction phenomena. 
The twinkling of stars results 
from refraction of the star- 
light as it passes through re- 
of the atmosphere 



Fig. 199. Diagram illustrating phenom- 
enon of total reflection and meaning of 
critical angle. 


gions 

which are at varying temper- 

... atures. One of the most fa- 

miliar examples of refraction is the appearance of a straight piece of 

wood, such as an oar, that is partly in water. Everyone has noticed the 

apparent bend or break at the surface of the water in such a case. 
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One of the most interesting of refraction phenomena goes by the 
name of total reflection.” It is illustrated in Fig. 199 which shows a 
hsh lookmg out of the water in various directions. Note that it is 
poking from water, a " slower ” medium, into air, a " faster ” medium. 
When It looks m direction 1, there is no bending at the surface of the 
water because the ray strikes perpendicularly. In direction 2, there 
IS some refraction and the fish sees objects in the direction indicated 

by the solid line. The amount of this 
refraction increases with the angle until 
the point shown by direction 3 is 
reached. Here, although the fish’s angle 
of vision is only 49 degrees from the ver- 
tical, it sees the horizon. This angle is 
called the critical angle and varies with 
the transparent substance. In the case 
of common glass, for instance, it is 42 
degrees. Thus the fish sees everything 
from one horizon to the other within 
an angle of 2 X 49, or 98 degrees, 
instead of within 180 degrees as is 
the case with us. But suppose our fish directs his gaze at an 
angle greater than 49 degrees. In that case, he is unable to see out 
of the water at all, but gets instead a reflected view of something in 
the bottom of the pond in the direction shown by ray 4. So the phe- 
nomenon of total reflection occurs when light, going from a slower 
into a faster medium, strikes the boundary at an angle greater than the 
critical angle. One manner in which light rays are reflected totally 
in a glass prism is illustrated in Fig. 200. An application of this effect 
is on page 6 1 0. It should be emphasized that there is no silvering what- 
ever on the surfaces at which the reflection occurs. It is purely a re- 
fraction phenomenon occurring as described above. 

It should be noted that our use of the word medium in the above 
discussion is not entirely justifiable. The term as we used it in sound 
referred to the actual material in which the waves were propagated. 
This obviously is not the case with light in air, glass, or water, smce 
they can all be removed without hindering transmission of fight. 
However, it is true that fight goes through a vacuum a little faster 


Fig. 200. Total reflection 
by a prism. ( After White. ) 
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than through air, and more rapidly through air than through either 
glass or water. 

Interference 

At first thought it might seem unlikely that two beams of light 
could be combined in such a way as to produce darkness. Neverthe- 
less, we have already seen in the phenomenon of beats, that two sound 
waves can be made to add together to give moments of silence which 
alternate with intervals of unusual loudness. And it will be recalled 

SC0£EN 



Fig. 201. Diagram illustrating the double-slit experiment for demonstrating 
interference of light. 

that loudness in sound corresponds to brightness in light. The experi- 
ment which first demonstrated the existence in light of a phenomenon 
analogous to beats was performed in 1 801 by an English scientist named 

Thomas Young (1773— 1829). As we shall see a little later, the results 

of this experiment seemed at that time to settle forever, in favor of 
the wave theory, the question of the nature of light. Fig. 201 shows 
schematically the set-up for Young’s so-called *' double-slit ” experi- 
ment. We shall describe the experimental results first, and then ask 
how they can be explained on the basis of light being a wave motion. 
In the diagram, S represents a light located back of a narrow slit, the 
purp^ of which is to provide a small source. Si and Sa are other slits 
e^^tant above and below the level of S. Now we may ask what sort 
of pattern of light should appear on die screen at the right. It might 
s^^reasonaWe to expect to find bright spots only at points X and Y 
wch are in line widi the sHts and the original somcc. Actually, when 
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the experiment is performed, one finds a whole series nf .h 
bnght and dark band, with the brightest one appearr„g 1 1 "7 

Lttetr t ucf :r:r“ -“>4 u sucht 

Aese results eake sense ,£ light consis“ er^^tTs^tt 
of wave ntotion that if the waves go through a sntall o^n n” „ cret' 
that opentng acts exactly as though it were a new fourcl In “r; 

bs bs bi bob-ib.2b_3 
x\ \ I I / y 



^L?„t ii[e gr'““i‘‘ 'ji 

by Harvey E. TOite, D. Van NosLi[rpa„y,Ty« , 

words light waves would spread out in all directions from S. Similarly 
after light passed through Sy and S„ they would in turn act like new 
sources of light waves. Now let us fix our attention on the two waves 
rawn from Si and So to bo. These would start out in phase, or in step, 
from the two slits since Si and S, are equidistant from S. Also, since 
the distance from Si to bo equals that from So to bo, they would arrive 
at the screen in phase; that is, crests or troughs from the two waves 
would come together at bo. This, as we saw in the case of sound, would 
produce reinforcement which in light means unusual brightness. 
However, a little above bo there would be a point on the screen where 
the distance to S 2 would be just one-half a wave length longer than that 
to Si. At this point, indicated by di, waves would arrive exactly out 
of phase, that is, a crest from one would join a trough from the other. 
Such a situation in sound produces silence; in light it produces dark- 
ness. Still a little higher on the screen is ^ 1 , which is exactly one wave 
length farther from S 2 than Si, giving reinforcement again, and so on. 
Obviously, there would be a similar series of points below bo. Thus, the 

experimental results are just what one should expect if light consists of 
waves. 
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This interference effect can be seen rather easily by scratching 
two narrow lines in the emulsion on a photographic plate or film and 
then observing a vertical filament in a clear light bulb through this 
double slit. If the light source is white, the fringes will appear colored. 
If a red or violet filter is placed in front of the source, red or violet 
fringes will be seen respectively, with the red ones appearing farther 
apart than the violet. This variation in separation means that the 
different colors have different wave lengths. From the dimensions of 
the apparatus used in Young’s experiment and the distance between the 


interference fringes it is possible to calculate the wave length of the 
hght coming from S. Such determinations give the following values 
for the lengths of the waves at opposite ends of the spectrum: 


Wavelength of red = .000,07 cm. = .000,028 inches 
Wave length of violet — .000,0) 5 cm. = .000,014 inches 


The wave length of green light has already been given back in 
Table 28 as .000,02 inches. 


The Doppler Effect 

The Doppler effect, as it occurs in light, consists of an apparent 
smaU change in frequency or color because of the motion of the source 
or of the observer. The shift is toward the violet end of the spectrum 
if the source of hght is approaching, or toward the red end if it is re- 
ceding. The reason for the phenomenon should be clear to the reader 
from the discussion of it in the preceding chapter on sound. The ap- 

phcation of the Doppler effect to the measurement of star velocities 

was discussed in Chapter 5. It should be emphasized that the Doppler 

shift m light must be detected by careful wave-length measurements. 

It IS not sufficiently large so that one would notice any change in color 
With the unaided eye- 


Polarization 

The pheno^non of polarizadoi. has received a considerable 
amount of popular attention in recent years because of a number of 
mimrtant and interBting practical applications that have been made 

dd , ''““"‘'P”® '>>' ”«“« of light it is worth some con- 

■detation, because it provides the principal evidence for the idea that 
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IS assumed to be a i diagram there 



Fig. 203. Diagram illustrating polarization of rope waves 


source vibrates m various planes, that is. sometimes it moves up and 
down m the plane of the paper, sometimes back and forth at right 
angles to the paper and sometimes in directions in between these two. 

erefore, the particles of rope to the left of the first board also are 
movmg in a variety of directions, aU at right angles to the direction 
of propagation of the waves. Such waves are said to be unpolarized. 
It IS obvious that, of all these waves, the only ones that can get through 
the slot m the first board are the ones for which the vibrations are up 
and down. Therefore, between the boards, all the vibrations will be 
m a vertical plane, that is, the plane of the paper. Such waves are said 
to be plane polarized, and the device which produces the effect, the 
slot in the board in this case, is called the polarizer. Since the second 
slot is parallel to the first, the polarized waves will go unhindered 
through the right-hand board. Now we shall turn to part (b). It 
differs from the first part in that the second board has now been rotated 
through an angle of 90 degrees making the slots perpendicular to each 
other. Again, the first slot polarizes in a vertical plane the waves com- 
ing from the vibrating source. It is evident that these will be unable 
to go through the horizontal slot in the second board, so that beyond 
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it there will be no waves at all. It should be noted at this point that 
if the waves had been of the compressional type, as for example the 
ping-pong ball arrangement described in Chapter 28, rotating the sec- 
ond slot should have had no effect on their passage. 

There are materials which appear to function with respect to light 
exactly as the above slots do for rope waves. The best known of such 
substances today is Polaroid glass. Fig. 204 shows an arrangement 
of two Polaroid disks and a flashlight source analogous to that pictured 
for rope and slots in part {b) of the 
preceding figure. In other words, 
the disks are " crossed ” and almost 
no light gets through the second one. 

If, starting with this arrangement, 
one rotates the second disk, light be- 
gins to come through it, growing in 
intensity until it reaches a maximum 
after a rotation of 90 degrees. The 
second disk is called the analyzer, 
since with it one can tell whether or 
not the light is polarized. The two disks are alike and could be inter- 
changed just as could the boards in the analogy. Each disk by itself is 
transparent. This fact is illustrated in Fig. 205 which shows two of 
them in the " crossed ” position overlapping a little. Thus, one can say 
that if light consists of transverse waves, and if these polarizing mate- 
rials behave toward it in a fashion analogous to that described for slots 
and rope waves, then the phenomenon of polarization in light becomes 
understandable. If the reader has properly appreciated the implica- 
tions of the scientific method, he will understand that this is not quite 
the same as saying that the demonstration with rope waves proves that 
light consists of transverse waves. To show that a certain mechanism 
will produce a given result does not prove that it is the only one 
that will do so. The technique of trying to prove things by illustra- 
tion or analogy is a fallacious method of argument although, as the 

reader will recognize, public speakers in many fields make extensive 
use of it. 

There are several methods by which light can be polarized, other 
than by the use of Polaroid disks. When unpolarized light strikes a 


NO light 

POLARIZED 



POLAROID 

(POLARIZER) 


Fig. 204. Diagram illustrating 
polarization of light. Polaroid 
disks are arranged analogous to 
(b) of Fig. 203. 
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polished glass surface at an angle of about 17 degrees, the reflected 
earn ,s almost entirely plane polarized. With other angles of inci 
ence the reflected light is partially polarized. Crystals of such ma- 
tenals as calcite, quartz, mica, and ice have the property of splitting a 
m of light into two beams, both of which are plane polarized but 



X'lG. 205, Photograph of light coming through 
which overlap. (Polaroid Corp.) 


crossed ” Polaroid disks 


at right angles to each other. Other methods of polarizing light in- 
dude passing it through tourmaline, and through a solution contain- 
ing particles which scatter the light. The dust in the atmosphere, for 
instance, partially polarizes the light that is scattered by it. 

Many of the more recent applications of polarized light have been 
made possible by the development of Polaroid materials, which for the 
first time has permitted the manufacture of sheets of polarizing mate- 
rial larger than an inch or two in diameter. Uses which involve the 
reduction of glare are probably more or less familiar to the reader. The 
light from a reading lamp that has polaroid glass surrounding the source 
produces less glare than does unpolarized light. Polarizing sun glasses 
act in a similar fashion. Glare from automobile headlights can be es- 
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sentially eliminated by using polarizing headlight lenses, and then 
making the windshield, or a section of it, of a polarizing material 


that is " crossed ” with respect to 
the lenses of approaching head- 
lights. 

Important engineering ap- 
plications of polarized light are 
based on the experimental fact 
that transparent materials under 
strain will exhibit vivid color ef- 
fects when illuminated with po- 
larized light. These color mark- 
ings are such as to make it possible 
to locate points of maximum 
strain in the substance. This phe- 
nomenon is illustrated in Fig. 206 
which shows a U-shaped trans- 
parent object with force ap- 
plied to the ends while the piece 
is illuminated with polarized 
light. 

The color eflfects are so dis- 
tributed as to make it possible to 
locate points of maximum strain. 
In this way, if one wishes to know 
the places of strain in a bridge 
member or a gear, one can make 
a scale model of the piece out of 
transparent material, apply loads 



Fig. 206 . Photograph of a transpar- 
ent U-shaped object illuminated with 
polarized light while under strain. 
(Polaroid Corp.) 


to It proportional to those that the completed member wUl experi- 
ence, and study the piece under polarized light. 


The Nature of Light 

Man’s curiosity concerning the nature of light was aroused at a 
fairly early time, just as it was with regard to the nature of heat and 
of matter. The fact that the sun is the principal source of light made 
tt clear that the transmission of energy from one place to another was 
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.nvolv„i .n ,h. pn.blem. No., if ,h. ,„6e, .ill ,hi„k b.ck o,„ d. 

> anom ciample, of eo„gy transmmioo .e bavf con,id,„d. h. .ill „ 

bat ihty all can be reduced to t.o type,, tbo. that involve the actual 
proiectton of otatetial bodiea and tho. in .hicb .ave. *o tbn,u,b“n 

intervening medium For tbit reason, theories of the nature of light 

have ai.ays psetured it either as consisting of tiny particles or a. beL 

a .ave motion ,n some sort of medium. The former are commonly 
called corpuscular theories and the latter wave theories. 


Early Theories 

Early Greek scientists and philosophers, with the exception of 

Aristotle, adopted one variation or another of a corpuscular picture. 

One group held that the particles were emitted by the eye and that an 

object became visible when these little bullets struck it. This idea lost 

favor, however, because by it, one could not explain why people failed 

to see just as well at night as during the day. Pythagoras and his fol- 

lowers, in the sixth century b.c., reversed things and taught that the 

particles were shot out by the object which, in this case, was seen when 

the tiny light bullets struck the observer in the eye. Plato modified 

this picture about a century later, teaching that sight resulted when a 

stream of light particles coming from the eye mixed first with a set 

coming from the sun, and then with another group emitted by the 
body that was being observed. 

Aristotle, in the fourth century b.c., discarded all particle theories 
and taught that light was a sort of quality or action in a transparent 
medium through which it was transmitted instantaneously. 


Newton’s Particle Theory 

Sir Isaac Newton (1642— 1727) was one of the first to carry out 
extensive experiments in the field of light. Let us go over the list of 
phenomena discussed previously and ask what bearing each one, in 
Newton’s opinion, had on the question of the nature of light. Romcr’s 
measurement of the speed of light occurred when Newton was around 
34 years of age. Since both waves and particles would travel with a 
finite speed, that particular fact favored neither theory. Refiection 
was no help either because, as we have seen, the same law applies to 
both waves and corpuscles. The apparent straight line propagation of 
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light was perhaps the principal reason for his eventual adoption of a 
particle theory, although he seems to have experienced a considerable 
amount of indecision from time to time. Knowing the ability of sound 
and water waves to bend around corners, Newton was unable to ex- 
plain the sharp shadows he observed in light on any other than a parti- 
cle basis. We know today, as has already been pointed out, that in 
proportion to their size, light waves are diffracted just as much as are 
sound waves. It must be remembered that the shortest audible sound 
waves are more than 20,000 times as long as the longest visible light 
waves. 

By assuming that light traveled faster through denser materials 
like water and glass than through air, Newton was able to account 
entirely satisfactorily for refraction phenomena. The assumption 
could not be tested during Newton’s lifetime, however, because no one 
was able to make velocity measurements in media other than air. In- 
terference phenomena had not yet been discovered and not much was 
known about polarization. One difficulty in the way of Newton’s 
particle theory was the fact that when light strikes something like glass, 
part of it goes through and part is reflected. For instance, it would 
be hard to imagine a surface against which one could throw a bucket 
of ping-pong balls and have part of them bounce off and the rest go 
through. To account for this observed fact in light, Newton had to 
assume that part of the time the particles were in what he called a state 
or mood of " easy reflection,” and the rest of the time in one of " easy 
transmission. Then what happened to any given particle when it 

struck a surface could be said to depend on which of these states it was 
in at the moment. 

At the time of Newton s death and for a good many years after- 
wards, the problem of the nature of light was considered to be pretty 
well settled, with essentially everyone agreeing on a particle picture. 

The Wave Theory 

Thomas Young is generally credited with having founded the 
wave theory of light. His experiments on interference of light, per- 
formed near the beginning of the nineteenth century, seemed under- 
standable only in terms of light consisting of waves. The nature of 
the explanation of this has already been discussed in this chapter. Not 
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only that, but diffraction and polarization, which by Young’s time 

had been more fuUy investigated, could be adequately explained by 

waves. This fitting of diffraction into the wave picture, of course 

e minated the " straight line propagation ” argument on the particle 

side The experimental facts concerning finite velocity and reflection, 

we have already seen, agree with either theory. What seemed to be 

the final test came in 1 849 when Foucault measured the speed of light 

in media other than air and found that the more dense the material, 

the slower light went through it, completely contradicting Newton’s 

basic assumption with regard to refraction. And so again in 1850 the 

problem of the nature of light seemed to be finally settled, this time 
in favor of the wave picture. 


Present Status of the Problem 

In spite of its success in explaining the experimental phenomena 
just mentioned, even in 1850 the wave theory had one outstanding 
weak point. That concerned the medium in which light waves travel. 
The term " ether ” has come into common use as the name of this 
medium but it must be recognized that ether was invented, not dis- 
covered. It was invented rather definitely because of the fact that all 
other types of waves that had been studied required media, and it was 
felt that, therefore, there must also be one for light. While much 
work and research has gone into the study of this problem and some 
advances have been made, this particular feature of the wave theory 
stUl offers a number of unsolved problems. 

Additional difficulties for the wave theory of light came into be- 
ing with the startling series of discoveries in physics that began around 
1895 and included X-rays, radioactivity, the electron, and photo- 
electric effect. Because of the complexity of the theories involved in 
these phenomena, the reader will have to take on faith most that we 
say here about their bearing on the nature of light. The principal 
point to be made is that some of the experimental facts in connection 
with certain of these discoveries, notably the photoelectric effect, 
are understandable only in terms of light's being corpuscular in nature. 
Also, the results of certain experiments made on electrons have re- 
moved diffraction and interference from the group of seemingly con- 
elusive wave arguments. 
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Today we have three kinds of experimental facts about light. 
One group can be accounted for by either a wave or a particle picture; 
a second seems to make sense only in terms of a wave theory; while 
the third group can be explained only if one thinks of light as con- 
sisting of particles. Since all of the more familiar manifestations of 
light come under the first and second of these groups, we commonly 
use the language of waves to describe light phenomena, while recogniz- 
ing that a future completely satisfactory theory will have to be in 
agreement with all facts. 


In closing this chapter, let us emphasize the point that is the 
principal reason for going into as much detail as we have in connection 


with this story of man’s theories of the nature of light. It affords an 
excellent example of the way in which scientific theories develop with 
the growth of evidence. Here was a problem that seemed entirely set- 
tled at one time, then some years later just as completely settled in ex- 
actly an opposite manner, and finally has become definitely unsettled 
again. The important thing to note is that each time the situation 
changed, that change occurred because of new experimental evidence, 
and was made only when such new evidence made it necessary. This 
illustrates again the point that has been made before in this book, 
namely, that any scientific theory is satisfactory at a given time if it 
agrees with all the experimental facts known at that time, and that to 
ask whether it is right or wrong is to propound an interesting but ir- 
relevant question. One of the principal functions of any scientific 
theory lies in the fact that it stimulates men to perform further experi- 
ments in order to test it, and its value in that connection is just as great 

if the knowledge gained in the experiments contradicts it, as it is if the 
new information supports it. 


Discussion 


Questions 


1. Describe Galileo’s attempt to measure the speed of light and explain 
Why jt was unsuccessful. 

measuring the speed of light used by Fizeau 
and show how it differed from Foucault’s procedure. 

3. If the moon should suddenly blow up at midnight tonight, at what 
me _would anyone on the earth see the explosion and when would they 
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4. Answer Ques. 2 substituting sun for moon. 

Calculate the length of the shortest possible full-length mirror that 
a ^-foot man and his 5 -foot wife could both use. 

6 Where would the angles of mcidence and reflection be in the photo- 
graph shown m Fig. 193? ^ 

7. Can you give a reason why you naturally back away from a full- 

length vertical mirror in a clothing store even though doing so does not 
enable you to see any more of yourself? 

8. Find some practical appHcations of curved mirrors other than those 
mentioned m the chapter. 

9. Dr^ lines showing how light rays would be reflected from a convex 

mirror Why might such a mirror be better than a flat one for use as an 
automobile rear-view mirror? 

10. After reading the explanation of refraction in sound in Chapter 29 
explam the refraction of light by the two lenses pictured in Fig, 197, 

11. Find some examples of refraction phenomena other than those men- 
tioned ui this chapter, 

12. In terms of one of the hght phenomena discussed in this chapter, ex- 
plam why It IS possible to see the moon after it has gone a little below the 
horizon. 


1 3 . Why wouldn’t it be a good idea to try to explain going through a red 

traflSc light by saying that as you approached it the Doppler effect made it 

appear green? Would a more plausible situation be for a green light to appear 
red? Explain. 

14. Calculate about how many times the wave length of middle C is 
greater than that of green light. 

15. Explain the answer that you would give to Ques. 5 in the Multiple 
Choice group, 

16. Calculate the approximate number of octaves, as that term was de- 
fined in Chapter 29, there are between violet light and red light. 

17. Explain why the phenomenon of polarization seems to be an argument 
for transverse waves in light, 

18. Calculate the frequency of green light. 


Multiple Choice 

1. Which one of the following phenomena would be least likely to occur 
in sound waves? (a) Interference, (b) Doppler effect, (c) Refraction, 
(d) Polarization, (e) Reflection. 

2. At the present time the experimental evidence concerning which of 
the following (one or more) is understandable only in terms of the wave 
theory of light? (a) Photoelectric effect, (b) Refraction, (c) Polariza- 
tion. (d) Reflection, (e) Existence of a finite speed. 

3. Which two of the following properties of a light wave multiplied to- 
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gether should give approximately the figure ”186,000 ”? (a) Period in 

seconds, (b) Wave length in feet, (c) Frequency in vibrations per second, 
(d) Wave length in miles, (e) Speed in miles per second, 

4. List all of the following that are due primarily to refraction of light, 
(a) Shift in observed frequency of light due to motion of the source, (b) 
Focusing of light by the Mt. Wilson 100-inch telescope, (c) Bent appear- 
ance of a straight stick that is partially submerged in water, (d) Magnifying 
effect of a concave mirror, (e) Total reflection. 

^^^*ch one of the following names is out of place, on the basis of mate- 
rial discussed in this chapter? (a) Newton, (b) Galileo, (c) Michelson. 
(d) Foucault, (e) Romer. 

True-False 

1. Variations in brightness of light are analogous to variation in pitch 
of sound. 

2. Polarization is primarily a refraction phenomenon. 

3. An experiment performed during the last century, which provided a 
test between the wave and particle theories of light, involved the measure- 
ment of the speed of light in media other than air. 

4. If a photograph of the spectrum of a certain star showed all the lines 
shifted a little toward the red from their normal position, one would con- 
clude that the star and the earth were getting closer together. 

5. We see light of widely differing wave lengths as light of different colors. 

6. Romeros determination of the speed of light involved primarily a 
knowledge of the diameter of Jupiter. 

7; Both diffraction and refraction involve bending of light rays although 
lor different reasons. 

8. In the interference experiment pictured in Fig. 201, dark spots ap- 
pear on the screen at points whose distances from and Sj differ by a whole 
number of half wave lengths. 

9. The polarized light on one side of a Polaroid disk would be expected 
to be s^ewhat less intense than the unpolarized light on the other side. 

10. The name of Thomas Young is associated with one of the modern ex- 
penments the results of which do not fit the wave theory. 
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As we saw m the preceding chapter, at the present stage of our knowl- 
edge we have to think of light as leading a kind of double life. Under 
some conditions it behaves in a distinctly wave-like faAion, while 
mder others its deportment is definitely the sort that one would expect 
from particles. In the topics that will be considered in this chapter we 
shall think of it exclusively in the first of the two roles. 

,The Electromagnetic Spectrum 


We have already used the term " spectrum ” in connection with 
visible light. It will be recalled that by the visible spectrum one mpans 
the range of wave lengths, or frequencies, running from red through 
orange, yellow, green, blue, indigo, and violet (ROY G BIV) . But 
experiment shows that there are waves longer than red and others 
shorter than violet, which have exactly the same nature as light. It is 
the entire range, of which the viable portion is but a small fraction, 
that is called the electromagnetic spectrum. 

Table 33 lists the groups into which this toial spectrum may be 
divided. It should be emphasized that the wave-lengdb limifs are ap'^ 
proximations. This means that at each division pomt there is an over- 
lapping borderline range of wave lengths diat nq^ be put m eithta- 

' k * 

group. In connection with the column ghrmg, tifi mimbar nE octaves 
m each group, the reader should recall that an octave is defined as the 
interval from a given frequeacy to either twice or haM ibat fitequency, 
or from a givm wave length to half or cwbediat wave 
look bridiy at certain 
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Table 33. The Electromagnetic Spectrum Showing Approximate 

Wave Lengths of the Various Types of Waves 



Approximate 

Approximate 

Number 

Kind of 

Wave Length Range 

Wave Length Range 

of 

Waves 

— English Units 

— Metric Units 

Octaves 

Long Electro- 

Hundreds of miles 

Hundreds of kilometers 


magnetic 

to 

to 

5 or 6 

Waves 

10 miles 

17 kilometers 


Assigned 

10 miles 

17 kilometers 


Radio 

to 

to 

14 

Range 

29 inches 

75 centimeters 


Ultra-short 

29 in. 

75 cm. 


Radio 

to 

to 

12 

Waves 

.01 in. 

.025 cm. 


Infra-red 

.01 in. 

.025 cm. 


or Heat 

to 

to 

9 

Rays 

.000,028 in. 

.000,07 cm. 


Visible 

.000,028 in. 

.000,07 cm. 


Light 

to 

.000,014 in. 

to 

.000,035 cm. 

1 

Ultra- 

.000.014 in. 

.000,035 cm. 


violet 

to 

to 

5 

Rays 

.000,000,5 m. 

.000,001,3 cm. 

X-rays 

.000,000,5 m. 

.000,001,3 cm. 



to 

.000,000,000,4 in. 

to 

.000,000,001 cm. 

10 

Gamma 

.000,000,000,4 in. 

.000,000,001 cm. 


Rays 

to 

.000,000,000,04 in. 

to 

.000,000,000,1 cm. 

4 


the sake of the table we have rather arbitrarUy placed the upper limit 

of wave lengths at hundreds of miles. Theoretically, there is no length 

which can be said to constitute an absolute maximum. The longer 

ones listed here have no particular practical applications at the present 

time. However, those ranging in wave length from something like 12 

to 19 miles, which is about 20 to 30 kilometers, are used in some radio 
telegraph work. 
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Assigned Radio Range 

This IS the portion of the radio spectrum that is allocated for 
specific purposes by the Federal Communications Commission. Wave 
lengths from about 17 kilometers down to 545 meters are given over 
largely to government communication including ship, aircraft, and 
coastal telegraph. This is a frequency range of from some 17.6 kilo- 
cycles up to 550 kilocycles. The part of the band from 545 meters 
down to about 1 89 meters constitutes the range assigned for commer- 
cial broadcastmg. This is the frequency band from 550 kilocycles to 
1,590 kilocycles as shown on the standard radio dial. To illustrate the 
change from frequency to wave length, let us consider a station that 
broadcasts on a frequency of 5 50 kilocycles. In radio frequencies the 
term cycles ” may be taken as synonymous with " vibrations per 
second.” Since the prefix " kilo ” means " thousand,” 550 kilocycles 
is equivalent to 5 5 0,000 vibrations per second. Now all electromagnet 
vibrations travel with the speed of light, namely, 3X10'® centimeters 

per second. Substituting the above values in the relation developed in 
Chapter 28, which was. 

Speed =■ Wave length X Frequency, 

we get. 


(3 X cm./ sec.) = {Wave length in cm.) X {550,000 vib./sec.) 


or 


™ t .1 . 30,000,000,000 cm./sec. 

Wave length m cm. — — 

550,000 vib./sec. 

= 54,545 centimeters = 545 -j- meters. 

In order to fix this relationship in mind the reader should take the 
wave lengths and frequencies of several radio stations as they are given 
in the newspaper, change them to centimeters and vibrations per sec- 
ond respectively, and see whether when the two quantities are multi- 
plied together, the product equals the speed of light. 

Just below the commercial broadcast band is the range of wave 
lengths from 189 meters to 174 meters, includmg frequencies between 
1,590 and 1,716 kilocycles. This band is allocated for some govern- 
ment work and for use by certain marine and police stations. 
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Below this comes an amateur band which goes down to a wave 
length of no meters, or 2,000 kilocycles. Another amateur band 
covers the range from 3,500 kilocycles to 4,000 kilocycles, with still 
another from 7,000 kilocycles to 7,300 kilocycles. These are wave- 
length ranges around 78 meters and 42 meters respectively. Foreign 
and domestic short-wave communication uses a series of bands at 49, 
31, 25, 19, 16 , and 13 meters. Short radio waves have an advantage 
in that they can be focused and confined to a narrow beam to a much 
greater extent than can the longer waves. Instead of broadcasting 
with the energy spreading out in all directions, short-wave stations can 
" narrowcast ” in such a manner that most of the energy is directed 
toward the desired objective. In this way a maximum of distance is 
achieved with a minimum of power. 

Wave lengths from 10 meters down to about 75 centimeters, that 
is, the frequency range 30,000 to 400,000 kilocycles, are assigned for 
use by experimental stations, certain government departments, tele- 
vision stations, and some police communication outfits. 

Some of the uses, other than for radio work, that are made of 
waves from 75 centimeters up to several meters in length will be men- 
tioned in the next section since the two bands are involved. 


Ultra-short Radio Waves 

A considerable amount of experimental work has been done 

within recent years on electromagnetic waves in this range. They 

have valuable applications in two-way radio telephone communication 

over relatively short distances. Such a telephone system formerly 

operated between France and England using 1 8 -centimeter waves. 

Waves down around 5 centimeters in length have been employed to 

some extent in two-way police communication. As mentioned above, 

the high directional characteristics of these waves make it possible to 
use very small power output. 

There are a number of applications for waves in the upper part 
of this band and the lower portion of the preceding one which have 
nothing to do with radio communication. Wave lengths of several 
meters are used to kill various types of organisms, such as weevils or 
worms, when they are in the egg or larvae stage in grain. Artificial 
fevers, which have proven so valuable in the treatment of certain dis- 
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eases „e mduced by subjecting tbe patient to very short r.dw wavec 

So-caM djathermy ” machines are really short-svave transmitters. 

The lowest part of the range, as we have stated it in the table, has 
no practical uses at the present time. 

Infra-red or Heat Rays 

It IS a familiar fact that when any object is at a higher temperature 
than Its surroundings, it radiates heat. This heat can be felt, although 
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Fig. 207. Photographs of a view under clear conditions on ordinar}' film 
(above) and infra-red sensitive film (below). (Photos: Messrs. Ilford, Ltd.) 






LIGHT 


603 


Chap. 31] 


the temperature of the radiating material may be far below that at 
which it would become incandescent and emit light. Experiment 
shows that the radiation is composed of a range of wave lengths, all 
of which are shorter than radio waves but longer than red light. Al- 
though infra-red rays are not visible to us, photographic films and 
plates are made today which are sensitive to them, and it is in connec- 
tion with such photography that some of the most interesting applica- 
tions of these waves take place. For one thing, it is possible to photo- 
graph an object by the “ light ” of an electric iron or a stove in a room 
that appears totally dark to the eye. A somewhat more practical ap- 
plication of infra-red photography concerns the photographing of 
distant objects. It happens that as light goes through the atmosphere 
there is a tendency for the rays to be scattered, that is, reflected at 
random, by particles of dust or mist that are present. But the amount 
of scattering becomes less, the longer the wave length. For this reason, 
infra-red rays penetrate better than does visible light. The compara- 
tive photographs shown in Fig. 207 illustrate this fact. One was taken 
on ordinary film and the other on infra-red sensitive film. In such 
pictures the green of trees and grass photographs a kind of silvery 

color which looks very much as though the scene were bathed in moon- 
light. 

An application of infra-red in modem warfare concerns the de- 
tection of the presence and location of enemy aircraft. Detectors sen- 
sitive to the heat from the engines of airplanes make possible the cal- 
culation of their approximate location even though they are quite 
invisible, in the ordinary sense of that term. 


Visible Light 

The characteristics of visible light were considered at some length 

in the preceding chapter and most of its applications are pretty well 

known. The number of octaves included in the visible range is worth 

notmg. Out of the approximately 60 octaves represented in the whole 

electromagnetic spectrum, we can see only one. Thus, our eyes are 

sensitive to a much smaller range of light frequencies than are our ears 

to sound frequencies. The audible sound range comprises some 9 or 1 0 
octaves. 
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Ultra-violet Light 

The group of electromagnetic radiations having wave lengths 
just too short to be visible is called ultra-violet light. These rays have 
received a great deal of attention in recent years in connection with 
their beneficial physiological effects. The lack of vitamin D can be 
compensated for, to a large extent, by the use of ultra-violet radiation. 

young rats are fed on a diet that is adequate in every respect except 
that It contains no vitamin D and are kept in the dark, they exhibit 
symptoms of rickets in a short time. On the other hand, as little as 
20 minutes a day of sunshme will keep the disease from developing. 
That It IS the ultra-violet rays that produce the results is proven by 
the fact that sunlight coming through glass which absorbs these par- 
ticular wave lengths will not prevent rickets. Experiments have shown 
that the reactions of human beings are similar. Of course, the physio- 
logical effects of ultra-violet light are sometimes quite the opposite of 
beneficial, as ovenndulgence in sun bathing demonstrates. The fact 
that these rays are not visible makes it possible to develop a severe case 

of sunburn on a day when one feels quite safe because the sun appears 
to be hidden behind thin clouds. 


An application of ultra-violet rays that has acquired considerable 
importance in the last few years is in connection with fluorescent light- 
ing, a subject that is discussed more fully in Chapter 33. 


X-rays 

These rays are generated when electrons traveling at a high rate 
of speed strike a target of some heavy metal such as platinum or tung- 
sten. An X-ray tube is a device which, first, provides electrons in 
the same manner as that described previously for the Crookes tube, 
then speeds them up, and finally, allows them to hit a piece of heavy 
metal. Note that the electrons are not the X-rays. Someone has sug- 
gested the analogy of machine gun bullets being fired against a metal 
target and setting up sound waves when they strike. The electrons in 
the X-ray tube are analogous to the bullets and the X-ray radiation to 
the sound waves. The principle applications of X-rays result from 
their comparatively great ability to penetrate matter. This property, 
in addition to the destructive effect the rays have on living tissue, gives 
them their value for the treatment of a disease like cancer. It is this 
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same penetrating power that makes X-ray photographs possible. In 
the radiograph of the human hand shown in Fig. 208 the X-rays pene- 
trated the flesh much more easily than they could the bone structure, 
producing a silhouette of the 
bones on the photographic 
film. Note that the finger ring 
essentially stopped any rays at 
all from getting through. The 
use of extremely short expo- 
sure times in taking X-ray 
photographs represents one of 
the more recent developments 
in the field of X-ray photog- 
raphy. Tubes have been de- 
veloped which make millionth- 
of-a-second exposures possible. 

The technique permits the 
X-ray study of moving parts 
of machinery such as rotating 
shafts and fly wheels. In this 
way flaws can be detected 
which are not apparent when 
the member is at rest. 

Gamma Rays 

Gamma rays, we have al- 
ready seen, represent one of the 

three types of radioactive radiation, the other two being electrons and 
alpha particles. Being of shorter wave length than X-rays, they are 
even more penetrating. They find uses similar to those mentioned for 
X rays in the treatment of diseases, being employed in cases where the 
trouble is too deep-seated to be reached by the longer rays. 

Gamma ray photographs can be used in the study of the internal 
stmeture of large pieces of metal. In applying this technique a cap- 
sule contaming about half a gram of radium sulfate — $12,000 worth 
— IS placed on the inside of a steel casting. Gamma rays emitted by 
this compound will penetrate several inches of steel and register on the 
tlm which is strapped around the outside. An example of such a 



Fig. 208, X-ray photograph of a human 
hand. (Photo by Dr. Whateley David- 
son.) 
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gamma ray photograph of steel is shown in Fig. 209. The dark spots 

indicate air bubbles and impurities. From pictures of this sort metal- 

urgical engineers are able to detect flaws and prescribe corrective 
treatment for the metal. 



Fig. 209. Gamma ray photograph of a piece of steel. The dark spots are in- 

ternal air bubbles and impurities. (Westinghouse Electric and Manufactur- 
ing Co. ) 


Cosmic Rays 

Cosmic rays have received an enormous amount of newspaper 
and magazine attention in recent yean. As a matter of fact, their 
nature has not been established as satisfactorily as has that of the other 
^ypes of radiation just considered. However, cosmic rays are known 
::o be more penetrating than gamma rays and if, as some of the evidence 
:uggests, they should be included in the electromagnetic spectrum, 
;hen they occupy a position at the bottom of our table. This means 
:hat their wave lengths would be less than the four hundred billionths 
)f an inch that marks the approximate lower limit of the gamma-ray 
ange. 

The Physical Basis of Seeing 

Since the action of the human eye resembles in many respects that 
if a camera, we shall begin this part of the discussion by comparing 
hese two instruments. 
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Comparison of the Human Eye with a Camera 
The Camera. — The diagram in Fig. 210 is a cross-section of a 
bellows-type camera and shows the formation of an image on the film. 
The point at which an image is located back of the lens varies with the 
distance that the object being photographed is in front of it. For 
example, the rays of light from an object that is very far away come 



Fig. 210. Diagram illustrating the formation of an image on the film in a 
camera. (After White.) 

to a focus at some such place as that indicated by the dotted line. To 
photograph a distant object it would be necessary to move the lens back 
until the dotted line coincided with the film. For objects nearer the 
camera than the arrow, the lens would have to be moved farther out. 
This process is called focusing. The amount of the variation of image 
location with change in position of the object is less for small lens open- 
ings than for large. As the reader may have discovered from experi- 
ence the more a camera lens is " stopped down,” the greater is the 
range of distance over which objects are in good focus. So-called 
fixed-focus instruments, like box cameras, are made with a small lens 
opening. In modern small cameras of the " candid ” type, focusing 
is accomplished by screwing the lens in or out of the mounting, in- 
stead of by sliding a bellows back and forth. A single converging 
lens of the sort shown in the diagram is used only in very cheap cam- 
eras, and is subject to quite a number of lens defects. These can largely 
be eliminated by combining a number of lenses. Most good cameras 
contain from three to five separate lenses in the complete combination. 
Note that an inverted image is formed pn the film. 
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The Eye. — Fig. 2 1 1 represents an arrangement for the eye anal- 
ogous to that m the preceding diagram for the camera. The lens of 
the eye corresponds to the lens of the camera. The retina is the sensi- 
tive screen which is analogous to the film. As in the case of the 
camera, an inverted image of the object is formed on the retba, even 
though the brain interprets this image as right side up. It is possible 



Fig. 211 . Diagram illustrating the formation of an image on the retina of the 
eye. (After White.) 


to demonstrate this fact by an arrangement which is known to throw 
an upright image on the retina. When this is done the subject sees 
the object inverted. The iris is a flexible diaphragm which varies the 

amount of light entering the eye just as the stop or diaphragm does 
in the camera. 

The eye differs from the camera in the manner in which adjust- 
ment is made for objects at different distances in front of the lens. 
Instead of moving the lens back and forth, its curvature is varied by 
a system of muscles and ligaments which surround it. When one looks 
at nearby objects certain muscles squeeze the lens and make it bulge 
out, bringing the point of focus closer to it. For distant vision other 
muscles pull at the edges making the lens thinner and moving the focus 
point back. In this way the image is kept on the retina regardless of 
the location of the object. This process, which accomplishes the same 
result as focusing in the camera, is called accommodation. When the 
ability for accommodation decreases, one has to add supplementary 
lenses in the form of spectacles to aid in the maintenance of good 
vision. 

It is worth noting that fish bring objects to focus on the retina of 
their eyes in the same manner as that described for the camera, that is, 
by moving the lens in and out. 
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Aids for Defective Eyes 

If, for an\’ iwison, the tens of the c\ e h.irdeiis or the nuisdes 
weak, the accommodation process Laecomes difiicnli. \\ hen the lens 
happens to grow hard in a shape that is too thin, the condition kni)wn 


as far-sightedness, tir hyperme- 
tropia, develops. In the far-sighted 
eve, the imat^e forms back of the 
retina, as shown bv the dotted line 
of Fig. 212(a). Since the rays 
must focus on the retina tor clear 
vision, the remedy is to provide a 
converging spectacle lens that aids 
in bringini; them to a focus ‘^ome- 
what more quickiv. 

If the lens of the eve is too 
thick, the ravs focus in front of the 
retina and the individual is said to 
be near-sighted. This condition 
and the reniedv are shown in Fi^. 2 

• O 

ing lens is supplied which prevents 
quickly, and moves the image back 
also known as myopia. 



l ie. 212. DiagiMiTis showing cor- 
rection ot (a) tar-siehicdness b\ 
the Use ot a converging lens and (h) 
near-sightedness b\ the use of di- 
\erging lens, 

12 (b). For correction, a diverg- 
the light from focusing quite so 
:o the retina. Near-sightedness is 


A third common e\'e defect is astmmatism. 

' O 


Ihis results when 


the lens of the eye is not of uniform ctirv.tture in ,tll directions. Fi<n 



Fig. 213. Test Chart for astigmatism. The lines should all appear of equal 
blackness to the normal eve. 

21.'’ IS ,t test chjrt for this defect. The reined)- is to provide specr.icle 

lenses which .ilso are unequally curved but in .1 m.tnner that will just 
counteract the defects of the eve lens. 
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Some Aids for the Normal Eye 

There are a number of special cases in which man finds it desirable 
to supplement the normal eye with optical instruments. The astro- 
nomical telescope, two types of which were described back in Chapter 
5 IS one such device. When the refracting type of this instrument is 



Fig. 214. Diagram of prism binoculars showing lenses and total reflecting 
prisms. (Courtesy of the Central Scientific Co.) 

modified for use on the earth we call it a spy glass or terrestrial tele- 
scope. The astronomical telescope, it will be recalled, contained two 
converging lenses and produced an inverted image, a feature that 
would be objectionable in a device to be used for viewing earthly 
objects. Consequently, a third converging lens is added which has the 
function of reinverting the image, so that the final one as seen by the 
observer is erect, or right side up. In the opera glass, the lens system 
consists of a converging objective lens with a diverging lens being used 
for the eyepiece. When properly located with respect to each other, 
such a combination produces an erect image. Galileo’s original tele- 
scope had this sort of lens arrangement. In prism binoculars the pro- 
duction of an image that is right side up is accomplished in still an- 
other way. The prisms are so arranged as to totally reflect ” the 
light, its path being shown in Fig. 214. One result of the reflection 
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by the prisms is to produce an erect image, although both the objective 
and eyepiece lenses are of the converging type. A second function of 
the prisms is that of increasing the light path. For example, an in- 
strument of the same magnifying power as the one shown, but having 
single tubes like field glasses, would have to be approximately three 
times as long as the prism type instrument. 

The microscope in its several forms constitutes another valuable 
optical instrument. It was invented about the same time as the tele- 
scope, both of them being outgrowths of the spectacle industry. 

A simple microscope, such as a reading glass or pocket magnifier, 
consists of a single converging lens. By placing the object to be viewed 
closer to the lens than the point at which parallel rays of light focus, the 
observer sees a magnified image. The highest practical magnification 
that can be obtained in air with a simple microscope is about 400. The 
compound microscope, invented by Galileo, resembles the astronomical 
telescope in that it has an eyepiece and an objective lens, both of which 
are of the converging type. The principle difference in the optical 
features of the two lies in the fact that lenses of comparatively short 

-grade in- 
struments the objective itself may consist of a train of eight or ten 
lenses while two or three are combined in the eyepiece, thus eliminat- 
ing certain optical defects that are inherent in single lenses. With 
proper illumination, magnifications of 1,000 diameters are easily ob- 
tained. For magnifications greater than 1,000 a limitation due to the 
wave length of the light with which the object is illuminated makes 
itself felt. Because of diffraction effects, objects or details of objects 
smaller than about half the wave length of the light being used can- 
not be seen clearly. So the shorter the wave length of the light, the 
smaller the object that can be observed. Using ultra-violet light and 
photographing the image, the upper magnification limit is approxi- 
mately 2,500 diameters. It should be noted that this is not a limita- 
tion caused by lack of refinement in apparatus. It is a fundamental 
one based on properties of matter. Rays shorter than ultra-violet 
light, that is, X-rays and gamma rays, cannot be used because they 
cannot be suflEciently refracted by lenses to be brought to a focus. 

It will be recalled that a so-called ultra-microscope was described 
m Chapter 1 8 in connection with the discussion of the properties of 


focal length are used in the microscope. In modern high 
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colloids. In it, however, no details of the tmy particles can be seen 
but only the fact that particles are present. 

A rtlalivdy new device called .he ■' electron nnerovope " nemi,, 
an ent.rely d.lTerent approach to the problem of high ma*n,fica.„„. 
Ihe ordinary optical instruments described above function as they 
do because of the refraction or bending of light rays when they pass 
through glass lenses. Now electrons cannot be refracted by glass but 
their direction of travel can be changed, as we have seen, by passing 
them through electric or magnetic fields. Also, they register on photo- 



Fig. 215. Electron microscope photographs taken at University of Toronto, 
(a) Grains of carbon black magnified 100,000 diameters, (b) Diphtheria 
bacillus magnified 3 5,000 diameters, (c) Edge of a new safety razor blade 
magnified 24,000 diameters. (Courtesy Scientific American Magazine.) 



LIGHT 


613 


Chap. 31] 

graphic films when they strike them. Consequently, in the electron 
microscope, instead of light going through a series of lenses, electrons 
move through a series of three magnetic coils. Their motions are such 
that ones leaving the same point on the object will come together 
again, that is, focus, at a corresponding point on the film to produce 
that portion of the image. With these devices, magnifications many 
times that possible in the compound microscope are obtained. The 
pictures shown in Fig. 213 are three examples of electron microscope 
photographs. The one of carbon grains in lampblack is particularly 
noteworthy. The individual grains, some of which are about one 
eight-millionth of an inch in diameter, are completely invisible in 
even an ultra-microscope. 

Color 

A number of references have already been made to color both in 
this and in preceding chapters. Perhaps the basic point to be recog- 
nized about color is that it represents the interpretation that man’s eyes 
and brain make of different wave lengths, or frequencies, of light. 
Color is always associated with the way we see things. It is our pur- 
pose in this section to bring together the facts already mentioned and 
a number of additional ones into a unit which covers the important 
features of the nature and manifestations of color. 

The Nature of Color 

Newton’s Experiments. — The series of experiments by which 
Newton demonstrated that white light is composed of all the colors 
of the visible spectrum are among the most important ever performed 
in science. The first of the group, which was mentioned briefly back 
in Chapter 3, is pictured again in (a) of Fig. 216. As we saw in the 
earlier reference, when white light enters a prism, there emerges from 
the other side of it the band of colors which are called variously the 
seven colors of the rainbow, the continuous spectrum, or the visible 
spectrum. This particular effect had been observed before Newton’s 
performance of the experiment, but had in general been explained by 
assuming that the prism effected some fundamental change in the 
natme of the white light, thus actually creating the colors. Two ex- 
periments performed by Newton to test this theory are illustrated in 
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(b) and (c) of the same figure. In (b) a second prism was placed 
behind the first. Between the two there appeared the continuous 
spectrum which, after going through the other prism, changed back 
to white light. The demonstration shown in (c) consisted in picking 
out one color from the seven and allowing it only to pass through a 

second prism. Newton reasoned that 
if the prism had the property of 
changing light, then some different 
color should emerge from the other 
side. Actually, no change at all was 
made in the single color by prism 
number two. These facts proved to 
Newton’s satisfaction that white light 
itself is a combination of the various 
colors and that the prism simply 
served to separate them. The rest of 
the scientific world, however, did not 
readily accept this conclusion, the an- 
nouncement of which aroused such 
bitter criticism of Newton’s work that 
for a time he considered giving up sci- 
entific work entirely. 

The most common natural mani- 
festation of the splitting up of white 
light in this fashion is the rainbow. 
Note that the effect as described for 
the prism is a refraction phenomenon 
with the separation of the colors oc- 
curring because different ones are bent 
different amounts in going from one medium to the other. In the case 
of the rainbow, drops of water take the place of the glass prism. As a 
ray of sunlight enters the drop, refraction and splitting up of the light 
occurs just as at the entering edge of the prism. The effect is increased 
when the ray emerges again after having been partially reflected once 
within the drop. The so-called secondary rainbow, with the colors ar- 
ranged in reverse order, results from refracted rays that emerge after 
two reflections within the raindrop. Halos around the sun and moon, 




Fig. 216 , Newton’s experi- 
ments which proved that white 
light consists of all colors, (a) 
Effect of passing white light 
through prism, (b) Effect of 
passing light through two 
prisms, (c) Effect of passing 
light of a single color through 
prism. 
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commonly called rings, have the same sort of cause. In this case, the 
refracting objects are tiny crystals of ice in the upper atmosphere. 

Color of Materials. — Now we may ask just what one means by 
saying that a material is a certain color. Just how would one define 
a red object, or a blue one? Definitions of this sort may be established 
by the following experiments : 


1. The basic definition must be one of a white object. To get this 
we permit the various colors of light to shine, one at a time, on 
a screen of the sort which we call white. Doing this we find 
every one of them to be faithfully reflected. So we may define 
a white material as one which reflects all colors or wave lengths. 

2. Now suppose we permit white light to fall on a material of the 
sort that we call red. The results admit of two possible explana- 
tions. Since we know from Newton’s experiments that all colors 
are present in the white light, it might be that the red material 
has the ability to change all these colors to red. The other possi- 
bility is that the material picks out the red portion of the white 
light and reflects it while absorbing all the other colors. 

3. As an experiment to test these alternatives we may permit blue 
or green light to fall on the red material. If the first of the above 
possibilities is correct, then the object should still appear red. If 
the second is the true explanation, then the material should ap- 
pear black, since everything but red is absorbed. Performing 
the experiment, we find the substance looks black under blue or 
green hght. So we may define the color of any object as being 
that of the light which it reflects. 


Mixing of Colors. — Here we are concerned with the effects of 
mixing together lights of different colors and pigments of different 
colors. In the second of Newton’s experiments illustrated in Fig. 216, 
the right-hand prism mixed the seven colors together and produced 
■white light again. Similarly, by rapidly rotating a so-called color 
disk which contains segments of the seven colors of the proper relative 
sixes, the sensation of almost pure white can be produced. It is not 
necessary to mix all seven colors of the visible spectrum in order to get 
white light. It can be produced by mixing blue, green, and red light. 
These three are calkd the primary colors because it is possible to pro- 
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duce any hue at all by mixing them in the proper proportions. This 
fact IS used extensively in stage lighting where by varying the relative 
intensities of groups of red, green, and blue bulbs, resultant light of 
the desired color can be obtained. White light can also be obtained 
from various combinations of two colors. Such pairs are said to be 
complementary. For light of any color a complementary color can 
be found which, when properly added to the first, will produce white 
light. Examples of complementary color pairs include: 


Yellow and Blue 
Orange and Greenish-blue 


Red and Bluish-green 
Violet and Greenish-yellow 


It should be noted that what we have said in this paragraph applies 
to the mixing of light. 

When one mixes paints or pigments, quite different results are 
obtained. Let us consider yellow and blue pigment and ask what we 
might expect the result of mixing them to be, in the light of the pre- 
vious discussion of the color of materials. Our conclusions there 
would lead us to argue that if yellow pigment absorbs all colors but 
yellow, and blue pigment all colors but blue, a mixture of the two 
would absorb all colors and so appear black. But the only way to be 
certain exactly what colors a given pigment reflects is to split up the 
light reflected by it. As we have seen, this can be done by passing the 
light through a prism. When this is done with light reflected by 
the yellow pigment, we find not only yellow but mixed with it some 
red, orange, and green. Light reflected by the blue pigment is found to 
contain some violet and green in addition to the blue. Thus, neither 
one completely absorbs green so that a mixture of the two would be 
expected to appear green, as it does. The same sort of thing occurs 
with other pigments. 

The three primary pigments are red, yellow, and blue. Mixing 
them always tends to produce black rather than white. When they 
are mixed in pairs: 


A red pigment -j- a yellow pigment produces an orange pigment; 
A red pigment -f- a blue pigment produces a violet pigment; 

A blue pigment + a yellow pigment produces a green pigment. 
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Color Vision 

Many attempts have been made to explain color vision but so far 
none has been completely successful. The one that most nearly ac- 
counts for all known experimental facts is called the Young-Helm- 
holtz theory. It was first advanced by Thomas Young, of wave theory 
fame, and later amplified by the German scientist, Hermann von 
Helmholtz. This theory postulates the existence of three kinds of 
minute cones in the retina of the eye, one of which produces the visual 
sensation of red, that is, makes us see red, another green, and the third, 
blue-violet. The color of an object at which we look is thought to 
excite one or more of these sets to varying degrees of activity. The 
brain then is pictured as taking the three responses and mixing them 
in such a way as to produce a kind of net sensation which we call the 
color of the object. As a result of this mixing we are able to distin- 
guish thousands of different hues and shades although there are only 
the three kinds of cones. 

Color-blindness, according to the Young-Helmholtz theory, re- 
sults from the absence or deficiency of one or more sets of cones. The 
person who cannot distinguish red from green is lacking in either the 
red or green sensitive cones. An individual lacking all three types 
would see everything in shades of black and white. This latter type 
of color-blindness is rare but occurs occasionally. 

The principal weak point of the theory is that so far no one has 
been able to produce any anatomical evidence of the actual existence 
in the eye of three different kinds of receivers. 

The Production of Color 

There are several ways in which colors can be produced from 
white light. Two of these which have already been considered are, by 
passmg the white light through a prism, and by allowing it to be re- 
flected from or transmitted through colored materials. In the first 
c^e, the white light separates into its constituents because of the fact 
that different colors are refracted differently. In the second method, 

a the colors except the one that is either reflected or transmitted, are 
subtracted from the white light by absorption. 

A third source of color is interference. It will be recalled that in 
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our previous discussion of interference we found that light waves re- 
inforced each other and produced a bright band, if either crests or 
troughs came together, but interfered and produced a dark band if a 
trough from one joined a crest from another. Such an effect results 
when light shines upon two pieces of glass arranged so that there is a 
thin wedge of air between them. Part of the light that falls on the 
outfit is reflected from the rear surface of the first plate and part from 
the front surface of the second plate. The second of these two light- 
wave trains combines with the first. Now the two reflection points 
are separated by the thickness of the air which increases gradually from 
the top to the bottom of the wedge. So at some points a crest reflected 
from the back plate will return just in time to join a crest from the 
front one and produce reinforcement. At points between these rein- 
forcement bands crests from the second plate will join troughs from 
the first and cause interference. Thus, on the front plate there will be 
a series of alternating bright and dark bands, as shown. Since the lo- 
cation of the bands depends on wave length, the distance between them 
will be different for different colors of light, with red bands being 
separated the most and violet ones the least. Consequently, if white 
light is used, there will be a separation into colors. The colors seen in 
a soap bubble are produced in this manner. Because of gravitational 
attraction the bubble is thinnest at the top and thickest at the bottom, 
thus forming a very thin wedge. Light reflected from the two sur- 
faces reinforces and interferes in the manner described above. Other 
examples include the colors in oil films on water and those seen in 
mother-of-pearl. It should be pointed out that the effect occurs only 
for very thin wedges. When the wedge is thick the bright bands of 
the various colors overlap to such an extent that they combine and 
one still sees white light. 

A phenomenon known as scattering is also productive of color. 
It is simply the haphazard irregular reflection of light in all sorts of 
directions. For instance, on a foggy night, the tiny drops of water in 
the atmosphere scatter the light from automobile headlights. The 
part that is scattered backwards tends to blind the driver and make 
it impossible for him to see the road. 

The bearing of the phenomenon on color results from a fact al- 
ready mentioned in the discussion of infra-red radiation, namely, that 
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the longer the wave length of the light the less is the amount of scat- 
tering. Consider the sunlight that reaches us early in the morning or 
late in the afternoon. When it enters our atmosphere it is white light 
which means that it contains all wave lengths. But the shorter wave 
lengths, that is, those in the blue-violet end of the spectrum, are scat- 
tered more than the longer ones by air molecules and dust particles. 
This means that the light that reaches us contains a higher percentage 
than normal of the longer waves. As a result it appears unusually red. 
In the middle of the day when the sun is overhead, the light has a much 
shorter atmospheric path to traverse and so is subjected to less scatter- 
ing. The blue appearance of the sky results from the scattered short 
wave lengths in the sun's rays. At high altitudes such as those at- 
tained in the various, stratosphere balloon flights, there is comparatively 
little atmosphere above the observer, and the sky appears not blue but 
a purplish black. The blue color of wood smoke is another example of 
a scattering effect. The carbon particles are very small and the color 
caused by scattering over-balances that of the pigment itself. In coal 
smoke, on the other hand, the carbon particles are larger and the pig- 
ment color is dominant, so that the smoke appears black. 

Questions 

Discussion 

1. In Table 33 verify the number of octaves listed, for several of the 
types of electromagnetic waves. 

2. Make two or three calculations of the speed of radio waves using data 
for different radio stations as given in the newspaper. 

3. Find some practical applications, other than those mentioned in this 
chapter, for several of the types of electromagnetic waves. 

4. Express in kilocycles the frequency of a radio station that broadcasts 
on a wave length of 375 meters. 

5. Take the standard broadcast band as given on the dial of some particular 
radio set and calculate the number of octaves represented. 

6. If orange or red lamps on an automobile are better than white for use 
in fog, why wouldn’t infra-red lamps be still better? 

7. Inquire what range of frequencies or wave length, beyond those of 
visible light, are emitted by one or two commercial sun-lamps. 

8. Mention or list the features of the eye and a camera that are similar 
and those that are different, 

9. Is making the lens of the eye thicker, analogous to moving a camera 
iens toward or away from the film, as far as focusing is concerned? 



620 


MAN AND ENERGY 


[Chap. 31 


1 0. Discuss the principal eye defects with respect to cause and remedy. 

11. If you wear glasses test yourself with the chart in Fig. 213 both with 
your glasses and without them. 

12. What changes occur in the eye as one views a rapidly approaching auto- 
mobile? ° 


13. "^y does a spyglass or terrestrial telescope contain three converging 
lenses whereas an astronomical refracting telescope contains only two? 

14. Explain the total reflection of light by the prisms in prism bin- 
oculars. 


15. Discuss the experiments and trace the reasoning by which Newton 
proved that white light is composed of the seven colors of the visible spectrum. 

1 6 . State a definition of a black material. 

17. An object that appears black in white light should appear what color 
in yellow light? in green light? Explain. 

18. See if you can find in this chapter any basis for an explanation of the 
fact that if one looks at a blue object for a few seconds and then at a white 
screen, one sees the object on the screen in yellow. 

19. Explain why the results obtained from mixing complementary colors 

of light are different from those obtained when the same colors of pigments 
are mixed. 


20. In the light of the discussion in this chapter explain why two pieces 
of cloth that appear the same shade under artificial light may be quite different 
shades in sunlight. 

21. See if you can find in this chapter an explanation of the fact that a lake 
which appears blue on a clear day looks gray on a cloudy one. 

22. Find out all you can about the Kodachrome process of color photog- 
raphy. 

2 3 . Find out something about the first studies made of color-blindness. 

24. Find examples other than those given in this chapter of color effects 
due to interference and due to scattering. 


Multiple Choice 

1. The wave length of yellow light is greater than that of (one or more) 
(a) a WJZ broadcast, (b) the sun’s rays that cause sunburn, (c) heat waves, 
(d) blue light, (e) X-rays. 

2. The image on the film in a camera is in general — (a) right side up 
and larger, (b) right side up and smaller, (c) inverted and larger, (d) in- 
verted and smaller — than the object being photographed. 

3. In the human eye the focusing on the retina of light from an object 
is accomplished by (a) opening or closing the iris, (b) moving the lens back 
and forth, (c) varying the density of the material between the lens and the 
retina, (d) varying the color of the light, (e) varying the curvature of the 

lens. 
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4. A pure blue object illuminated with pure red light would appear (a) 
black, (b) blue, (c) red, (d) yellow, (e) green. 

5. The number of sound octaves between tones with frecjuencies of 
1,260 and 6}0 vibrations per second respectively is approximately the same 
as the number of " light octaves ” between (a) long and short radio waves, 
(b) yellow light and gamma rays, (c) visible violet and visible red light, (d) 

the longest and shortest X-rays, (e) medium infra-red rays and visible red 
light. 


True-False 


1. Variations in frequency of light appear to us as variations in bright- 
ness. 


2. The iris of the eye serves essentially the same function as do the stops 
in a camera. 

3. Black and white may be said to be complementary colors. 

4. One difficulty with the Young-Helmholtz theory of color vision is 

that no function can be found for three types of nerve endings that anato- 
mists have found present in the retina. 

5. A lens used to correct near-sightedness is of the same type (converging 
or diverging) as the kind used for the objective lens in a refracting telescope. 

6. All visible light waves are shorter than all audible sound waves. 

7. An object that appears green in green light, red in red light, and violet 
in violet light is white. 

8. Ultra-violet light has proven the most valuable of all electromagnetic 
radiations for use in the photographing of distant objects. 

9 . If the lens in one of B’s eyes should happen to be exactly like the 

spectacle lens that corrects A’s astigmatism, then B also is astigmatic in that 
eye. 


10. The image of the moon, as seen 
scope, is inverted. 


through a refracting astronomical tele- 
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Important Features of a Communication Method 

Any mechanism by means of which ideas are transmitted between in- 
dividuals is a method of communication. Outstanding among the 
questions which one might ask in judging the value of any specific 
method would be the following: 

1 . Is it convenient to use? 

2. Is it accurate? 

3. Does it provide a permanent record? 

4. Does it provide high-speed communication over considerable dis- 
tances? 

The relative importance of these factors varies greatly with par- 
ticular communication needs. In common conversation convenience 
is present; accuracy can be, but frequently isn’t; and the other two 
ordinarily are not important. But if one is communicating with the 
fire department to inform them that the house is burning, both speed 
and accuracy are extremely important. On the other hand, if plans 
for a new house are being communicated from the architect to the 
builder, accuracy and permanence of record are of more consequence 
than speed, and so forth. It will be noted, as we go along, that the 
general trend in the development of modern methods of communica- 
tion has been to combine all four of these factors to an increasing de- 
gree. Let us first look briefly at the earlier procedures that man per- 
fected for communicating with his fellow man, and then at the more 

modern techniques. 
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Early Development of Communication Methods 
Speech and Writing 

It is quite impossible to say just when man first began to talk. It 
is generally agreed that for thousands of years before be developed a 
language, he was able to take care of his communication needs with 
gestures and grunts. In those days it was not only polite to point, it 
was necessary. Later on, perhaps when his thinking had developed to 
the place where he had ideas that were too complicated to be expressed 
by the methods of communication he had used in the good old days, he 
gave particular and permanent meanings to specific sounds, and so 
formed words. Since what people on one side of a lake or mountain 
called a tree would be quite different from the sound applied to it on 
the other side, different languages developed. There is some evidence 
to indicate that sounds for the names of things, or nouns, entered 
primitive languages some centuries before words of action or verbs. 

Writing did not develop primarily as a method of communicating 
ideas from one person to anothe.'. Man’s initial efforts in the direction 
of writing grew out of his need for keeping records of numbers of 
things, such as animals in his flocks, or periods of time. Some of his 
primitive methods for doing this were described in Chapter 1 1. Later 
came the desirability of keeping historical records, and the counting 
devices which man had developed were replaced by picture writing. 
This form evolved from a stage in which the picture represented a con- 
crete object to one in which it became a symbol. The earliest records 
we have of this form of writing are those left by the Egyptians. The 
final step, that of using the symbol to stand for a sound, which essen- 
tially made it a letter, is believed to have been taken first by the Phoe- 
nicians. The fact that writing offered the possibility of accurately 
communicating ideas between individuals within neither sight nor 

sound of each other seems not to have been made use of to any impor- 
tant extent during its early history. 

Other Methods 

Man s first method of long distance communication was the run- 
ner or messenger. Among the disadvantages of this technique were 
Its slowness and the danger of the messenger being captured or killed 
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by enemies. The use of domesticated animals increased the speed but 
did not eliminate the risk of capture. Various other methods for com- 
municating over distances greater than the voice would carry have 
been employed at different times by many peoples, and include 
smoke and fire signals, drum beats, primitive equivalents of wig- 
wagging, flaming arrows, and reflection of sunlight from polished 
surfaces. 


Modern Communication Methods 

In the growth of modern methods of communication, the prin- 
cipal emphasis has been on speed in one form or another. Develop- 
ments in the field of printing have constantly tended toward the pro- 
duction of more finished copies more quickly. At the same time, cost 
has decreased and quality of the work has increased. An appraisal 
of the quality of all the material printed, fortunately, is not part 
of the business of this book. In the telegraph, telephone, and radio, 
almost instantaneous communication over long distance has been 
achieved, first for signals, then for voice, and finally for voice and 
music. The development of wirephoto and radiophoto have added 
photographs to the material that can thus be transmitted, while tele- 
vision enlarges the scope still farther to include the transmission of 
pictures of events while they are occurring. 

Printing 

Before 1450. — The art of printing, that is, of impressing figures, 
pictures, letters, and words, was practised in some forms hundreds of 
years before the fifteenth century date that is often given as the time of 
its invention. Block printing of initials and the pre-Christian-era 
equivalent of trade-marks was practised in Babylonia and Rome. In 
the Orient, printing from wooden blocks can be traced back to the 
sixth century in China and the eighth century in Japan. In fact, 
it is said that the Chinese printed with movable type made out of 
clay as early as the eleventh century. Block printing on cloth and 
parchment was practised in Europe as early as the twelfth century , al- 
though in the middle of the fourteenth century all English books, 
proclamations, and documents were still written by hand. From about 
1350 to 1410 block printing on paper came into European use in the 
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printing of books. In this process an entire page was carved on a 
single wooden block. 

Improvement in Type since 1450. — The logical step after block 

printing was the development of movable type. It would seem that 
no one could work with wooden blocks representing entire pages very 
long, before thinking either of slicing the block into individual letters 
or of carving out separate letters to begin with, so they could be used 
more than once. The first actual use of such type occurred around 
1430, and almost ever since that time a controversy has been in prog- 
ress over exactly whose invention it was. The two principal contend- 
ers for the honor have been John Gutenberg of Mainz, Germany, and 
Lourens Coster of Haarlem, Holland. Although the former has re- 
ceived the most publicity and is often called the inventor of printing, 
the Encyclopedia Britannica concludes that Coster's claim is best sup- 
ported by the evidence. It has been rather commonly assumed that 
the first movable types were carved out of wood. If so, the period of 
their use apparently was rather short because all the earliest works of 
typography that have been preserved are made from cast metal type. 
Type metal that was an alloy of lead, tin, and antimony, as is that 
used today, began to be employed rather early in printing history. 

The next improvements were automatic type-casting and type- 
setting. The former has been in general use since the middle of the 
nineteenth century, the first successful machine for accomplishing it 
having been developed around 1836. Automatic type-setting proved 
much more difficult to achieve. The principal difficulties were in de- 
vising a machine that would " justify ” the lines, that is, make them 
even along the right-hand edge of the column, and that would distrib- 
ute the type after printing. As long as these operations had to be per- 
formed by hand, little time was saved by a machine that merely set 
the type. The problem was solved in 1886 with the invention of the 
linotype machine by Otto Mergenthaler. This device combines cast- 
ing and setting. An operator, working at a keyboard somewhat like 
that of a typewriter, releases individual letter molds, called matrices, 
which arrange themselves to form the mold for the ” line of type ” 
for which the machine is named. Molten type metal then flows into 
this mold and casts the entire line at once. The linotype machine has 

^ Encyclopedia Britannica, 9th Ed., Vol. 2). n 692. 
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speeded up the production of printed matter enormously, because an 

operator can set up more type in an hour than a hand compositor could 

in a day. AU newspapers and almost aU magazines, in the United 

States, are set by linotype today. This is also true of all but the most 
expensive books. 

Stereotyping and Electrotyping. - It is interesting to note that 
m the processes of stereotyping and electrotyping we find a kind of 
return to block printing, in that an entire page may be printed from 
a single block. In the early days of movable type, one of the difficul- 
ties encountered by the printer was that unless he had a large number 
of fonts of every kind of type, he had to complete the entire printing 
on each job before he could start setting up the next one. This was one 
of several factors which led to the practice of making a plaster of Paris 
mold of each page as it was set up. From this a metal cast of that page 
could be made. In the process called stereotyping, essentially the same 
procedure is followed except that the mold is made from papier-mache, 
instead of plaster of Paris. As used today the process is particularly 
valuable in cases where a single advertisement or other unit of printed 
matter is to be run by a large number of publications. Each is sent a 
papier-mache mold or mat from which that particular paper makes 
its own cast. 

In electrotyping also a plate is made which may be an entire page 
of the material to be printed. This process, which is an electrolytic 
one, was described in some detail in Chapter 25, page 478. 


The Telegraph 

The telegraph, with its ability to transmit signals almost instan- 
taneously over great distances, was the first important high-speed 
method of communication. As has been the case with several valuable 
scientific developments, people in widely separated parts of the world 
began to work on it at about the same time. It was around 1832 that 
the successful young American portrait painter, Samuel Morse, be- 
came interested in the possibility of using electricity to transmit some 
kind of recognizable signal from one place to another. At almost 
exactly the same time, two Englishmen, a scientist named Wheatstone 
and an army officer named Cooke, began joint work on the same prob- 
lem. The results of both sets of experiments were announced to the 
world in 1837. The mechanisms used, however, differed considerably. 
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The English investigators, making use of the fact that a current-carry- 
ing wire has a magnetic field about it, employed the force of that field 
to move a magnetic needle. By varying the current, and therefore the 
field, the needle was made to point at letters on a dial and so spell out 
the message. Since this mechanism proved to be very inferior to the 
one developed by Morse, it was never widely used. 

Samuel Morse, in developing his telegraph, made use of the elec- 
tromagnet which had been invented about 1824 by Joseph Henry. A 
simple electromagnet, as described previously in Chapter 2 5, can be 
made by winding wire around a bar of some magnetic material such as 
soft iron. The important point about it is that when current flows in 

the wire the bar becomes magnetized, and when the current stops the 
bar loses its magnetic properties. 

The principle of the telegraph, as far as its essential features are 
concerned, is quite simple. The transmitting device, or key, is simply 
a switch. The receiving apparatus, called a sounder, consists of an 
electromagnet above which a metal bar is held by a spring. When the 
transmitter key is closed, an electric current flows through the circuit 
and the receiver attracts the metal bar to itself. When the bar strikes 
the magnet it makes a sharp click. Lifting the key opens the circuit, 
and at the receiver the spring pulls the bar back up again. In early 
Morse receivers a magnetically controlled pencil and paper device wrote 
down the incoming dots and dashes. This was replaced by the modern 
sounder when it was found that operators could catch the signals from 
the sound of the machine just as accurately as from the visual record 
and with less trouble. The simple telegraph circuit as just described 
would carry only one message at a time. Among the important im- 
provements that have been made in the telegraph since its invention 
are the developments that permit what is known as multiplex teleg- 
raphy. As a result of the work of Thomas Edison and others it is pos- 
able now to send as many as 1 2 messages over a single line at the same 
time. 

The Telephone 

Withm a very few years after Morse and others had demonstrated 
the poMibihty of transmitting signals electrically, a number of inven- 
tive nunds turned to the problem of doing the same thing with actual 
speech. Several experimenters achieved a little success in the decade 
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from 1 8 50 to 1 860, but it remained for Alexander Graham Bell to in- 
vent the device that was the forerunner of the modern telephone. 
Bell had a considerable background of knowledge in speech and sound, 
acquired while he was teaching in schools for deaf-mutes. Among 
the experiments which he carried out while he was engaged in this pro- 
fession was one which demonstrated that a person’s eardrum vibrates 
when sound waves strike it. This led him to consider the possibility 
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Fig. 217 . Diagram of a simple telephone circuit. 


of setting an iron diaphragm in vibration with sound waves and then 
transmitting the vibration electrically to another diaphragm. In 
Bell’s first successful telephone, one with which he was able to talk 
only to the next room, the transmitter and receiver were exactly alike. 
Permanent magnets were used and the circuit contained no battery or 
other source of current. In Fig. 217 is shown a modern telephone cir- 
cuit of the simplest construction. It embodies the essential features 
of all electrical telephonic communication. The receiver operates on 
the same principle as did Bell’s. But the transmitter is quite different 
from the one developed by the earlier inventor. This one, which is 
called a carbon-granule transmitter, is the outgrowth of one built 
around 1877 by Thomas Edison. Let us trace the sequence of events 
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as they occur when speech is transmitted by means of this telephone 
circuit. First, it should be noted that there is a closed electric circuit, 
and that as the current flows in this circuit it passes through a small 
box of carbon granules in the transmitter, and through the coils of an 
electromagnet in the receiver. As the sound waves set up by the speak- 
er s voice enter the transmitter, they strike against the vibrating dia- 
phragm, making it vibrate with the same frequencies as those in the 
voice waves. As the diaphragm moves back and forth it communi- 
cates its motion to the button which is attached to one side of the box 
containing the carbon. As a result, the carbon granules are alternately 
packed more tightly together and then loosened up again as the dia- 
phragm vibrates. Now, loosely packed bits of carbon offer greater re- 
sistance to the flow of electricity than do tightly packed ones. There- 
fore, the electric current in the circuit pulsates, that is, increases and 
decreases, at the same rate as the diaphragm vibrates. As this pulsat- 
ing current flows through the coils of the electromagnet in the re- 
ceiver, it causes the strength of the magnet to vary. Because of this 
varying magnetic strength, the diaphragm in the receiver will be set 
in vibration and will initiate a new set of condensations and rarefac- 
tions in the air, that is, will start out new sound waves. It is these that 
the listener hears. The new waves will be just like the original ones 
in frequency. So we see that it is not strictly correct to say that one’s 
speech IS transmitted by telephone. What does occur in any telephone 
system, no matter how complicated, is that the voice frequencies of the 
speaker set up varying electrical currents which have similar frequen- 
cies, which m turn put into vibration a diaphragm that produces a 
new set of sound waves that are essentially like the original ones. 

e l IS credited with having invented the telephone, but a list of 
those whose contributions made possible its growth into the world-wide 
^stem of today would contain hundreds of names. We can mention 
ere but a few of the most outstanding improvements made by these 
men. An important early one was the development of the switch- 
yard, on which device alone one man filed more than 600 patents 
1 hout It or some equivalent device, one would have to have a sepa- 

'eleolm The modern automatic switchboard and dial 

-elephone system has greatly increased the speed with which calls can 
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be handled. Another problem that made its appearance rather early 
m telephone history was what to do with the wires. In New York 
City, by 1887, some poles were as much as 90 feet m height and had 30 
crossarms. One can imagine the result of trying to string the ap- 
proximately 15,000,000 miles of telephone wire in New York today 

on poles. The underground cable proved to be the answer but it was 
perfected only after long research. 

The development of the vacuum tube, so important in radio, also 
made possible the high quality of long distance telephone communica- 
tion that we know today. By a combination of telephone and radio 
it is now possible to talk satisfactorily to points all over Europe, Asia, 
Africa, and South America, as well as to ships at sea and airplanes in 
flight. Although no telephone communication is possible over existing 
ocean cables, modern research indicates that today it would be possible 
to make a cable that could be used for speech. The necessities of mod- 
ern radio have resulted in vast improvement in the quality of telephone 
transmission. As long as nothing but conversation was carried over 


the wires, the perfect transmission of a wide range of frequencies, or 
pitches, was not particularly important. But when it became desirable 
to carry by wire radio programs such as symphony orchestra concerts, 
accurate transmission of both high and low tones became important, 
and research solved the problem. Incidentally, the wonders of mod- 
ern telephony are seldom appreciated by listening radio audiences. It 
is not uncommon to hear someone exclaim over the marvel of radio 
while listening to a network program originating perhaps 2,000 miles 
away and being broadcast by a local station. As a matter of fact the 
program is coming to the listener 1,980 or 1,990 miles by telephone 
and only the last 1 0 or 20 by radio. 


The Radio 

Some of the characteristics of radio waves were discussed in 
Chapter 31. It will be recalled that, as far as their nature is con- 
cerned, they differ from light waves only in that they are much 
longer, far too long to be detected by the human eye. In discuss- 
ing them a little further here it is our purpose to show something of 
how they are generated and received. It is interesting to note that the 
great English mathematical physicist, James Clerk Maxwell Cl 831- 
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1 879) , predicted, on theoretical grounds, the existence of waves of this 
sort a number of years before they were actually discovered. It was 
in 1888 that a German physicist, Heinrich Hertz (1857-1899) dem- 
onstrated that there were such waves and that they traveled through 
space. His experimental set-up, shown in diagrammatic form in Fig. 


218, consisted principally of two spark gaps. The small spheres of 
gap A were connected to a high ^ ^ 


voltage source of alternating cur- 
rent. The sides of spark gap B 
were connected by a wire slide 
which could be moved back and 
forth, thus changing the length 



of the conducting path from one Fig. 218 . Diagram of essential parts 
sphere around to the other. Hertz Hertz device. 


found that when sparks were jumping across gap A as a result of the 
applied voltage, there was a certain location of the slide for which 


sparks would also jump across gap B, although there was no battery 
or similar source of electric current in the right-hand circuit. In 
other words, radio waves were emitted by A, and when these waves 
were cut by the other conductor, a current was set up in B. Although 
Hertz never recognized the communication possibilities of his experi- 
ment, what he really had in the above set-up was a very simple radio 
transmitter and receiver. It remained for Guglielmo Marconi (1874- 
1937) to see how these Hertzian waves might be used to transmit 
signals from one place to another. In the early days of radio, or wire- 
less telegraphy as it was known then, a spark gap was employed in 
transmission. When a spark discharge occurred at the gap there was 
a surge of electrons back and forth between the ground and the 
antenna, as a result of which long electromagnetic waves were sent out 
through space. When these were cut by the aerial of the receiving 
set, electric currents were induced in the wires and signals were heard 
m the headphones. However, outfits of this sort could be used only 
for the transmission of code. Radio, as we know it today, was made 
possible by the development of the vacuum tube. 

The vanous types of vacuum tubes were discussed in Chapter 27. 

Also at that time the operation of a simple radio circuit was described 
and so will not be repeated here. 
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It should be noted that the sequence of events occurring in radio 
communication involves one more stage than that which takes place 
in telephone transmission. Now, sound waves entering a microphone 
set up corresponding electrical variations in the transmitter as a result 
of which electromagnetic waves are sent out through space. These 
induce varying frequencies in the electrical circuit of the receiver 
which in turn cause the loudspeaker to emit a new set of sound waves 
essentially duplicating the original ones. 


Other Communication Methods 

There are a number of other electrical communication procedures 
which represent outgrowths and combinations of the three just dis- 
cussed. We will mention several of these briefly. 

The Printing Telegraph. — Several forms of this sort of machine 
have numerous applications today. One is the stock ticker which re- 
cords automatically on a paper tape various information about stock 
sales. In this device the printing is done by a small wheel which has 
letters around its rim. It can be made to rotate in synchronization 
with a similar wheel in the transmitting machine. When the sending 
wheel is turned to a certain letter, the ticker wheel turns to the same 
one and prints it. A more recent development in the field of the re- 
cording telegraph is the teletypewriter. This machine resembles a 
very large ordinary typewriter in that it has a keyboard and a set of 
type bars, the former constituting the transmitter and the latter the 
receiver. Suppose it is being used to communicate between New York 
and Chicago. An operator in the former city simply types out the 
message. As each key is struck, a series of electrical circuits are closed 
as a result of which that letter is typed on the machine in the receiving 
city. Although the typing is being done in New York, the message 
appears on the paper in the Chicago machine. It is possible to connect 
machines in such a way that the material typed on one will be received 
by all the rest, just as telephone lines can be connected so that one 
person’s voice can be heard on many phones. Such an application of 
the teletype is made by the United States Weather Bureau. A whole 
series of weather stations are connected in a sort of chain. In regular 
sequence a teletype operator at each one transmits the weather con- 
ditions in that locality and the data are recorded on all the other ma- 
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chines in the group. The device is also widely used today by other 
government bureaus as well as news services and business houses. 

Pictures by Wire and Radio. — The photoelectric cell has made 
possible the transmission of photographs and other pictures by both 
wire and radio. It will be recalled from our previous discussion of 
this device that it emits electrons when light falls on it. It is also 
true that the magnitude of the current thus generated depends on the 
brightness of the light. Therefore, it provides a means of converting 
variations in brightness of light into variations in an electric current. 
Now a photograph is composed of areas of varying " lightness ” and 
“ darkness.” In one type of sending device a beam of light passes 
through a negative of the picture to be sent and falls on a photoelectric 
cell. As the light beam moves back and forth over the film, the varia- 
tions in its " darkness ” are converted into electrical current pulsa- 
tions. At the receiving end a light whose brightness is governed by 
the varying electric current passes in similar fashion over unexposed 
photographic paper reprinting the picture. The transmission of pic- 
tures by radio is similar except that there is the intermediate step of 
converting the electrical variations into radio waves and then back 
into electric currents again. In television, the principle of operation 
is essentially the same. Differences are due to the fact that now the 
entire scene must be transmitted once every sixteenth of a second 
whereas in ordinary wirephoto as much as 20 minutes may be required 
to transmit a single picture. To accomplish this enormous speeding 
up, a number of specialized and highly complicated devices have been 



Sound on a Beam of Light. — We have seen in connection with 
the telephone how it is possible to convert varying sound frequencies 
into electric ones, and in connection with wirephoto how a similar 
conversion between light of varying brightness and electrical current 


can be made. Consequently, one might expect to be able to use elec- 
trical currents as a sort of '' middleman ” and go from light to sound 
and vice versa. Such a procedure is exemplified in sound motion 
pictures. When the film is made, sound which enters the microphones 
sets up varying electric currents which in turn control a light that 
prints the sound track on the film as lines of varying density. Then, 
when the film is shown, a tiny light beam in the projector passes 
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through this sound track and falls on a photoelectric cell. The varia- 
tions in density of the film cause the light that strikes the cell to 
vary in brightness which in turn produces pulsations in the electric 
current going through the cell. These are converted into sound in 
the loudspeakers much as the change is accomplished in a telephone 
receiver. Essentially the same conversion of light variations to sound 
frequencies occurs in the type of modern phonograph that uses a beam 
of light in reproducing sound from records. 

Questions 

Discussion 

1. List as many different methods of communication as you can and 
rate each one as good or poor with regard to each of the four characteristics 
mentioned on page 622. 

2. Look up some information about existing evidence with regard to 
man’s earliest use of words. 

3 . Look up some information about the history of our alphabet. 

4. Look up some information about an automatic type-setting machine 
called the Monotype and state how it differs from the Linotype. 

5. Discuss similarities and differences between stereotyping and electro- 
typing, 

6. Find out what the fimction of a ” relay ” is in a telegraph system. 

7. Look up information concerning the various types of printing presses 
and find out which kind is employed in a local newspaper and what its 
capacity is. 

8. Draw a diagram of a telephone receiver and explain the ftmction of 
the electromagnet in it. 

9. Draw a diagram of a carbon box transmitter and explain the function 
of the carbon granules. 

10. How did Morse’s first telegraph differ from the one devised by Wheat- 
stone and Cooke? 

11. Trace the energy transformations that occur in going from the indi- 
vidual who sends a message to the one who receives it, in the case of the 
telegraph, the telephone, the radio, the teletypewriter, and sound motion pic- 
tures. 

12. Mention one way in which developments in radio have made the tele- 
phone a more efficient and valuable device. 

13. Describe the experiment in which Heinrich Hertz first transmitted 
and received radio waves. 

14. Find out something about the problems of color television as com- 
pared with those of black-and-white television. 
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Multiple Choice 

1. Arrange the following in chronological sequence, (a) First use of 
automatic type-setting, (b) Earliest use of block printing, (c) Invention 
of the Linotype, (d) Invention of the teletypewriter, (e) Invention of 
movable type. 

2. Which one of the following is the most important in the functioning 
of a simple telegraph system? (a) Three-electrode vacuum tube, (b) Two- 
electrode vacuum tube, (c) Magnetic needle, (d) Carbon granule box. 
(e) Electromagnet. 

3. A container of carbon granules is used in one of the instruments dis- 
cussed in this chapter in the transformation of energy from (a) electrical to 
light, (b) sound to electrical, (c) magnetic to sound, (d) sound to light, 
(e) electrical to sound. 

4. The first important application of radio waves to practical communi- 
cation was made by (a) Hertz, (b) Marconi, (c) Morse, (d) Mergenthaler, 
(e) Wheatstone. 

y. In which of the following communication methods does the energy 
sequence ” sound to electrical to electromagnetic to electrical to sound ” 
occur? (a) Television, (b) Radio, (c) Sound motion pictures, (d) Tele- 
type. (e) Telephone. 

True-False 

1. It is believed that verbs entered the spoken language of man earlier 
than noims. 

2. Man’s earliest use of writing was for the purpose of preparing mes- 
sages for runners to carry between tribes. 

3. The first use of block printing in Europe occurred around 1450 a.d, 

4. The names of Qwter and Gutenberg are associated with the develop- 
ment of movable type. 

5. Curved printing plates are employed in the rotary type of printing 
press. 

6. The modern teletypewriter is more closely related to the radio than 
it is to the telegraph or telephone, 

7. Thomas Edison had more to do with the development of the modern 
telephone receiver than he did with the transmitter, 

8. The photoelectric cell plays an important part in the operation of a 
sound motion picture projector. 

9 . All telephonic communication carried on today between North Amer- 
ica and Europe makes use of radio, 

10. Indian smoke signal communication satisfies three of the four tests 

given at the beginning of this chapter as criteria of a good communication 
system. 
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ILLUMINA TION 
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Visible light has already been defined as the rather narrow range of 
wave lengths in the electromagnetic spectrum to which the eye is sen- 
sitive. For many centuries the sun was man’s only source of light and 
it still is his most important one. But there came a time when he began 
to use artificial light and, as civilization advanced, he found increasing 
need for such illumination. It is this question of artificial light that 
will concern us in this chapter. First, we shall consider some of the 
general problems of illumination, and then discuss the various types 
of artificial illuminants that man has used in the past and is using today. 

General Illumination Problems 

There are certain general points to be considered with regard to 
any source of artificial light. We shall take up briefly four of these. 

Intensity 

The intensity of illumination on any surface or object is gov- 
erned by two factors. These are the actual intensity of the source of 
light and the distance of the illuminated surface from that source. 

Intensity of the Source. — At the time when man first became 
interested in measuring and comparing light intensities, the candle was 
a common source of light. Therefore, it was natural that a unit called 
the candle-power should become the basis for intensity measurements. 
The candle-power was defined simply as the intensity of a so-called 
standard candle. Since candles varied greatly in brightness it was nec- 
essary to specify carefully just what kind of candle should be called 
standard. The detailed nature of these specifications is shown by the 
fact that they included the kind of wax and its chemical treatment; 
kind of thread used in the wick, as well as the number of threads, their 
size and degree of twist; height, thickness, and weight of finished prod- 
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uct; the height of the flame; and the temperature, pressure, and hu- 
midity of the atmosphere in which it burned. Even with all these 
items defined, standard candles varied considerably in intensity. When 
Ii(^uid light sources came into use it was found that their intensities 
could be more accurately controlled and so, although the name candle- 
power was retained, the definition of the unit was stated in terms of 
the newer type of source. Today the so-called international standard 
candle is defined in terms of a certain type of lamp which burns pen- 
tane vapor in air under specified conditions. Such lamps are used in 
standardizing laboratories. Most other laboratories use as standards, in- 
candescent electric bulbs which have been tested by the Bureau of 
Standards and rated as being a certain candle-power when operated 
under particular conditions of current and voltage. Until compara- 
tively recently aU light bulbs were rated in candle-power and so la- 
beled. But it happens that the intensity of an ordinary incandescent 
type of electric lamp is approximately proportional to the rate at which 
it consumes energy, that is, to its power. So the practice today is to 
rate bulbs in terms of the latter quantity using the watt as a unit, ex- 
cept for automobile headlight bulbs which are still rated in terms of 
candle-power. A 30-watt bulb has about twice the intensity of a 23- 
watt one, a 100-watt lamp about twice that of the 30-watt and so forth. 
Ordmary mcandescent bulbs of medium wattages have luminous inten- 
sities amounting to approximately 1 candle-power per watt. It should 
be pomted out that intensities are not proportional to power consump- 
tion if one compares incandescent lamps with some of the newer types 
of electric illuminants. A 40-watt fluorescent tube, for instance, gives 

^meen two and three times as much light as a 40-watt incandescent 
bulb. 

Relation of Intensity to Distance. - It is obvious that moving 
closer to the light increases the intensity of illumination on the book 
or magazme that one is reading. Exactly how much the intensity in- 
creases for a given change in distance is not quite so obvious. It hap- 
pens that the law which expresses the numerical relationship between 
toese two quantities is a consequence of an experimental fact discussed 

ack m Chapter 30, namely, that for all ordinary purposes light can 
be thought of as traveling in straight lines. 

In Fig. 219 there is shown a source of light S. Although it is 
-mittmg ght in all directions, we are interested here in that which is 
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directed down toward the three plates A, B, and C, located at distances 
of 1, 2, and 3 feet respectively from S. First, we shall define a unit of 
illumination. If S is a 1 -candle-power source of light then the inten- 
sity of illumination on A is said to 
be 1 foot-candle. In other words, 
the unit called the foot-candle 
may be defined as the illumination 
at a point 1 foot from a light 
source of 1 candle-power. Now 

intensity 

B. The 

dotted lines are drawn from S past 
the corners of A and so represent 
rays which define the limits of the 
light which strikes the top plate. 

B then is the square that can be 

its when a point 2 feet below S is 
reached. By plane geometry it 
can be shown that the area of B is 
four times that of A. Now, it will be noted that if A is removed, the 
total amount of light that falls on B is exactly the same as that which 
originally fell on A. Thus, we have a situation in which the same 
amount of light is " spread out ” over an area four times as large. 

If we were discussing water instead of light, it would be obvious 
that the amount of water which had been 1 inch deep on a surface of 
1 square foot would only be a quarter of an inch deep if poured over a 
surface of 4 square feet. Similarly here, the intensity of illumination 
on B is only 14 of what it was on A. If we go on down to a point 3 feet 
below S and draw in the square C as defined by the dotted lines, we 
find it to have 9 times the area of A. Consequently, its illumination is 

Yi that of the top square. Thus we find that, 

doubling the distance from the source makes the illumination 1 / 2 * 
or Y 4 as great; tripling the distance from the source makes the illu- 
mination YY or Y as great, and so forth. 

In general terms then, the intensity of illumination can be said to vary 
inversely with the square of the distance from the source. Other ex- 


drawn within these light ray lim 


let us inquire about the 
of illumination on plate 



Fig. 219. Diagram illustrating the 
manner in which light intensity 
varies with the distance from the 
source. 
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amples of inverse square laws that have been mentioned previously in 
this book include the law of gravitation and those of electric and mag- 
netic attraction. 

Up until quite recently almost all reading and work done at home 
and in industry under artificial light was done at intensities which 
were far too low for comfort and for the good of human eyes. Such 
illumination was commonly as little as 2 or 3 foot-candles. Experi- 
ments performed in recent years indicate that while necessary inten- 
sities vary considerably with the task being performed, illuminations 
of several hundred foot-candles give the best vision and a minimum of 
eyestrain for fairly difficult visual work. That even several hundred 
foot-candles do not represent an extreme degree of brightness may 
be seen from the fact that outdoor illuminations may range from 
1,000 foot-candles in the shade to as much as 9,000 or 10,000 in direct 
sunlight. Table 34 gives what Dr. Matthew Luckiesh, director of 
lighting research laboratories of General Electric Company, calls con- 
servative foot-candle recommendations for various visual tasks. 


Table 34.^ Conservative Foot-candle Recommendations on a Na- 
tional Basis of Characteristics of the Visual Task and Require- 
ments OF Performance 


100 Fooi-candles or More, — For very severe and prolonged tasks such as 

fine needlework, fine engraving, fine penwork, fine assembly, sewing on 

dark goods and discrimination of fine details of low contrast, as in inspec- 
tion. 


50 to 100 Foot-candles. — Yor severe and prolonged tasks, such as proof- 
reading, drafting, difficult reading, watch repairing, fine machine-work, 
average sewing and other needlework. 

20 to 50 Foot-candles. -For moderately critical and prolonged tasks, such 
as clerical work, ordinary reading, common benchwork and average sewing 
and other needlework on light goods. ^ 

10 to 20 Foot-candles. — For moderate and prolonged tasks of office and fac- 
toiy and when not prolonged, ordinary reading and sewing on light goods. 

5 to 10 Foot-candles. — For visually controlled work in which seeing is im- 
portant, but more or less interrupted or casual and does not involve discrim- 
mation or fane details or low contrasts. 


0 to 5 Foot-candles. - The danger zone for severe visual tasks, and for 

Nostril N- York: D. Van 
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Shadows and Glare 

It has been found that the intensity of the illumination in a room 
should be fairly uniform if eyestrain is to be avoided. In as much as 
one common reason for non-uniformity is the existence of sharp shad- 
ows, the causes of such shadows should be eliminated as far as possible. 
The frosted type of electric light bulb produces less pronounced shad- 
ows than did the old-fashioned clear type, since in the former the light 
comes from the entire surface instead of from a small, very bright 
filament. Still better, from the standpoint of eye comfort, is indirect 
lighting, in which much of the illumination of a room results from 
diffuse reflection of light by the ceiling and walls. One of the advan- 
tages of the new fluorescent lighting is the fact that the comparatively 
large area from which the light comes tends to prevent the formation 
of shadows. 

Glare represents one of the most common defects in lighting as 
well as one of the most serious from the standpoint of eyestrain. It 
may result from any of several causes. One is simply excessive bright- 
ness of the light source, in which case the remedy is obvious. Another 
is too much contrast, such as occurs when one uses a bright reading 
lamp in an otherwise dark or very dimly lighted room. Here the rem- 
edy is to increase the illumination in the rest of the room. One of the 
0 

most common causes of glare is reflection from surfaces such as glass, 
polished wood, shiny paper, wet pavements, or snow. Remedies in- 
clude the use of dark glasses, and variation in angle or direction at 
which the light strikes the surface. The applications of Polaroid ma- 
terials in this connection have already been mentioned in Chapter 30 
in the discussion of polarization. As was pointed out at that time, 
they seem to have particularly valuable possibilities for the elimination 
of the glare of automobile headlights, which constitutes one of the 
major lighting problems in the United States. Another approach to 
the solution of this problem which is just beginning to be applied is 
the flood-lighting of highways so that automobile headlights will not 

need to be so bright. 

Color Distribution 

It was pointed out in Chapter 3 1 that the color which an ob- 
ject appears depends to some extent on the assortment of shades 
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that happen to be present in the light that is being used to illuminate 
it. Since so much of our seeing is done by daylight wc think of it as 
standard and call the appearance of any material in daylight its natu- 
ral ” color. So for most purposes it is desirable that an artificial light 
source approximate daylight as nearly as possible. Anyone who has 
looked at objects or at another person under a sodium highway light 
or a mercury vapor lamp knows that either of these produces an ex- 
tremely unnatural appearance. Therefore, such light sources are not 
likely to become popular for ordinary home lighting. The common 
tungsten filament incandescent light approximates daylight but is 
lacking to some extent in the blue and violet part of the spectrum. 
That it isn’t exactly the same as daylight is evidenced by the fact that 
articles of clothing purchased under artificial light frequently appear 
a somewhat dilferent shade when one views them out of doors. By 
combining mercury light, which has an excess of the blue-violet wave 
lengths, with that from incandescent tungsten filaments a close ap- 
proach to daylight can be obtained. 


On the other hand, there are some purposes for which it is desir- 
able to have light of as nearly one color as possible instead of a com- 
bination of all colors as in white light. For one thing, there is evi- 
dence to indicate that objects can be seen with a greater degree of 
sharpness in one-color light, such as is emitted by sodium vapor lamps, 
than in white light. Certain color-matching operations can also be 
carried out more easily under illumination of a single color. 


Cost 

The cost of obtaining a given amount of artificial light has de- 
creased so enormously since 1800 that a few figures on the subject may 
be of interest. Two factors have contributed to this decrease. For 
one thing science has been able to produce increasingly better sources 
of light. The other reason has been the progressive lowering in the 
cost of fuel used in the generation of light. The comparative cost of 
light at the beginning and end of the nineteenth century has been 
stated by Dr. Luckiesh in the following terms.' In 1 800 a family could 
bum 5 candles for 3 hours an evening at a total annual cost of $20. By 
1900, using new sources, the same amount of money would buy a 

^ Luckiesh. M., Artificial light. New York: antury Co.. 1920. 
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quantity of light the equivalent of that emitted by 1 54 candles burned 
five hours a night for a year. This means that the number of candle- 
hours of light that could be obtained for a given price increased in one 
century more than fifty fold, where a candle-hour is the fight given 
oflf by a standard candle in one hour. Table 3 5 shows similar facts 
stated somewhat differently. 


Table 35.^ Table Showing the Approximate Total Cost of 1,000 

Candle-Hours for Various Periods 




Cost of 1,000 

Period 

Source 

Candle-Hours 

1800 to 1850 

Sperm oil 

$2.40 


Tallow candle 

5.00 

1850 to 1865 

Kerosene 

1.65 


Tallow candle 

6.85 


Kerosene 

.75 

1865 to 1875 

Tallow candle 

6.25 


Gas, open flame 

.90 

1875 to 1885 

Kerosene 

.25 


Gas, open flame 

.60 

1885 to 1895 

Kerosene 

.15 


Gas, open flame 

.40 


Gas mantle 

.07 


Carbon filament 

.38 


Metallized filament 

.28 

1895 to 1915 

Tungsten filament 
(vacuum) 

.12 


Tungsten filament 
(gas-filled) 

^ Luckiesh, M., op . cit ., p . 218. 

.07 


Assuming an electrical rate of 5 cents per kilowatt-hour, modern 
incandescent bulbs furnish 1,000 candle-hours of Ulumbation at a 
cost of from 4 to 6 cents, depending on the particular size and type 
of lamp. With fluorescent fighting the price of the same amount of 

light is in the neighborhood of 2 cents. 
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Sources of Artificial Light 

There are four general methods by which the one octave of electro 
magnetic radiation that we call visible light is generated. With re- 
spect to each of these we shall consider briefly its nature, its presem 
practical applications if any, and its future possibilities in the light 
of present knowledge. 

Incandescence 

Let us assume that we have prepared an oven in which a piece of 
iron, a brick, or other object can be heated to a high temperature. 
Performing the experiment, we note the following sequence of events. 
As soon as the object becomes a little warmer than its surroundings it 
begins to emit radiation that we can feel, that is, heat radiation. This 
radiation consists of the " longer than red ” waves that, in Chapter 31, 
we called infra-red rays. At a temperature of approximately 900° F., 
the first visible radiation is given off, when the object becomes dull red 
in color. By about 2,200° F. it is white hot and is said to be incandes- 
cent. So an incandescent light source can be defined as one which emits 
light because of its high temperature. It is important to note that the 
heat energy such a source emits is always far greater than that which 
IS given off in the form of light, which is the reason for the relatively 
low efficiency characteristic of all incandescent sources. 

Pre-electric Artificial Light. - With one exception, all of man’s 
sources of light until very recent times, including the most commonly 
used electrical ones, have been of the incandescent type. The excep- 
tion was the practice of some primitive peoples of imprisoning fireflies 
and glow-worms in receptacles of various sorts and using them as light 
sources. As might be expected, such illuminants did not prove par- 
ticularly satisfactory and never attained any great importance. The 
principal sources of light that man has used since prehistoric times, to- 
gether with some information about each, are listed chronologically in 
able 36. A few additional comments should be made about the early 
devices which man developed to provide himself with light at times 
when, and in places where, daylight was not available. 

For one thing, the importance of carbon in the field of illumina- 
tion should be noted. In every one of the sources of artificial light 
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introduced before the advent of electricity, and in several since that 
time, carbon is the material which becomes incandescent and emits 
light. In torches, the light is furnished by the combustion of wood 
or other material. In the various types of oil lamps and gas lighting 
fixtures, hydrocarbons in the fuel burn and generate the necessary 
heat. The high temperatures thus produced cause some free carbon to 
be formed from the hydrocarbons, the floating particles of which be- 
come incandescent. If the temperature is not sufficiently high to raise 
all the particles to incandescence many of them escape as smoke or soot. 


Table 36. A Summary of the Principal Incandescent Light Sources 
(Adapted from a Table Prepared by Prof, F, F. FIouseholder, 

University of Akron) 


Approxi- 
mate Intrinsic 


Date 

Description 

Brilliancy 

Color 

Remarks 

Prehistoric 

Torch 

1.2 c.p, 
per sq. in. 

Yellowish- 

orange 

Earliest known 
artificial source. 
Smoky, unsteady^ 
unclean, but con- 
venient. 

Early Chi- 
nese, Greek, 
and Roman 
civiliza- 
tions 

Oil lamp, 
using sperm 
and olive 
oil, fats, 
etc. 

3-8 c.p. 
per sq. in. 

Orange 

First step toward 
modern oil lamps. 
Big improvement 
over torches. 
Smoky and un- 
steady. 

200 a.D. 

Candle 

3-8 c.p. 
per sq. in. 

Orange 

Portable and fair- 
ly safe. Clean, 
odorless, conven- 
ient. Small units 
only. Became an 
intensity stand- 
ard. 

1779 

Bare gas 
flame 

3-8 c.p. 
per sq, in. 

Orange 

to 

yellow 

Fairly steady, 
odorless, conven- 
ient. Small imits. 


Not portable. 
Some danger of 
explosion or as- 
phyxiation. 
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Date 

Dcscriptioji 

Brilliancy 

Color 

Remarks 

1853 

Kerosene 

lamp 

4-9 c.p. 
per sq. in. 

Orange 

to 

yellow 

Cheap, clean, 
portable, fairly 
safe. Outdoor 
use if well pro- 
tected, Requires 
good air supply. 

1870 

Carbon arc 

10,000 to 
100,000c.p. 
per sq. in. 

Bluish- 
white to 
violet 

Now almost obso- 
lete in old form. 
Large units only. 
Efficiency far be- 
low metal fila- 
ment lamps. Not 
portable. 

1879 

Carbon 

filament 

300-500 

c.p. per 
sq. in. 

Yellowish- 

white 

Clean, safe, con- 
venient. Now re- 
placed by metal 
filament lamps 
and other newer 

sources. 

1886 

Gas 

(Wellsbach 

mantle) 

20-50 c.p. 
per sq. in. 

Greenish 
to amber 
hue 

Clean, odorless. 
Fairly steady. 
Small units. 

Some danger of 
asph)Tciation. 

1890 

Acetylene 

✓ 

gas 

75-100 c.p. 
per sq. in. 

Yellowish 

tint 

Nearly 15 times 
the illuminating 
power of natural 
gas. Dangerous 
because the gas is 
rather unstable. 

892 

Mercur}’’ 
arc, glass 
enclosed 

10-15 c.p. 
per sq. in. 

Greenish- 

blue 

Large units only. 
Good for seeing 
details in black 
and white. Not 
good where color 
distinction is re- 
quired. 
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Approxi- 

mate 


Intrinsic 

• 


Date 

Description 

Brilliancy 

Color 

Remarks 

1894 

Moore tube 

,67 c.p. 

per sq. in. 

Varied with 
gas; almost 
daylight 
with COg 

Forerunner of 

modern neon type 
tube. Large units 
only. Used vari- 
ous gases, chiefly 
CO 2 and N. 
Trouble with gas 
disappearing. 

1899 

Flaming 

5,000 c.p. 

Yellowish 

Large units only. 


electric arc 

per sq. in. 

tint 

w 

Outdoor lighting. 
Constant sputter- 
ing. 

1904 

Tantalum 

750 c.p. 

Yellowish 

Short life. Eas- 


filament 

per sq. in. 

tint 

ily broken. Con- 
venient, clean, 
semi-portable. 
Medium sized 
units. 

1906 

Tungsten 
Mazda "B” 

1,060 c.p. 
per sq. in. 

Daylight 

Mazda "B” lamps 
are vacuum filled. 
Obtainablein clear 
glass or inside col- 
ored in various 
hues. Can be used 
out of doors with- 
out protection. 

1909 

Mercury 

800 c.p. 

Bluish- 

Large units only. 


w 

arc, quartz 
enclosed 

per sq. in. 

white 

Rich in ultra-vio- 
let. Fairly long 
life. More red 
than in glass en- 
closed type. 
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Intrinsic 



Date 

Description 

Brilliancy 

Color 

Remarks 

1913 

Tungsten 

3,000 c.p. 

Nearly 

Mazda C lamps 


Mazda "C” 

for 50-watt 

white 

are gas-fillcd. 



to 8,400 


Convenient, clean, 



c.p. per sq. 


safe. All sized 



in. for 


units. Adaptable 



2,000-watt 


for almost all 
lighting require- 
ments. If used 
out of doors 
should be pro- 
tected from rain 
and snow. 

1922 

Neon light 


Deep 

Used on high 




orange- 

voltage alternat- 




red 

ing current only. 


High visibility. 
Chief application 
In advertising. 


1930 Sodium 

vapor 


1939 


Fluorescent 

tube 


High efficiency. 
Monochromatic. 
Tube contains 
neon or argon to 
carry arc until 
sodium is vapor- 
ized. Used for 
street and out- 
door lighting. 

Wide range Ultra-violet light 
of possible from mercury va- 
colors por strikes fluo- 

rescent materials 
coated on inside 
of tube. Two or 
three times as ef- 
ficient as filament 
lamps. 


Orange- 

yellow 
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When bare-flame gas lighting was first introduced it proved to be 
a big improvement over candles and ofi lamps in convenience, safety, 
and cost of operation. However, the gas mantle, which did not appear 
until after the electric lamp had been invented, was responsible for 

the very great importance which gas lighting attained before it was 
finally largely superseded by electricity. 

Incandescent Electric Lighting. - The first electrical illuminat- 
ing device to be developed was the arc light. Although it did not be- 
come commercially important until about 1870, such a light was dem- 
onstrated as early as 1808 by Sir Humphry Davy. At that time a 
subscription was taken among the members of the Royal Society to 
provide funds for building an electric battery of 2,000 voltaic cells. 
This battery was used to furnish the current for a lecture demonstra- 
tion by Davy of an electric arc between charcoal rods. However, the 
practical use of such devices as sources of light had to await the devel- 
opment of generators that would provide large currents at low cost. 
Carbon rods are commonly used today in arc lights. Here again the 
substance which becomes incandescent is chiefly carbon, although a 
core of some other material is frequently put in the rod to add par- 
ticular properties to the light that is emitted. Arc sources give off 
a very intense light and formerly found their principal application 
in street lights. But today they have been replaced for this purpose 
almost entirely by large-unit filament lamps. Arc lamps still find 
considerable use in large motion picture projection outfits and in 
various forms of searchlights. 

The first successful incandescent filament electric lamp was made 
by Thomas Edison in 1879. In it he used a carbon filament which he 
prepared by carbonizing a strip of paper. This was enclosed in a glass 
vessel which was then evacuated. Platinum wires sealed into the glass 
and attached to the filament served as lead-in wires. It was necessary 
to use platinum for this purpose because it was the only good conductor 
known at that time which would expand and contract with tempera- 
ture changes at about the same rate as glass. Today platinum has been 
replaced by a copper-plated nickel-iron alloy which is much cheaper. 
It should be noted that we are still deahng with a source in which the 
incandescent material is carbon. 

In the years following the introduction of the carbon filament 
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lamp Edison and others carried out extensive research looking toward 
its improvement. These experiments were along two general lines, 
namely, the development of better methods of making carbon fila- 
ments and the search for substances that might be used instead of car- 
bon. The next important step forward came in 1906 when the tung- 
sten filament lamp was first put on the market. Tungsten, which was 
discovered by Scheele in 1870, is one of the heaviest elements, has a 
fairly high electrical resistance, and a melting point above 5,000° F. 
The tungsten filaments used in early lamps were extremely fragile and 
it took many years of research before a method was developed for 
making ductile tungsten of high tensile strength which could be drawn 
out into very fine wires. Tungsten oxidizes rapidly at high tempera- 
tures and so a tungsten filament lamp that contained air would burn 
out as soon as the current was turned on. To prevent this, light bulbs, 
for a number of years, were evacuated as highly as possible. It has been 
found, however, that less blackening occurs and the lamp lasts longer 
if a gas of low chemical activity is put in it. Nitrogen was formerly 
used for this purpose but, as was mentioned in Chapter 15, it has 
almost entirely been superseded today by argon. Other improvements 
of recent years include inside frosting of bulbs, appreciable lengthen- 
ing of life, and increase in eflSciency, modern tungsten lamps being 
about six times as efficient as the old carbon filament type. 

Two special types of lamps of particular interest to photographers 
have been developed in recent years. These are photoflash and photo- 
flood bulbs. The former contain a little aluminum foil and oxygen at 
a pressure of approximately a fourth of an atmosphere. A filament 
serves to ignite the foil which produces a flash of light lasting a few 
hundredths of a second and having an intensity of several million 
candle-power. The photoflood lamp contains a tungsten filament 
which is designed for a voltage about two-thirds that of the usual 
household circuit. Thus, when used on a 1 10-volt circuit, it is over- 
loaded and produces an intense light but burns out after approxi- 
mately two hours of service. 

Incandescent Efficiency. — A brief reference was made previously 
to the relatively low efficiency of incandescent light sources. It is im- 
portant to note that this is inherent in the manner in which the light 
IS produced. In other words, not much can be done about it. In anv 
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incandescent light some substance has to be heated to a high tempera- 
ture m order for it to give off light, and upwards of 9 5 per cent of the 
energy that it takes to produce this heating is given off in the form of 
radiation to which the human eye is not sensitive. Consequently, the 
over-all light eflSciency of the best incandescent electric lamps is’ not 
greater than 5 or 6 per cent. This simply means that of every dollar’s 
worth of electricity burned by the ordinary electric lights in your 
home, you get back 5 cents’ worth or less in the form of light. In- 
creasing the temperature to which the filament is raised tends to in- 
crease efficiency, but the possibilities of improvement by this means are 
limited by the melting point of the tungsten. Since just now various 
installations of fluorescent lighting are being made in homes, it should 
be mentioned that the above statement does not apply to them. Their 
characteristics are discussed in the next part of this chapter. 


Electroluminescence 

We are using the term " electroluminescence ” to apply to light 
sources which are essentially the modern counterparts of the Geissler 
and Crookes cathode-ray tubes described in Chapter 26. In other 
words, these sources emit light as a result of the discharge of electricity 
between two electrodes in a partially evacuated glass tube. It will be 
recalled that the color of the light in such a case depends on the kind of 
gas that the tube contains. 

Neon Lamps. — The neon tube was described in some detail in the 
reference just mentioned. The gas is at a pressure of something like 
half a centimeter of mercury and a voltage of around 15,000 volts is 
applied across the electrodes. Everyone is familiar with the orange- 
red light which such a source emits. Other colors may be obtained 
by using different gases or mixtures of gases and colored glass. Hydro- 
gen glows a pale blue and helium, yellow. A brighter blue is obtained 
by mixing neon, argon, and mercury vapor together. The same mix- 
ture, put in an amber glass tube, gives green light. The efficiency of 
such sources is roughly twice that of incandescent lights. However, 
the first cost of the equipment is high. The light is not steady because 
of the fact that it goes out for an instant every time the alternating 
current reverses. One can demonstrate this by moving his hand back 
and forth between his eyes and a neon sign. Instead of moving 
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smoothly the fingers appear to go by a series of jumps. If the sign 
happens to be using the common 60-cycle alternating current, these 
jumps are one-hundred-twentieth of a second apart. This flicker can 
be partially eliminated by using two tubes, side by side, which are op- 
erated by currents that are out of phase or " out of step ” with each 

other. No combination of gases has been de- 
veloped that gives a good white light, which 
fact combined with the flicker mentioned 
above makes neon-type lamps unsuitable for 
ordinary household lighting purposes. 

Sodium Lamps. — Although the sodium 
lamp operates much as does the neon, the tube 
must be constructed somewhat differently 
since at normal temperatures sodium is a solid. 
Such a tube is shown in Fig. 220. Each elec- 
trode is a small coil of tungsten wire. When 
the current is turned on these coils become in- 
candescent. The heat thus generated serves to 
vaporize a piece of sodium, after which the 
device operates as a vapor lamp. A little neon 
is also placed in the tube to aid in the starting 
process. It is because of this that sodium high- 
way lights give off a red light when first turned 
on, which later changes to yellow. They are 
from two to three times as eflScient as incan- 
descent lights and have found their principal 
application in highway lighting. 

Mercury- Vapor Lamps. — Here also the operation is similar to 
that of a neon light although some means must be provided to vaporize 
the mercury to begin with. When the light is turned on a tungsten 
filament becomes hot and vaporizes some mercury in the bulb. How- 
ever, the tungsten has a higher resistance than does the mercury vapor, 
so once the latter is formed a mercury arc is set up between the elec 
trodes, and the filament ceases to carry much current. The light from 
^ese lamps is strong in green and blue but contains very little red. 
There is also a considerable amount of ultra-violet radiation in it. 
Mercury-vapor lamps made of quartz, which transmits ultra-violet, are 



Fig. 220. Cross-section 
diagram of a sodium 
highway light bulb. 
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employed as sources of this very short-wave-length radiation for ster- 
ilizing purposes and other uses. 

Fluorescent Lights. — Fluorescent lighting, which was first pre- 
sented to the world at the 1939 New York and San Francisco fairs, 
marked an mportant step forward in the science of illumination! 
The applications found for it have increased so rapidly since its intro- 
duction that some 25,000,000 tubes were made in 1941, or about three 
times as many as m 1940. The lamp proper consists of a glass tube 
which contains some mercury and has an electrode sealed in each end. 
When it is operating the electric current flows through the mercury 
vapor just as it does in the mercury lamp described above except that 
here the current, voltage, and vapor pressure are so adjusted that the 
radiation is almost entirely ultra-violet in nature. The inside of the 
glass tube is coated with a powder which " fluoresces ** in ultra-violet 
light. Now any fluorescent substance is simply one that has the ability 
to absorb rays of one wave length and then emit them again as longer 
waves. In this case the absorbed invisible ultra-violet rays are re- 
radiated as visible light. Different kinds of powder give different 
colors. Among those commonly used are the tungstates of magnesium 
and calcium and the silicates of zinc and cadmium. 

The outstanding desirable feature of fluorescent lighting is its 
high efficiency, which is several times that of incandescent lighting. 
It is also true that the tubes last from two to three times as long as do 
the ordinary light bulbs. By the procedure of absorption and re- 
radiation the unsteadiness mentioned in connection with neon is elimi- 
nated. It also is possible to produce light of a great variety of shades 
and colors including a close approach to daylight. Another advantage, 
particularly in store lighting, is the almost complete elimination of 
shadows because of the relatively large surface from which the light 
comes. The first cost of fluorescent installations is somewhat higher 
than for the incandescent type. 

There are a number of applications and possibilities of fluores- 
cence that are quite interesting and novel, many of them not directly 
in the field of illumination. Museums have found it possible to use it 
to reproduce accurately the light from the northern sky so that pic- 
tures can be viewed under illumination similar to that in which they 
were painted. The fact that the powder does not have to be in the 
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tube but will fluoresce even when a considerable distance from the 
ultra-violet source has given rise to a number of uses. For identifica- 
tion purposes an invisible fluorescent paint can be used which becomes 
visible only when illuminated with ultra-violet rays. This has been 
applied to the marking of clothes in several laundries, and in at least 
one hospital for marking babies to avoid any chance of mixing them 
up. Subway and bomb shelter entrances in London are marked with 
fluorescent paint which gives off a glow when ultra-violet lamps are 
directed on it. Its possibilities for outdoor advertising at night are 
more or less obvious. Fluorescent tubes are available today in lengths 
all the way from six inches up to five feet. 

Chemiluminescence and Autoluminescence 

These last two types of light sources are mentioned simply to 
make the story complete since they have no important practical appli- 
cations in the field of illumination today and seem to offer little in the 
way of future possibilities. 

The most familiar example of a chemiluminescent source is the 
firefly. The evidence indicates that two chemical substances are in- 
volved in the production of light by the firefly. Their exact compo- 
sition has not been determined but they have a protein-like nature. 
Neither one is phosphorus as has been commonly believed in the past. 
Light is emitted when one of these substances comes into contact with 
oxygen in the presence of the other which acts like a catalyst. It is 
worth noting that the firefly’s light is some 95 per cent efficient which 
is enormously higher than the other sources we have discussed. Among 
fireflies their lights serve, not as illuminants, but as a means of bringing 
the sexes together. Incidentally, one writer ^ reports that in South 
America there is a species of firefly known locally as the automobile 
bug because it has a white light in front and a red one behind. Other 
forms of life which emit light because of chemical reactions in- 
clude some types of bacteria, many mushrooms and other fungi 

certain deep-sea fishes, numerous kinds of jellyfish, sponges, and 
many others. 

A number of chemicals have been discovered which can be made 
to emit hght in the laboratory quite apart from the life processes of 

1 Cottm.n, E. W., “Cold Light,” The ScUntific Am^can, 6, HO, June, 1939. 
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any animal or plant. One of the most striking of these is a substance 
known commonly as " luminol ” rather than by its complete name of 

3-aminophthalhydrazide. It glows with a briUiant blue light upon 
oxidation, producing almost no heat. 

Autoluminescence includes the light produced as a result of ra- 

loactive disintegration. So-called radium-coated watch dials and 

hands represent one application of this sort of illumination. The light 

is a result of the bombardment of certain materials by the rays emitted 

by the radioactive elements present. Any use of such light source on 

a large scale would be enormously expensive and in addition would be 
a definite health hazard. 

Thus we may say that for some time to come most of man's illu- 
mination needs will be taken care of by incandescent and fluorescent 
sources. The former, although of low eflSciency, provide satisfactory 
amounts of light at comparatively low cost. Although the latter is 
still too new for its future possibilities to be completely evaluated, they 

seem to be very promising in the light of its progress during the few 
years of its existence. 


Questions 

Discussion 

1. Mention two factors that affect the intensity of illumination on any 
given surface. 

2. Name and discuss three different light sources that have at some time 
or other in history been used as standards of illumination intensity. 

3. In what sort of light sources may intensity be assumed to be approxi- 
mately proportional to wattage? 

4. Find as many laws as you can, mentioned earlier in this book, that 
can be described as inverse square laws, 

I. Discuss methods of eliminating glare and shadows in home lighting. 

6 . Fig. 195 on page 5 80 may be assumed to represent the manner in which 
light is reflected from the curved reflector in an automobile headlight. Draw 
ray diagrams to show the result of placing the source of light either a little 
above or below the point indicated in the figure. 

7. Find out how the deflected beam actually is obtained in automobile 
headlights and compare this with your drawings made in answer to the pre- 
ceding question. 

8. Assuming an average intensity of one candle-power per watt and 
using your local electric rates, calculate the cost of 1,000 candle-hours of light. 
Compare the answer with that given in Table 35. 
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9, Explain the meaning of the term " incandescence ” and name five in- 
candescent light sources. 

10. Name three sources of light that are not incandescent. 

11. Discuss the importance of the element carbon in the history of arti- 
ficial light. 

12. Look up information about some of the materials that Edison experi- 
mented with for use as filaments in the interval between the development of 
his paper-strip carbon and tungsten. 

13. Describe the differences between photoflood and photoflash bulbs. 

14. Describe the construction and operation of two types of electrolumi- 
nescent sources. 

15. Discuss the disadvantages for use in home lighting of electroluminescent 
sources, other than fluorescent lamps. 

16. Get the opinion of one or more industrial users of fluorescent lighting 
as to its advantages and disadvantages in comparison with incandescent light- 
ing. 

17. Find as many applications as you can of fluorescent light other than 
those described in this chapter. 

18. Distinguish between chemiluminescence and autoluminescence. 

Multiple Choice 

1. The intensity of illumination at a point three feet from a given source 
of light is approximately — (a) 1/9, (b) 1/6, (c) 1/3, (d) 3 times, (e) 6 
times, (f) 9 times — that at a point one foot from the same source. 

2. The results of an experiment performed with a photometer would 
be most likely to be expressed in which of the following units? (a) Foot- 
candles. (b) Candle-power, (c) Watts, (d) Per cent, (e) Volts. 

3. For prolonged reading of ordinary type, the table given in this chapter 
recommends a minimum intensity of illumination of — (a) from 0 to 10, 
(b) from 10 to 20, (c) from 20 to 50, (d) from 50 to 100, (e) over 
100 — foot-candles. 

4. List all of the following in which incandescent carbon is the source 
of light, (a) Candle, (b) Sodium vapor lamp, (c) Fluorescent lamp, 
(d) Edison’s first incandescent electric light, (e) Early arc light. 

5. Which one of the following has the highest intrinsic brilliancy in terms 
of candle-power per square inch? (a) Kerosene lamp, (b) Prehistoric 
torch, (c) Bare gas flame, (d) Carbon filament, (e) Gas mantle. 

True-False 

1. As soon as kerosene lamps came into common use, the term candle- 
power was abandoned as the name of an intensity unit. 

2. The intensity of an incandescent bulb is affected by the conditions of 
current and voltage at which it is operated. 
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3. An electroluminescent tube of blue glass containing a mixture of 
)n gas and sodium vapor gives a pure white light. 

4. During the nineteenth century the amount of artificial fight that could 
obtained for a dollar increased by more than 1 3 0-fold. 

3. A piece of iron that is heated, first emits visible fight when it reaches 
emperature of between 1,500° F. and 1,800° F. 

6 . All the important sources of fight used by man before the inven- 
n of the tungsten lamp were of the incandescent type. 

7. In gas-filled incandescent Mazda lamps, the gas emits fight much as 
is neon in a neon tube. 


8. Incandescent fights, on the average, have an over-all efficiency of less 
in 10 per cent. 


9. Increasing the temperature at which an mcandescent bulb is oper- 
d tends to increase its efficiency. 

10. In fluorescent lighting, most of the actual radiation emitted by the 
rcury in the tube is invisible. 
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REFRIGERATION 



Since energy cannot be destroyed, the cooling of a substance can be 

accomplished only by causing the heat energy in it to flow to some 

other material. In other words, the butter and milk in a refrigerator 

are lowered in temperature because some other substance absorbs part 

of the heat energy which they contained. The general methods by 

means of which absorption is made to occur will be our concern in the 

first part of this chapter, after which we shall discuss several specific 
types of refrigerators. 

Absorption of Heat and Change of State 

In connection with this part of the discussion the reader should 
refresh his memory concerning the phenomenon of change of state as 
described in Chapter 13 and illustrated in Fig. 73. 


Latent Heat of Fusion 

It will be recalled that while a substance is changing from a solid 
to a liquid it absorbs a considerable quantity of heat. In terms of the 
kinetic theory this heat is pictured as " pulling ” the molecules of the 
material farther apart, thus changing its characteristics from those 
which we associate with solids to the group which are typical of liquids. 
That the heat energy does not increase the velocity of the molecules at 
this point is evidenced by the fact that there is no increase in tempera- 
ture while the change of state is in progress. It is the fact that the 
amount of heat absorbed is comparatively large which gives the phe- 
nomenon its application in the field of refrigeration. 

Let us consider the case of water as it changes from a solid to a 
liquid. One calorie of heat is required to increase the temperature of 
one gram of water one degree Centigrade. However, merely to melt 
one gram of ice requires approximately 80 calories. In other words, 
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the latent heat of fusion of ice is 80 calories per gram. Or, if we talk 

about ice in terms of pieces of a more familiar size, a 2 5 -pound cake of 

ice absorbs almost a million calories of heat when it melts, which is 

almost as much heat as it takes to raise the temperature of 2 5 pounds 

of water all the way from freezing to boiling. So in the melting of ice 

we have available a way of getting considerable quantities of heat 
absorbed. 


Latent Heat of Vaporization 

A similar absorption of heat occurs at the other change-of-state 
point, that is, between liquid and vapor. Here the heat absorbed per 
unit weight of the vaporizing substance, called the latent heat of va- 
porization, is much larger than is the heat of fusion. In the case of 
water it is about 540 calories per gram or between six and seven times 
that required to melt a gram of ice. Thus, to vaporize 2 5 pounds of 
water requires a little over 6,000,000 calories. The cooling effect of 
such vaporization is a commonly experienced phenomenon. Every- 
body has noticed the fact that a wind feels much colder against one’s 
hands or face if they are wet than if they are dry. This is simply be- 
cause of the fact that as the water evaporates it absorbs its heat of va- 
porization from its surroundings. Body temperature is regulated in 
part by the cooling caused by the evaporation of perspiration. If it 
were not for the fact that a liquid absorbs its latent heat of vaporiza- 
tion when it changes to a vapor, an electric fan in a warm room would 


be useless. 


As it is, the fan speeds up the evaporation of perspiration 


by continually supplying unsaturated air to the surface of the body. 


Latent Heats Related to Refrigeration 

It is clear from the above description that change-of-state phe- 
nomena offer possibilities for getting large amounts of heat absorbed. 
If the effects are to be used as practical refrigerating procedures, sev- 


eral other requirements must be met. 

For one thing, the material which changes state must do so at a 

temperature near that desired in the refrigerating device. Thus, one 
can employ the heat of fusion of ice because its melting point is a little 
but not too much below the temperature at which foodstuffs should 
be kept. Aluminum, for example, has to be heated to about 1,216 F. 
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before it melts. Obviously its change of state cannot be employed for 
refrigerating purposes although it has a heat of fusion about the same 
as that of water. For the same reason, the heat absorbed when water 
changes to steam cannot be used although it is more than six times as 
great as the heat of fusion. The evaporation of water at ordinary tem- 
peratures is employed sometimes as a cooling technique, as when jars 
of drinking water are wrapped in wet cloths. 

A second requirement is that the substance used as a refrigerant 
must not affect undesirably either the materials being refrigerated, or 
the refrigerating device itself. Regardless of how high a heat of fu- 
sion it might have, no substance could be substituted for ice if it made 
foodstuffs unfit to eat or caused rapid corrosion of the ice-box itself. 

Then finally, if the cooling process is to be a continuous one, some 

provision must be made to reverse the direction of the change of state. 

This means that if the refrigerating device involves the heat absorbed 

when a substance changes from a solid to a liquid, there must be some 

place where the liquid changes back into a solid again if refrigeration 
is to continue. 


Types of Refrigerating Devices 

Having seen something of the general relationship of the two 
kinds of latent heat to refrigeration, we shall consider next several 
specific types of refrigerating devices. 

The Ice Refrigerator 

The relative locations of ice and food in an ice refrigerator or 
ice-box are shown in Fig. 221. It should be noted that the ice is placed 
m the top compartment, above the materials that are to be kept cool. 
Every gram of ice that melts absorbs 80 calories of heat from the air 
immediately surrounding it. This cooled air, being heavier per unit 
volume than warm air, sinks toward the bottom of the refrigerator 
and warmer air flows around the ice to take its place. As the cold air 
moves down it absorbs heat from the butter, eggs, or meat over which 
it passes, lowermg their temperature. Other cold air then moves down 
orcing the first back up to the ice compartment again. The complete 
circulation picture is shown by the arrows in the diagram. If the 
cabmet is weU insulated almost aU of the heat absorbed by the melting 
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ice comes from the food. In a poorly-insulated box much of the heat 
is conducted in from the outside and the ice melts without providing 
an adequate return to the owner in terms of the refrigeration of food. 
For proper food preservation the 
temperature inside a refrigerator 
should be between 40° and 50° F. 

It should be emphasized that 
the device functions as an efficient 
refrigerator only as the ice melts 
and in so doing absorbs its latent 
heat of fusion. It is not simply an 
insulated container which makes 
it possible to place foodstuffs 
alongside something that is cold. 

If that were true no refrigerator 
would be worth bothering with. 

In the light of these facts we may 
ask about the practice, sometimes 
indulged in by housewives, of 
wrapping the ice in newspapers to 
keep it from melting so rapidly in 
the refrigerator. It should be clear from the above that such a proce- 
dure preserves the ice at the expense of the food. If the principal 
objective is to preserve the ice it would be better to let the ice company 
keep it, since such a firm has better ice-saving facilities than those in a 

kitchen refrigerator. 

One comment should be made in connection with the third re- 
quirement given in the preceding section. It is obvious that only half 
of the complete refrigerating cycle is completed in an ice refrigerator, 
namely, the change from a solid state to a liquid one. The other half 
occurs in the plant of the ice manufacturer when water is frozen into 
ice. Other types of household refrigerators, as we shall see, perform 

the complete process. 



Fig. 221. Diagram of an ice re- 
frigerator showing direction of air 
currents. 


The Compressor-Type Refrigerator 

Refrigerating devices of this kind make use of the heat absorbed 

bv a substance when it changes from a liquid to a vapor, that is, of its 
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latent heat of vaporization. As mentioned earlier in this chapter, a 
material that can be employed in this fashion must vaporize at a tem- 
perature not too far removed from the one that is to be maintained in 
the refrigerator. 

Commercial Ice-Making Machines. — The device used in the 

commercial manufacture of ice commonly employs ammonia as the 
refrigerant. Before tracing the operating cycle of such a machine let 
us remind the reader of the effect that pressure has in determining 
whether a substance will be a liquid or a vapor at any given tempera- 
ture. It will be recalled that although water ordinarily vaporizes at 
212° F., it may be raised to a higher temperature as a liquid by putting 
it under pressure. In a pressure cooker, for example, temperatures 
much higher than the ordinary boiling point of water are reached 
without the liquid all changing to steam. But if the pressure in such 
circumstances is suddenly released, the water vaporizes very rapidly. 
The same change occurs if the super-heated water is allowed to escape 
through a valve into a region of lower pressure. Similarly, if liquid 
ammonia flows through a valve from a place of high pressure to one 
of low, it will change rapidly to a vapor and in so doing absorb its heat 
of vaporization. 

Now let us trace the steps in the operation of a machine used in 
the manufacture of ice, as shown in Fig. 222. We will start with " Es- 
cape Valve ” shown at the bottom of the figure. On the right side of 
this valve the system contains liquid ammonia under a pressure of 
from 125 to 175 pounds per square inch. As the ammonia flows 
through this valve in the direction indicated by the arrows, it enters a 
region where the pressure is around 20 pounds per square inch. This 
considerable decrease in pressure results in rapid vaporization of the 
ammonia as it flows up through the coils in the brine tank. The am- 
monia’s heat of vaporization is absorbed from the brine, lowering its 
temperature under typical operating conditions to a figure as low as 
5 F, This temperature is low enough to freeze the fresh water in the 
smaller tank shown suspended in the brine container. Thus, it is in 
the brine tank that the ice is actually made. But if the ammonia is to 
be used over again there must be some provision for converting it back 
into a liquid. Therefore, as the ammonia vapor leaves the left-hand 
coil it flows into the cylinder of a compressor through the valve marked 
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Vi. Here it is compressed and enters the right-hand cooling coils 
through V 2 . In these coils, which are immersed in flowing cold water 
it condenses back into a liquid. Then it is ready to escape once again 
through the lower valve and repeat its refrigerating performance. 


V, Va 



escape VALVE 


Fig. 222. Cross-sectional diagram illustrating the cycle of operation of a 
commercial ice-making machine. 


It should be noted that the net result of the process is to remove 
heat energy from the brine in the left-hand tank, which is at a low 
temperature, and transfer it to the water in the right-hand tank which 
is at a higher temperature. In other words, the mechanical energy of 
the compressor is used to make heat flow from a lower to a higher tem- 
perature, a direction in which it does not naturally travel. This pro- 
cedure is essentially the reverse of a steam engine or gas engine since 
in the latter case heat energy flows from a higher to a lower tempera- 
ture and in so doing is made to produce mechanical energy. 

Household Electrical Refrigerators. — The ordinary household 
electric refrigerator operates on exactly the same sort of cycle as that 
just described. That is to say, a liquid under pressure expands through 
a valve, vaporizes, absorbs its latent heat of vaporization, is compressed, 
and condenses back into a liquid under pressure. The most commonly 
used refrigerant in these machines is sulfur dioxide which is stable, 
non-poisonous, and changes state within the desired temperature and 
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pressure ranges. Others that are employed include methyl chloride, 
ethyl chloride, and various special compounds developed in the labo- 
ratories of refrigerator manufacturers. 

In the household refrigerator the cooling coils are located around 
the ice-cube trays. The compressor is operated by an electric motor. 



Fig. 223. Cut-away picture of an electric refrigerator. (1) Place where 
liquid refrigerant is released into region of lower pressure; (2) Freezing com- 

partment; (3) Compressing pump; (4) Condenser. Liquid refrigerant is 
indicated by bubbles, vapor by wavy lines. (Courtesy Frigidaire.) 


The coils in which the refrigerant vapor condenses back into a liquid 
are sometimes cooled by an electric fan. A simplified cut-away dia- 
gram of an electric refrigerator is shown in Fig. 223. 

A point that should be noted in this connection is the fact that 
any refrigerator is also a heating device. We have already shown that 
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in the ice-makmg machine heat energy is transferred from the brine 
tank to the water which surrounds the condensing coils. Thus the 
former is cooled and the latter is heated. In the household refrigerator 
the heat energy that is absorbed from the foodstuff is transferred by the 
refrigerant around to the condensing coils from which it flows into 
the kitchen. In other words, the refrigeration process lowers the tem- 
perature of the materials within its walls and at the same time slightly 
raises the temperature of the air in the kitchen. This leads us to men- 
tion another practice in which housewives and maids occasionally in- 
dulge in summer. W^e refer to that of openmg the refrigerator door 
and then ironing or doing other work in front of the device in the 
belief that one is keeping cool. It will be seen from the above discus- 
sion that what actually happens is that heat energy in the part of the 
kitchen in front of the refrigerator flows in through the open door, 
is then absorbed by the vaporizing sulfur dioxide or other refrigerant, 
next is transferred to the condensing coils in the bottom of the refrig- 
erator, and finally goes back into the kitchen again. In other words, 
heat energy simply takes a round trip from the room through the re- 
frigerator and back into the room again accompanied by a rising elec- 
tric bill. 


The fact that the refrigerating process results in heat flowing 
from a lower temperature to a higher one suggests certain possibilities 
in connection with heating buildings in winter and cooling them in 
summer. It will be recalled from the discussion in Chapter 14 of the 
nature of heat, that any substance whose temperature is above 
absolute zero contains heat energy. Thus the atmosphere, even on the 
coldest winter day, has a great deal of heat energy in it. Consequently, 
if a machine like one of the refrigerating devices just discussed were so 
arranged in winter that the refrigerating coils were outside and the 
condensing coils inside a building, heat energy could be brought into 
the building from outdoors. Then in summer, by reversing the proc- 
ess, heat energy could be transferred from indoors to outdoors, thus 
using the device to cool the building. 


The Gas Refrigerator 

Another type of refrigerating device, known as the “ gas refrig- 
erator.” is in common household use today. It receives its name from 
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the fact that a gas flame is kept burning under one part of the mecha- 
nism. Its operation is based on a discovery made by two Swedish boys, 
Carl Miinters and Baltzar von Platen, while they were undergraduates 
in the Royal Institute of Technology at Stockholm. 

Like the electric refrigerator, the gas type makes use of the heat 
absorbed by a liquid when it changes to a vapor, ammonia being the 
refrigerant employed in this case. Its chief variation from the com- 
pressor-type machine is in the manner in which the second part of the 
refrigerating cycle is accomplished, that is, the change from a vapor 
back into a liquid again. This will be evident as we trace through the 
cycle of operation as pictured in Fig. 224, which illustrates the various 
circuits m this type of refrigerator. First, it should be noted that three 
s^ubstances are enclosed in the system, namely, ammonia, water, and 
hydrogen. Each one follows its own circuit through the device. Let 
us begin the story of the operation of this device at the gc^erafor 
shown at the bottom of the figure. There flows into the generator a 
solution of ammonia in water. The gas flame, which burns continu- 
ously under this part of the outfit, drives the ammonia out of solution 
in vapor form and causes both it and the water to rise through the 

1 1 * * j ^ 1 tile same man- 

ner that liquid flows up through the central stem in a coffee percolator. 

rom the separator the water flows by gravity to the absorber while 
the ammonia vapor moves on up to the condenser. Here, as the name 
suggests, the ammonia condenses into a liquid. In earlier models of 
IS refrigerator it was necessary to have a small stream of water flow- 
ing over the condenser at all times in order to cool the ammonia vapor 
ugh so that It would liquefy. In recent machines, sufficient lower- 
mg of temperature is obtained by simply having around the condenser 

hvdmtn r°i, u “ “"’“PHere of 

tte aS do h' " "POtita- 

tion and doing the work of reftlgeratlon. It will be recalled that in 

e compressor-type machbes the coils in which vaporization occurs 

on am simply air. The use of hydrogen, however, has certain defi 
mte advantages fecause of its lightness, its insolubility in water afd 
he fact that it does not corrode the metal tubes. Ue mixture "f 
ntmonia gas and hydrogen next moves down from the evaporator and 
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^ HYDROGEN CIRCUfT 
AMMONIA ClRCUn' 
WATER CIRCUIT 


CONDENSER 

WHERE AMMONIA 
IS LiQUEREO 


EVAPORATOR 

WHERE AMMONIA 
EVAPORATES 


SEPARATOR I 

WHERE AMMONIA VAPOR 
IS SEPARATED 
FROM WATER 


ABSORBER 

WHERE EVAPORATED 
AMMONIA IS DISSOLVED 
IN WATER 


LIQUID LIFT 

WHERE WATER 
IS UFTED WITH 

AMMONIA VAfW 


GENERATOR 

WHERE AMMONIA 
IS OravEN OUT 
OF SOLUTION 


Fig. 224 . Diagram showing the various circuits in the system of a gas re- 


o — o 

(Courtesy ServeUElectrolux.) 


into the absorber. Here it encounters the water which, as was men- 
tioned above, flows down from the separator on the other side. The 
water serves the purpose of separating the ammonia and hydrogen 
since the former will dissolve in water but the latter will not. The 
solution of ammonia in water then flows over to the generator while 
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the hydrogen rises from the absorber up through the vertical pipe to 
join more ammonia entering the evaporator. Convection currents in 
a gas contained in the separate tube which surrounds the absorber serve 
to cool this part of the system. 

The amount of refrigeration produced in this type of refrigerator 
is governed by the amount of heating at the generator. Turning up 
the gas flame results in more rapid evaporation taking place in the 
evaporator and consequently greater cooling is accomplished. Since 
the process is a continuous one rather than one which stops and starts 
at intervals, a high degree of constancy of temperature is obtainable 
in the refrigerator. 

It will be noted that although the device is commonly called a 
gas refrigerator any means of heating the generator might be expected 
to prove satisfactory. Both kerosene burners and electric devices are 
possible sources of heat. 


Discussion 


Questions 


1. Define the latent heats of fusion and of vaporization and distinguish 
between them. 

2. Describe the experiment the results of which are shown in Fig. 73 
in Chapter 1 3 . 

3. In terms of the kinetic theory of matter and heat, what is the physical 
significance of each of the followmg experimental facts? (a) Under certain 
conditions materiak increase in temperature as they absorb heat, (b) Under 
certain conditions, materials change state as they absorb heat. 

4. Compare the average velocity of the molecules of ice at 32° F. with 
that of water molecules at 3 2 ° F. Explain. 

y. Which would be the better container for drinking water on a very 
hot dry day, a semi-porous earthen jar or a glazed porcelain one? Explain. 

6. Explam the cooling effect of an electric fan operating in a warm 
closed room. 


7. Explain why neither the heat of fusion of iron nor the heat of vapor. 

ization of water is available for use in connection with commercial refriger- 
ation. ® 

8. Naine and discuss the requirements for a satisfactory refrigerant as 
they were listed m this chapter. 

9 . my would a refrigerator with the ice compartment at the bottom 
be less efficient than one with it at the top? 

10. If the cost were the same would a 25-pound block of glass at 32° F. 
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11. Draw a diagram of the system in a commercial ice-making machine 
and explain its operation. * macmne 

enters an electrical house- 
hold refrigerator. Trace its transformations step by step. 

13. Discum the relation of pressure to the vaporization of a liquid. 

14 Explain just how an electrical refrigerator helps to heat the room 
in which It IS located. 

15. Other things being equal, should leaving the refrigerator door open 

for several hours cool the room off, warm it up, or have no effect on it> 
Explain. 

1 6 . Contrast the refrigerating processes in the electrical and gas refriger- 

ators. ® 

1 7. Turmng up the gas under the generator in a gas refrigerator is analo- 
gous to what procedure in the electrical refrigerator? 


Multiple Choice 

1. To change 1 gram of ice at O'" C. into steam at 100° C. requires the 

absorption of about— (a) 80, (b) 100, (c) 540, (d) 640, (e) 720 — 

calories of heat. 

2. Which one of the following facts has the most direct bearing on the 
reason for putting the ice at the top of the ice refrigerator rather than at the 
bottom? (a) Ice contracts as it melts, (b) Over six times as much heat 
is required to vaporize a pound of water as it takes to melt a pound of ice. 

(c) A cubic foot of cold air weighs more than a cubic foot of warm air. 

(d) A cubic foot of ice weighs less than a cubic foot of water, (e) The 
melting point of ice lowers as the pressure on it is increased. 

3. List all of the following in which the latent heat of vaporization of 
some substance is absorbed during the refrigeration process, (a) The gas 
refrigerator, (b) The household electric refrigerator, (c) Commercial ice- 
making. (d) The ice refrigerator. 

4. In the commercial ice-making machine the pressure in the condensing 
coils is between — (a) 0 and 5, (b) 6 and 10, (c) 11 and 15, (d) 16 and 20, 

(e) 21 and 30 — times that in the cooling coils. 

5. List all of the following substances that follow a circuit through the 
system of a gas refrigerator, (a) Oxygen, (b) Ammonia, (c) Sulfur di- 
oxide. (d) Hydrogen, (e) Water. 


True-False 

1. As a substance absorbs heat it either increases in temperature or 
changes state. 

2. The walls of a refrigerator should be made of substances that are good 






.1^ 





rotligeration 




conduct lieat energy to tihe outside as rapidly 

as pos^l4^y . 

j. Ot&er th&gs being equal, decreasing the rate at whidi ice melts in a 
rdEc%e^tor decreases the amount of refrigeration obtained in a given time. 

4. A at 90^ C. wotdd be a poor refrigerant even 

though its latent heat of vaporization might be very large. 

i. In any electrical or ^ refrigerator one part of the system is being 
heated while another is bring Cooled. 

6 . In view of its me in making ice one may infer that brine has a higher 
freezing point than pure water. 

7. The greater the pressure on a liquid, the lower is its bmling point. 

8. Any considerable amount of refrigeration is obtained from an ice-box, 
only if the ice melts. 

9^ In the general refrigeration process heat energy is made to flow from 
a point of lower temperature to one of higher. 

10. All three materials in the system of a gas refrigerator follow exactly 
the same circiut through the device. 
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Coal tar products, 285 
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Coke, 284-286 
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types, 320—322 
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nature of, 613—616 
of mixed light, 615—616 
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Combustion, 

and concentration, 281—282 
and surface, 280—281 
defined, 279 

effect of temperature on, 279—280 
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Cometary orbits, 42 
Comets, 42—43 
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telegraph, 626-627 
telephone, 627-630 
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Compass, 430—431 
Complementary colors, 616 
Compoimds, 228-231 
Compressibility of, 
gases, 233, 251 
liquids, 232, 251 
solids, 231, 251 

Compressional waves, 538-539 
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Continental shelves, 114 
Continuous distillation, 288 
Continuous duct engine, 422 * 
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Control grid, 517 
Controlled experiment, 5 
Convection, 170, 245 * 
Copemican universe, 19 
Copernicus, Nikolaus, 10, 18-19 
Copolymerization, 345 
Copper, 308-309 
Copper plating, 478 
Coral, 165-166 
Corona, 28, 106 * 

Corrosion, 297 

Cosmic rays, 606 

Coster, Laurens, 625 

Cottrell precipitation, 324 * 

Coulomb, 472, 473 
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Cracking of gasoline, 289 

Crankshaft, 401 

Craters on moon, 100 

Crest of wave, 537 


I Cretaceous period, 1 82 
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Crookes, Sir William, 486 
Crookes tube, 486-488 * 

Crust of earth, 112, 113-115 
Cryolite, 310 
Crystalline solid, 329 
Cubit, 203 

Cunningham, Leland S., 43 
Cunningham comet, 43 
Curie, Marie and Pierre, 13, 494, - 
Current electricity, 459-481 
Cycles, 

four-stroke, 410 
geological, 169-173 
radio, 600 
Cyclone, 123 
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Dalton, John, 221, 222, 223 
Dampier, Sir William, 220 
Dark-line spectrum, 80 
Dark nebulae, 59-60 * 
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Davy, Sir Humphry, 248, 390, 641 
Davy safety lamp, 280 
Dawn Man, 183 
Day and night, 
cause of, 93 

comparative lengths of, 98-99 
Day, average solar, 210 
Days of week, 209 
Decimal fractions, 198 
Declination, magnetic, 431"^ 
Definite composition, law of, 228 
De-icers, 340 
De Laval, Carl, 403 
De-magnetizing methods, 434-4. 
438-439 

Democritus, 145, 220 

Derived units of measurement, 21] 

Destructive distillation, 284 

Deuterium, 274 

Deville, 310 

Devil’s Tower, 151 

Devonian period, 180 

Dew, 122 
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Diathermy machines, 602 
Diatomic gases, 229 
Diatonic scale, 565—567 
Diderot, 187, 200 
Diesel engine, 413—416 
Diffraction of light, 575—577 * 
Diffuse nebula, 59 ^ 

Diffusion, 

of gases, 233^ 251 
of liquids, 232, 251 
of solids, 231—232, 251 
Digits, 191 
Dikes, 149 
Dinosaur fossils, 162 
Dinosaurs, 181, 182 * 

Dip, magnetic, 432 ^ 

Dipping needle, 432 * 

Direct proportion, 234 
Displacement reaction, 298—299 
Distillation, 

destructive, 284 
fractional, 263 
Doldrums, 120, 122 
Dome mountains, 149 
Doppler effect, 

and star velocities, 8 5 
in light, 5 87 
in soimd, 559—560 ^ 

Double stars, 5 8 
Douglas, Andrew, 28 
Dow Chemical Co., 270 
Dry cell, 464 
" Dry ice,” 23 5, 266 
Ductility, 296 
Dufay, Charles, 446—447 
Duodecimal system, 191 
Duprene (see Neoprene) 

Dust explosions, 281 
Dwarf stars, 57 
Dynamo, 468—470 
Dyne, 374 

Earth, 

age of, 91-92, 154-157 
and habitability, 92—93 
and weather, 120 
area of surface, 115 
as a magnet, 429—432 


Earth — continued 

as an astronomical body, 89—129 
circumference of, 17 
clues to history of, 157—164 
composition of crust, 114 
density of, 112 
division into spheres, 111—127 
geological history of, 169—184 
inclination of axis, 97—99 
interior of, 1 1 1—1 1 5 
magnetic properties of, 113 
mass of, 9 1 

physical characteristics of, 89—93 
precession of axis, 96—97 
revolution about sun, 96 
rotation on axis, 93—95 
shape of, 89 
size of, 90—91 ^ 
speed in orbit, 96 
temperattires on, 92 
Earth history, 

and fossils, 161—168 
and human history, 174 
bases of division, 169—178 
from rock correlations, 157—161 
principal events of, 176—184 
well-recorded, 174 * 

Early man, 6—7 
Earthquakes, 112, 144—148 * 
Earthquake waves, 147—148 
Eclipse, 

of moon, 106-107 ^ 
of sim, 105-106 * 

Ecliptic, 97 

Edison, Thomas, 13, 627, 628, 648 
Edison Effect, 513—514 
Edison storage battery, 465 
Efficiency, 

of Diesel engine, 414 
of gas engine, 413, 414 * 
of simple machines, 378—380 
of steam engine, 403, 414 * 
of steam turbine, 404, 414 
Egloff, Gustav, 347 
Einstein, Albert, 13, 31, 391, 504 
Electrical power, 473—474 
Electrical resistance, 472, 473 
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Electric cells, 
dry, 464 
Edison, 46$ 
lead storage, 465 
primary, 464 
voltaic, 461-464 
Electric charges, 45 1-453 
Electric circuit, 471-474 
Electric current, 

chemical effect of, 476^79 
chemically generated, 460^65 
conventional, 464, 466 * 
electronic, 464 
heating effect of, 474-475 
magnetically generated, 466-470 
mechanical effects of, 475-476 
natuiK of, 459 

related to static electricity, 459 
Electric dynamo, 468-470 
Electric eye, 470 
Electric fish, 444 
Electric furnace, 308 
Electricity, 

and the atom, 484—512 
current, 459-481 
flow through gases, 485-488 
induced, 453-454 
origin of word, 444 
resinous and vitreous, 446 
static, 443-456 
Electric lighting, 648-649 
Electric motor, 475—476 
Electric refrigerator, 662-664 
Electroluminescence, 650-653 
Electrolysis, 476—478 
Electrolytic dissociation, 462 
Electromagnetic spectrum, 598-606 
Electromotive force, 471—472 
Electromotive series, 464 
Electron, 

and cathode rays, 491 
and photoelectric effect, 494, 518 
charge on, 488-493 * 
discovery of, 488-491 
e/m value, 488—491 ^ 
mass of, 493—494 
nature of, 449—450 
Electronics, 513-534 


Electronic vulcaaizarion, 336 ♦ 
Electron microscope, 6 l 2 - 6 ;i 3 ♦ 
Electroplating, 478-479 
Electroscope, 452 • 
Electrostatic induction, 453-45 
Electrotyping, 478, 626 
Elementary magnet, 440 
Elements, 

alphabetical table of, 224-223 
Aristotle’s, 220 * 
defined, 223 
Dalton’s, 222-223 

periodic table of, 227 

e/m for electron, 488-491 * 
Energy, 

and annihilation of matter, 3 ] 
definition of, 385 
emitted by sun, 30-31 
kinds, 385-390 
kinetic, 388-390 
potential, 386 
Engines, 

airplane, 412-413 * 
airstream, 417, 418-422 * 
continuous duct, 422 * 

Diesel, 413-416 » 
gas, 407-^13 * 
heat, 396-426 ♦ 

Hero’s, 417 * 

intermittent duct, 420-422 * 
internal combustion, 405-416 
Newcomen’s, 398-399 * 
ram-jet, 422 * 
reaction, 416-424 
rocket, 422-424 
steam, 397-404 * 
turbo-jet, 418—420 * 
Equinoxes, 99 
Eras, geological, 173-184 
Eratosthenes, 17, 91 
Erg, 375 

Erosion, 133-141 
Erosionai moimtains, 138 
Ether, 594-595 
Euclid, 7 
Elder, 187 

Evaporation, 232, 252 
Exact sciences, 201 
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Exhaust manifold, 410 
Expansion, 

due to heating, 243—244, 2 54 
of water, 267—268 
Experimental facts, 2 
Eye, 

defects, 609 * 

optical arrangement of, 608 * 
optical aids for, 610—613 


Fahrenheit temperature scale, 241 
Faraday, Michael, 343, 467 
Far-sightedness, 609 
Fathom, 203 
Faulting, 143—144 
Federal Communications Commis- 
sion, 600 
Filament, 514 
Filtration of water, 272 
Fire damp, 291 
Fire extinguisher, 266 
Firefly, 653 
Fission, 507 
Fixed stars, 5 8 
Fjords, 144 
Flood plain, 137 
Flotation, oil froth, 300 
Flowering plants, 182 
Fluorescent hghting, 652-653 
Foam rubber, 336 
Focusing, 

of camera, 607 
of eye, 608 
Fog, 122 
Folding, 143 * 


Foot-candle, 63 8 
Foot-pound, 375 
Force, 369-374, 382 
Ford, Henry, 13 
Formulae, chemical, 228 
Fossils, 

abundance of, 163-164 
and climate, 165—166 
and earth history, 161—168 
and sedimentary rock, 132 
early ideas about, 164 
kinds of, 161-163 
Foucault, Leon, 94, 574 


Foucault pendulum, 94 

Four-stroke cycle, 410 

Fractional distillation, 263—265 

Franklin, Benjamin, 447—448 

French, Sidney, 314 

Frequency of waves, 540, 548, 5 50 

Frictioning of rubber, 334 

Frost, 122 

Fuel injector, 415 

Fuels, 

gaseous, 290—293 
liquid, 286—290 
solid, 282-286 
Fundamental tone, 562 
Fundamental units, 202 
Fuse, 474 

Fusion, heat of, 657—65 8 

Gage blocks, 206 
Galactic nebulae, 59 
Galaxies, exterior, 66—67 
Galaxy, 52—61 
Galilei, Galileo, 

and atomic theory, 221 
and first thermometer, 240 * 
and Jupiter’s moons, 19—20 
and phases of Venus, 19 
and speed of light, 573 
and sunspots, 20 
and the Inquisition, 20 
and the telescope, 19, 71 
importance to science, 10—11 
Galle, 40 

Galvani, Luigi, 460 
Galvanized iron, 311 
Gamma rays, 496, 605—606 
Gas engine, 407—413 
Gases, 232-235 
Gas laws, 233-23 5, 253 
Gasoline, 288—290 
Gas refrigerator, 664—667 
Gassendi, 221 
Gay-Lussac law, 234, 253 
Geissler, Heinrich, 485 
Generator (see Dynamo) 
Geocentric universe, 1 8 
Geological, 

cycles, 169-173 
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Geological — ccmtinned 
eras, 173-184 ^ 
history, 169-184 
periods, 173 

Geology, beginning of, 130-131 
Geometry, 7 
Gerbert, 197 
German silver, 315 
Giant stars, 57 

Gilbert, Sir William, 429^30, 444 

Glaciers, 139, 158-159 

Glass, 351-352 

Goodyear, Charles, 329 

Gradation, 133 

Grand Canyon, 136, 175 * 

Granite, 131 
Graphite, 284 
Gravitation, 
and mass of earth, 91 
and mass of stars, 86 
law of, 22, 370-371 
Gray, Stephen, 446 
Great Bear constellation, 62-64 
Great Dog constellation, 65 
Great Lakes, 144 
Greeks, 

and astronomy, 16—18 
and calendar, 212 
and nature of matter, 219-220 
and number system, 192-193 
and scientific method, 7 
Greenland, 139 
Gregorian calendar, 213-214 
Grid, 515 

Ground water, 138 
Guericke, Otto von, 444-446 
Gullies, 135 * 

Gutenberg, John, 625 

Haber, Fritz, 353 
Habitability, 

conditions essential for, 92-93 
of planets, 36-37 
Hail, 122 

Hairy mammoth fossils, 162 
" Half-life ” of radioactive sub- 
stances, 498 

Hall, Charles Martin, 310 


Halley, Edmund, 42 
Halley’s comet, 42-43 
Handel, Georg Friedrich, 569 
Hard water, 270, 272 
Harmonics, 562 

Harmonious tone combinations 
Hawaiian Islands, 150 
Heat engines, 396-426 
Heat, 

and expansion, 243-244, 254 
and temperature, 239-243 
caloric theory of, 246-249 
conduction of, 244 
convection of, 244-245 
effect of absorption, 243, 253 
mechamcal equivalent of, 24J 
249, 390 

methods of transfer, 244-246 
nature of, 239-249 
of fusion, 657-658 
of vaporization, 658 
radiated, 602-603 
relation to matter, 243-246 
units of, 243 
Heat value of fuels, 283 
Heavy hydrogen, 274 
Heavy water, 273-274 
Heligoland, 139 
Heliocentric hypothesis, 19 
Helium, 81, 116, 266 
Helmholtz, Hermann von, 617 
Hematite, 301 
Henry, Joseph, 627 
Hercules, 26 
Herolt, Paul, 310 
Hero of Alexandria, 417 
Herschel, Sir William, 39 
Hertz, Heinrich, 63 1 
Hevea braziliensis, 325 
High molecular weight compoi 
353-354 

Himalayas, 143, 182 
Hindu-Arabic numbers, 195-19i 
Hipparchus, 17, 55 
Hippocrates, 8 

Hogben, Lancelot, 72, 187, 188 
Homer, 295 
Homo sapiens, 183 
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Hooke’s law, 374 
Horse latitudes, 120, 122 
Horsepower, 380—3 81 
Hour, 209-210 
Hudson River valley, 144 
Hydrocarbons, 286—287 
Hydrogen, 274-275 
Hydrogenation, 275, 289 
Hydrogen peroxide, 269 
Hydrosphere, 115 
Hypermetropia, 609 ^ 


Ice ages, 179, 183 

Iceland, 150-151 

Ice manufacture, 661—662 * 

Ice refrigerator, 659—660 * 

Igneous intrusion, 148 
Igneous rock, 131—132 
Ignition temperature, 279, 280 
Illuminants, 

comparative costs, 642—643 
history of use, 642, 644—647 
Illumination, 
and glare, 640 
and shadows, 640 
comparative costs, 642—643 
incandescent sources, 643—650 
intensity considerations, 636—640 
sources of, 643—654 
Imaginary numbers, 198 
Incandescence, 

early sources, 643—647 
efficiency, 650 
electric sources, 648—650 
Inch, 204 

Inclination of earth’s axis, 97—99 

Inclined plane, 376, 377 

Induced electric charges, 453—454 

Inertia, law of, 371 

Infra-red photography, 602—603 **■ 

Infra-red rays, 602—603 

Inquisition, 20 

Insect fossils, 162 

Insulators, 473 

Intake manifold, 406 

Intensity of soimd, 

and amplitude, 548, 550 
in musical tones, 561 


Interaction, law of, 373 
Interference of light, 585—587, 617 * 
Interferometer, 83 
Intermittent duct engine, 420—422 
Internal combustion engine, 405—416 
International pitch, 568—569 
Interval law, 564—565 
Invar, 315 

Inverse proportion, 233—234 
Ionization, 461—462 
Ionosphere, 119 
Iron, 

in earth’s crust, 114 
ores, 301 

reduction of ore, 302—305 
refining of, 305—308 
Iron Age, 6 

Isoclinic lines, 431, 432 
Isogonic lines, 43 1 
Isoprene, 343, 344 
Isostasy, 142 

Isostatic movements, 141—144 
Isotopes, 502—503 

Jeans, Sir James, 5 5, 154 

Jewish calendar, 212 

Johannson gage blocks, 206 

Johns Hopkins University, 422 

Joule, James Prescott, 248—249, 390 

Joule of work, 375 

Julian calendar, 212—213 

Juno, 63, 64 

Jupiter, 34, 3 5, 3 8 

Jurassic period, 182 

Kelvin, Lord, 201 
Kennely-Heaviside layer, 119 
Kepler, Johann, 10, 20—21, 370 
Kepler’s laws, 
and comets, 42 
statement of, 2 0—2 1 
Kerosene, 290 

Kew Botanical Gardens, 326 
Kilocycle, 600 
Kilowatt, 3 81 
Kilowatt-hour, 474 
Kinetic energy, 388-390 
Kinetic theory, 250—256 



690 


INDEX 


Koroseal, 356 
Krakatoa, 150 
Krypton, 266 

La Place, Pierre, 47 

Laplacian hypothesis, 47-48 

Latent heat, 236, 254, 657-658 
Latex, 

direct use, 332, 338-339 
plantation treatment, 330-332 
sponge, 338 

Lauren tian Highlands, 179 
Law, 

acceleration, 371-373 
Boyle’s, 234, 253 

conservation of energy, 390-391 

392 

electric forces, 450 
definite composition, 228 
first thermodynamic, 390-391 

393 

Gay-Lussac’s, 234, 253 * 
gravitation, 22, 370-371 
Hooke’s, 374 
inertia, 371 
interaction, 373 
Kepler’s, 20-21 
magnetic forces, 433 
musical intervals, 564-565 
planetary motion, 2 1 
reflection of light, 73, 577 * 
reflection of soimd, 551 

variation of light intensity, 638 * 
Lead, 312-313 

Leap year rule, 213 
Length, 

legal standard of, 205-206 
units of, 202-206 
Lens telescope, 71-73 
Lesser Bear constellation, 64 
Leucippus, 220 
Lever, 376 
Levierrer, Urbain, 40 
Life, 

and geological cycles, 171, 173 
essentials for maintenance of, 92- 
93 


Light, 

and gamma rays, 605-606 * 
and infra-red rays, 602-603 * 
and ultra-violet rays, 604 
and x-rays, 604-605 * 
diffraction, 575-577 
Doppler effect, 5 87 
intensity, 637-638 * 
interference, 585-587 
medium for waves, 5 94-5 9 j 
nature of, 551-595 

polarization, 587-591 * 
reflection of, 73, 577-581 
refraction of, 581-585 * 
scattering, 618-619 
speed of, 572-575 
straight line propagation, 575 
visible range, 603 
Lightning, 443, 447-448 * 
Lightning rods, 455 
Light sources, 644-647 
Light year, 23 
Lignite, 283 
Limestone, 158, 161 
Lines of force, 43 6, 43 7 
Linotype, 625-626 
Lippershey, Hans, 71 
Liquid air, 263-264 
Liquids, 232 

Lithosphere, 113-115, 131-133 
Little Dipper, 95 * 

Lockyear, Sir Norman, 8 1 
Lodestone, 427 
Logarithms, 198 

Long electromagnetic waves, 598 
599 

Long Island, 139 
Longitudinal waves, 538 
Lowell, Percival, 40 
Lowell observatory, 40 
Low-melting-point alloys, 314 
Lucite, 3 5 8 * 

Luckiesh, Matthew, 639 
Luminol, 654 
Lunar, 
craters, 100 
eclipse, 90, 106-107 * 
month, 103-104, 208 
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Lustron, 3S6 
Lyra, 64 

Machines, 

and work, 376—380 * 
simple, 376 
Magma, 131 
Magnalirun, 316 
Magnes, 427 
Magnesia, 427 
Magnetic, 
alloys, 313 

attraction and repulsion, 432—433, 
437 ^ 

declination, 431’*’ 
dip, 432 
elements, 440 
field, 436, 437 
poles, 430, 434, 437 * 
saturation, 435, 439 * 

Magnetism, 427—441 
Magnetite, 301, 427 
Magnetizing methods, 434, 437—439 
Magnetostriction, 43 5—439 
Magnitude of stars, 5 5—56 
Major geological cycle, 170 
Major triad, 566 
Malleability, 296 
Mammals, 164— 165, 181, 182 
Mammoth Cave, 138 
Manhattan District, 5 09 
Mantle rock, 133 
Marble, 132 

Marconi, Guglielmo, 13, 631 
Mars, 34, 35, 37-3 8 ♦ 

Marsh gas, 282, 291 
Mass-energy equivalence, 5 04 
Mass, legal standard of, 208 
Mass units, 206—208 
Matter, 

kinds of, 222-231 
kinetic theory of (see Kinetic 
theory) 

nature of, 218-257 
relation to heat, 243—246 
states of, 231-235 
Matma Loa, 149 
Maxwell, James Clerk, 630 


Mayan numbers, 193—194 
Meanders, 137 
Measurement, 

derived units of, 215 
fundamental units of, 202—210 
of speed of light, 573-575 * 
role in science, 201-202 
Mechanical advantage, 377—378 
Mechanical equivalent of heat, 248- 
249, 390 * 

Mendeleef, D. L., 226 
Mercury, 34, 35, 36 
Mercury- vapor lamp, 651—652 
Mergenthaler, Otto, 625 
Mesozoic era, 176, 181—182 
Messier nebula, 67 
Metallic luster, 296 
Metallurgical processes, 299-300 
Metals, 

general properties, 296—299 
historical background, 295-296 
metallurgical processes, 299—301 
Metamorphic rock, 132—133 
Meteor Crater, 45 
Meteorites, 44, 112—113 * 
Meteorological balloons, 126-127 
Meteor showers, 45 
Meteors, 43—45 
Meter, 205 *** 

Methane, 282, 287, 291, 344 
Metric system, 205 
Michelson, Albert, 83, 575 
Micron, 320 
Microscope, 

electron, 612-613 * 
invention of, 71 
optical, 611 
ultra-, 322 

Middle Ages and astronomy, 1 8 
Middle Ages and science, 9—10 
Midnight sim, 100 * 

Milky Way, 54 “*■ 

Miller, Dayton C., 564 
Millikan, R. A., 13, 491 
Mississippian period, 181 
Mississippi Biver, 13 5, 141 * 
Mixtures, 230— 231 
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Molecular theory of magnetism, 43 5- 
440 

Molecules, 288 
Monatomic gases, 229 
Monel metal, 316 
Month, lunar, 103-104 
Month names, 213 
Moon, 

and atmosphere, 100-101 
craters on, 100 
motions of, 102 
phases of, 104-105 ^ 
radar contact with, 528 ^ 
size of, 100 

temperatures on, 101-102 
Morse, Samuel B., 626 

Motion, Newton’s laws of, 371-373 
Motor, electric, 475-476 
Moulton, F, R,, 48 
Mountains, 
dome, 149 
erosional, 138 
Mount Everest, 114 
Mount Palomar telescope, 74, 78 * 
Moimt Wilson telescope, 77 
Movable type, 625 
Multiplication of Roman numbers, 
197-198 

Munters, Carl, 665 
Musical interval, 564-566 
Musical scales, 
diatonic, 565-567 
tempered, 567-568 
Music, physical basis of, 561-569 
Myopia, 609 

Napoleon HI, 310 

National Defense Research Commit- 
tee, 509 

Natural gas, 282, 291 
Nature, 

of charged and uncharged bodies, 
451-452 

of color, 613-616 
of combustion, 279 
of electricity, 448—450 
of light, 591-595 


Nature — continued 
of magnetism, 435-440 

of matter, 218-257 
Neap tides, 108 
Near-sightedness, 609 ♦ 

Nebulae, 

extra-plactic, 66-67 
galactic, 59-61 
Nebular hypothesis, 47-48 

Negative electricity, 446, 448-449 
Neolithic culture, 6 
Neolithic man, 183 
Neon, 116, 266 
Neon lights, 650-651 
Neon tube, 486 
Neoprene, 345 
Neptune, 34, 35, 40 
Neutron, 499, 502, 507 
Newcomen, Thomas, 398 
Newlands, 226 
Newton, Sir Isaac, 
and color, 613-615 * 
and law of gravitation, 2 1 
and nature of light, 3, 592-593 
and reflecting telescope, 73 
and white light, 78 
importance to science, 1 1 
Newton’s laws of motion, 369-373 
Nieuwland, Julius, 346 
Nitrogen, 116, 265 
North America in Paleozoic er; 
178 

North-seeking pole, 430 
North star, 64 
Novae, 57 

Nuclear atom, 499-503 
Number names, 189-190 
Numbers and number systems, 187 
198 

Number system bases, 190-191 
Number systems, 

Greek, 192-193 
Hindu-Arabic, 195-198 
Mayan, 193-194 
Roman, 192 

Number writing, 191-192 
Nylon, 362 
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Obliquity of the ecliptic, 97 
Occultation, 107 
Ocean temperatures, 115 
Oersted, Hans Christian, 466 
Ohio hills, 138 
Ohm, 472, 473 

Oil drop experiment, 491—493 * 
Oil froth flotation, 3 00 
Olcott, W. T., 62 
Open hearth furnace, 307 * 

Opera glasses, 610 
Optical instruments, 610-613 
Orbits, 
of comets, 42 
of planets, 21, 23 
Ordovician period, 1 80 
Organic compounds, 350 
Organic synthetics, 
drugs, 364-365 
dyes, 364 

general characteristics, 353-354 
plastics, 353-367 
raw materials for, 360-361 
Ounce, 207 
Overtones, 562-564 * 

Oxidation, 265 
Oxyacetylene torch, 293 
Oxyacetylene welding, 265, 281 
Oxygen, 
in air, 116 

in earth’s crust, 1 14 
nature and properties, 264-265 
Ozark Mountains, 179 

P-80 Plane (U.S.A.A.F.), 421 * 

Pale crepe rubber, 331 

Palrozoic era, 176, 180-181, 282 * 

Palisades of dhe Hudson River, 148 
Palm, 203 

Panning for gold, 299 
Pantheon, 94 
Parallax of stars, 81-82 ♦ 

Parsons, Charles, 403 
Particle theories of light, 592-593 
Peaiy, Admiral, 44 
Pea^ 283 

Pennsylvanian period, 181 
Pentadecane, 287 



Pentatriacontane, 287 

Pentode, 517-518 

Periodic law, 226 

Periodic table of elements, 227 

Period of waves, 542, 549, 550 * 

Perkin, William, 364 

Permalloy, 313, 317, 441 

Permeability, 440 

Permian period, 181 

Petrified wood, 162 

Petroleum, 287-288 

Pewter, 316 

Phases, 

of Mercury, 3 6 
of moon, 104-105 * 
of Venus, 19-36 * 

Photoelectric cell, 470, 518-519 
Photoelectric effect, 470, 494 * 
Photoflash lamps, 649 
Photoflood lamps, 649 
Photosphere, 26 

Physical basis of music, 560-569 
Piazzi, 41 

Picture writing, 191 
Pig iron, 304, 305 
Pin-hole camera, 576 * 

Pitch, 

and frequency, 548, 550 
and wave-length, 548-549, 550 
of musical tones, 561 
types, 566-569 

Plan Position Indicator (PPI). 524- 
525 ♦ 

Plane polarized waves, 588 
Planetary motion, laws, 21 * 
Planetesimal hypothesis, 48-49 
Planetoids, 41—42 
Planets, 

and habitability, 92-93 
distance to, 81-83 
general description, 34—41 
mass of, 86 


measurements made on, 78-86 
size of, 83-84 


table of data about, 3 5 
Plants and erosion, 141 
Plastics (see Synthetic plastics) 
Platen, Baltzar von, 665 
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Plato, 8, 592 
Pliny, 3 5 1 
Pliofilm, 342, 363 
Pluto, 34, 3 5, 40-41 
Polar Atlantic air, 126 
Polar continental air, 126 
Polaris, 64, 94-95, 96 
Polarization of light, 587-591 =*■ 
Polar Pacific air, 126 
Polaroid glass, 589-591 * 

Pole star (see Polaris) 

Polonium, 495 

Polymer, 344 

Polymerization, 356 

Polythene, 3 56 

Pope Gregory XIII, 2 1 3 

Positive electricity, 446, 448, 449 

Positron, 449 

Potential energy, 386-387 

Pound, 207, 208, 373 

Poundal, 374 

Power, 380-382 

Precession of earth’s axis, 96-97 

Precipitation and weather, 121-122 

Prehistoric earth history, 174 

Pressure, 

atmospheric, 260-261 

in gases, 233-234, 253 
Priestley, Joseph, 264, 265, 352 
Primates, 182 
Printing, 624-626 
Printing telegraph, 632-633 
Producer gas, 292 
Proterozoic era, 176, 179 
Proton, 449 

Proximity fuze, 529-532 * 
Ptolemaic universe, 18 
Ptolemy, Claudius, 9, 1 8 
Puddling furnace, 305 
Pulley, 376 

Purposes of science, 11-13 
Pyrenees, 182 
Pyrex, 3 5 2 
Pythagoras, 7-8, 556 

Quality of musical cones, 526-528 
Quaternary period, 183 
Quinine, 364 


Radar, 520-529 ^ 

Radiation of heat, 246 
Radio, 

and vacuum tubes, 513-518 
broadcast bands, 598-601 
early development, 630-632 
ultra-short waves, 601-602 
Radioactive disintegration, 156 
Radioactive elements, 498 
Radioactivity, 

and age of the earth, 91-92 
discovery of, 494-495 
nature of, 495-498 
table of elements, 498 
Radio picture transmission, 633 
Radio receiving circuit, 516 * 
Radio tubes (see Vacuum tubes) 
Radium, 131, 156, 495, 498 
Radon, 266 
Ram, 121 
Rainbow, 80 
Rainfall, 134 


Ram- jet engine, 422 * 

Ramsay, Sir William, 8 1 
Rarefaction, 546 
Rare gases, 266 
Rayon, 361 

Reaction engine, 416-424 
Receiver, telephone, 628-629 
Reciprocating motion, 401 
Reclaimed rubber, 333-334 
Rectification, 515 
Reduction, 
defined, 275 
of metallic ores, 300 
Refining of metals, 300-301 
Reflecting telescope, 73-77 
Reflection, 

of light, 73, 577-580 * 
of sound, 549-555 * 
total. 584 ^ 

Reflectors of light, 577-581 ^ 
Refracting telescope, 71-73 
Refraction, 

distinguished from diffraction, 

577 * 

of light, 581-585 ^ 
of sound, 5 5 5-5 5 6 * 
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Refrigeration, 271, 657—667 
Refrigerators, 

compressor-type, 660— 664 
gas, 664-667 
ice, 659-660 * 

Region of auroral displays, 119 
Region of meteors, 118—119 
Relative humidity, 121 
Relief-building factors, 141—151 
Relief-levelling factors, 133—141 
Reptiles, 181, 182 
Resins (see Synthetic plastics) 
Resistance, electrical, 472 
Retentivity, 440 
Retina of eye, 608 
Retrograde satellites, 46 
Reverberation, 5 51 
Reversing layer of sun, 26 
Revolution, geological, 169, 171 
Revolution of earth, 96 
Roaring Forties,” 120 
Roasting, metallurgical, 300 
Rock correlations, 

and earth history, 157—161 
limitations of, 161 
Rock formations, 157—160, 164 
Rock of Gibraltar, 133 
Rock, types of, 131—133 
Rockets, 417, 422—424 
Rocky Mountains, 131, 179, 182 
Rod, early definition, 204 
Roman calendar, 212 
Roman numbers, 192, 197—198 
Romer, Olaf, 573 
Rotation of earth, 93—95, 120 
Rotation of sun, 20, 25-26 
Rubber, 

and World War I, 327 
application, 337—341 
bearings, 339 

chemical properties, 328-329 
compounding ingredients, 3 3 2—3 3 4 
derivatives, 342 

distribution U. S. consumption, 
337 

formula for molecule, 328, 344 
kinds of crude, 331, 3 32 
nature and properties, 3 2 8-3 3 0 


Rubber — continued 
new uses, 339—341 
plantation procedure, 3 30—3 32 
physical properties, 329—330 
sources, 32 5—328 
steps in processing, 3 30—337 
structural formula, 3 50 
synthetic, 342-348 
U. S. importation, 326—327 
vulcanization, 33 3, 334—3 37 
world statistics, 326 
Rubber Reserve Corporation, 327, 
345 

Rumford, Count (Benjamin Thomp- 
son), 247, 390 
Rusting, 297 

Rutherford, Sir Ernest, 505 

Sabre-toothed tiger fossils, 162, 165 
Safety glass, 3 57"^ 

Saint Elmo’s fire, 444, 454 

San Francisco earthquake, 145, 147 

Saran, 3 56 

Saros, 106, 209 

Saturation, 

atmospheric, 121 
magnetic, 436 
Saturn, 34, 3 5, 3 8-39 
Savery, Thomas, 398 
Scales, musical, 565—569 
Scattering of light, 618-619 
Schade, James W., 339 
Science, 

and the scientific method, 1—15 
definition of, 1, 5 
derivation of word, 1 
in Middle Ages, 9—10 
purposes of, 1 1—13 
Scientific attitude, 4—5 
Scientific laws, 12—13 
Scientific method, 
analysis of, 2—5 
and early church, 9—10 
examples of application, 2-4 
historical development of, 5-11 
steps in, 2—3 

Scientific theories, 12—13 
Screen grid, 517 
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Screw, 376 * 

Seasons, 98 * 

Second of time, 210 
Sedimentary rock, 132 
Seegar’s cones, 241 
Seismograph, 147 * 

Seismology, 14 J 
Seven Metals, The, 296 
Shale formation, 158 
Short-wave radio, 601 
Siberian meteorite, 45 

Sierra Nevada Mountains, 145, 182 
Sight, 

color vision, 617 

physical basis of, 606-613 
Silicon, 114 
Silicones, 363-364 
Sill, 148 

Silurian period, 180 
Simple machines, 376 * 

Sirius, 56, 65, 209 
Slag, 305 
Slate, 132 
Sleet, 121 

Slide-valve steam engine, 402-403 * 
Smoked-sheet rubber, 332 
Smoke elimination, 324 *■ 

Smyth, H. D., 503 
Snow, 122 
Socrates, 428 

Sodium vapor lamps, 651 * 

Soft water, 272 
Soil, 133 

Solar eclipse, 105-106 * 

Solar energy, 30-3 1 
Solar prominence, 27 * 

Solar system, 

Copernican model, 19 
diagram of, 24 
general pictur&of, 22-24 
location in galaxy, 52-53 
members of, 25-45 
origin of, 45-49 
planets in, 23 
Ptolemaic model, 1 7 
scale model of, 34-36 
speed of, 24 
tiniverse beyond, 52-69 


I Solar year, 208 
Solder, 316 
Solenoid, 467 * 

Solids, 231-232 
Solution pressure, 462 
Solutions, 231 
Sound, 

beats, 557-558 * 

Doppler effect, 559-560 * 
essentials for producing, 54 
kind of waves, 545-546 
properties of waves, 547-J. 

reflection, 549-555 * 
refraction, 555-556 * 
speed in various media, 54/ 
Sounding balloon, 126-127 
South-seeking magnetic pole, - 
Span, 203 
Spark plug, 409 
Spectacles, 70 
Spectral lines, 

and distance to stars, 82-83 
and speed of stars, 85 
and water on moon, 101-lfl 
Spectroscope, 80 
Spectrum, 
absorption, 81 
and star velocities, 85 
bright-line, 80 
continuous, 80 
dark-line, 81 

electromagnetic, 598-606 
of stars, 81 
Speech, 623 
Speed, 

and acceleration, 371-372 
of light, 572-575 * 
of sound, 547-548, 550 
Spontaneous combustion, 279-; 
Spring tides, 108 
Stainless steel, 3 17 
Standard candle, 636-637 
Standard pitch, 568-569 
Star charts (see inside covers) 
directions for using, 61-62 
Stars, 

and constellations, 61-66 
cobrs of, 57, 84 
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Stars — continued 

composition of, 78—81 
distances to, 81—83 
dwarfs and giants, 5 8 
first magnitude table, %€ 

fixed, $8 

life cycle of, S7— 5 8 

magnitude definition, 5 5—5 6 

mass of, S6 

motion of, 5 8 

number in our galaxy, 5 5 

sizes of, 83—84 

speed of, 85 

temperatures of, 57, 84-85 
variable, 57 
Star trails, 94 * 

Static discharges, 454—456 
Static electricity, 443-456 
Steam engines, 397—403 * 

Steam turbine, 403—405 * 

Steel, 306-308 
Steel alloys, 314, 316 
Steinmetz, Charles, 13 
Stereotyping, 626 
Sterling silver, 316 
Stomach stones, 163 
Storage battery, 465 
Stratification of atmosphere, 116— 
119 ♦ 

Stratosphere, 117-118 * 

Structural formulae, 344 
Submergence, geological, 169, 170 
Sulfa drugs, 364 
Sun, 

and weather, 119 

as the source of energy, 30, 31, 
389-390 

physical characteristics of, 2 5—3 3 
Sunspot cycles, 28-30 
Sunspots, 20, 28-30 
Super-cooled liquid, 329 
Suspension, colloidal, 319-325 
Swann, W. F. G., 46, 251 
Symbols, chemicd, 223 
Synthetic drugs, 364-365 
Synthetic dyes, 3 64 
Synthetic fiben, 361-362 


Synthetic plastics, 
acryloids, 358-359 
de^ition, 355 
raw materials for, 360—361 
thermoplastic, 357 
thermosetting, 359 
types, 355—360 
vinyls, 356—358 
Synthetic rubber, 

and World War I, 343, 345-346 
cost, 347 

historical background, 342-346 
production outlook, 347-348 
properties and applications, 346 
Synthetics, 
definition, 350 
inorganic, 351—353 
organic, 353—367 
Synthetic soap, 365 

Taconic Mountains, 180 
Telegraph, 626—627 
Telephone, 627—630 
Telescope, 

amateur-built, 76 * 
and Galileo, 19 
examples of, 77—78 * 
historical background, 70—71 
iight-g^tkering power of, 72—74 
r^ecting, 73-77 * 
refracting, 71—73 * 

Teletype, 632 
Television, 633 
Temperature, 

and heat, 239—243 
effect on combustion, 279-280 
Temperature measurement, 
and thermocouple, 84-85 
relation to color, 84 
Temperature scales, 
absolute, 254-255 * 
centigrade, 241-242 * 
comparison of various scales, 256 * 
conversion between scales, 242 
Fahrenheit scale, 241 * 

Tempered scale, 567-568 
Terminal moraine, 139 
Tertiary period, 182 
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Tetrode, 517-518 
Thales of Miletus, 7 

Thermal-jet engine (see Turbo-jet 
engine) 

Thermocouple, 84, 240-241, 470 
Thermodynamics, 
first law of, 390-391, 393 
second law of, 392-393 
Thermoelectric effect, 470 
Thermometers, 

Galileo’s, 240 

modern types, 240-243 
Thermostat, 243 
Thomson, Sir J. J., 502 

Thompson, Benjamin (Count Rum- 
ford), 247 
Tides, 107-108 * 

Timbre, 562-564 
Time units, 208-210 
Tin, 312 
Tin foil, 316 
Tires and tubes, 337-338 
Tone, fundamental, 562 
Torricelli, Evangelista, 261 
Total reflection, 583, 584, 610 * 
Trade winds, 120 
Transfer of heat, 244-246 
Transformer, 480—481 
Transit, 107 

Transmutation, artificial, 505 
Transverse waves, 537-538, 589 * 

Tree rings, 28, 30 
Triangulation, 81 
Triassic period, 181 
Trilobites, 165, 180 
Triode, 515-517 
Tropical Gulf air, 126 
Tropopause, 117 
Troposphere, 117 * 

Trough of wave, 537 
Tubing of rubber, 334 
Tudor, Francis, 271 
Turbine, steam, 403-405 * 

Turbo-jet engine, 418-420 * 

Tuscarora Deep, 114 
Twain, Mark, 122 
Tyndall effect, 323 * 

Type metal, 314, 625 


Typhoid fever, 272 
U. S. Army Signal Corps, 528 

Ultra-microscope, 322 * 
Ultra-violet light, 604 
Unconformity, 158 * 

Units, 

based on water, 273 
derived, 215 
fundamental, 202 
of atomic weight, 223-225 
of electricity, 472, 473, 474 
of force, 373-374 
of heat, 243 
of length, 202-206 
of light, 636-638 
of mass, 206-208 
of power, 380-381 
of time, 208-210 
of work, 375 

Universe beyond the solar systen 
69 

Unpolarized waves, 588 
Uranium, 131, 156, 507-510 
Uranium X, 156 
Uranus, 34, 35, 39-40 
Ursa Major, 62-64 
Ussher, Archbishop, 155 

V-1 bomb (German), 421, 526 
V-2 bomb (German), 423 
Vacuum tubes, 513-518 * 
Valley glacier, 139 
Valleys, history of, 136-137 
Van de Graaff generator, 446 * 
Vaporization, heat of, 658 
Variable stars, 57 
Vega, 64-65, 96 
Vegetable cooking fats, 275 
Venus, 34, 35, 36-37* 

Vinylite, 356 
Vinyl polymers, 356-358 
Visible light, 603 
Vision, defects in, 609 
Vitamin D, 604 
Volcanic action, 148-151 
Volcanic belts on earth, 146 * 
Volcanic plug, 151 
Volcanoes, 149-151 
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Volt, 471-473 

Volta, Allessandro, 460 

Voltaic cell, 461-464 ^ 

Voltaic pile, 460-461 

VT fuze (see Proximity fuze) 

Vulcanism, 148-151 

Vulcanization, 

of rubber, 333, 334—337 
of synthetic elastics, 348 
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and disease, 272 
and gradation, 134—139 
as a measuring standard, 273 
as a solvent, 269 
composition, 269—271 
expansion properties, 267—268 
for drinking, 271—272 
hard and soft, 270, 272—273 
heavy, 273—274 
impurities in, 269-270 
latent heats of, 657—658 
occurrence, 266-267 
properties, 267-269 
purification, 272 
uses, 271-273 


Water-borne diseases, 272 
Water gas, 291-292 
Water table, 138 
Watt, 381, 473 
Watt, James, 399 


Wave-length, 
definition, 540 * 
of green light, 550, 587 
of red light, 587 
of sound, 548—549, 5 50 
of violet light, 587 
Wave motion, 535-542 
Wave theory of light, 593-594 


Waves, 

amplitude of, 541 
and erosion, 138 
diagram of, 539 * 
essentials for, 5 3 6—5 3 7 
frequency of, 540 
kinds of, 537-539 
length, 540 
period, 542 
sound, 545-546 
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Weather, 119-127 

Weather Bureau, United States, 123 

Weather forecasting, 122-127 

Weather map, 123 

Wedge, 376 

Week, 209 

Well-recorded earth history, 174 
Westerly wind belts, 120 
Wheel and axle, 376 
** Whispering gallery ” effect, 5 5 5 
Wickham, Henry A., 326 
William the Conqueror, 42 
Wilson cloud chamber, 496—497 
Wind and erosion, 140-141 **■ 

Wind belts, 120 
Woods metal, 314—315 
Woolworth Tower, 154 
Wooly rhinoceros, 162 
Work, 249, 374-3 80, 382 
World War U, 

and radar, 526-529 
and proximity fuze, 529-532 
and rubber, 327 
and synthetic rubber, 347 
Worm burrows, 163 
Wright, Orville, 13 
Writing, 623 
Wrought iron, 305-306 

Xenon, 266 
X-rays, 604—605 ^ 
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early definition, 203, 204 
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relation to meter, 206 
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Young-Helmholtz theory, 617 
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